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Guide for Readers 


Basic plan of the encyclopedia 

Tht* subject matter of the various disciplines or 
branches of science and technology is organized 
systematically: a general article provides a broad 
survey of the field, and a number of separate articles 
alphabetically arranged, cover its main subdivisions 
and more specific aspects. 

In general, each article begins with a definition of 
the title that states its scope and coverage. Usually, 
only the scientific or technological sense is discussed. 
Most ol the articles, after this statement, go on to 
increasingly complex and detailed considerations. A 
reader thus needs to proceed only as far as his 
inclinations and requirements dic tate. 

tiros* references guide the reader from general 
artic les to the other artic les into which the* subject 
is subdivided, and from these to artic le's on more 
highly specialized phases of the subject. I In* cross 
references - there are about 50,000 of them— are 
tainted in c apital letters so that they can be easily 
recognized. 11 v means of the cross references a 
reader may find bis way from Electrical engineer- 
ing, through Electronics and Vacua! tube, to 
Electron motion in \acclm or Electron emis- 
sion. Or, following another line of cross references, 
the reader would be led to Electric power sys- 
tems, Transmission lines. Electromagnetic 
Wave, and so on. 

Every phylum, class, and order in the plant and 
animal kingdoms is allotted a separate article. 
Many of the more common families, genet a. and 
species are covered either in one of the order 
articles or in a separate article under its own 
scientific or common name. 

There are two indexes to information in the ency- 
clopedia, both of them in Volume 15. The compre- 
hensive index, with its 100,000 entries, offers an 
analytical breakdown; the topical index groups the 
more than 7200 article titles under nearly 100 gen- 
eral headings, to enable the reader to identify 
quickly the articles in a subject area. 

Most of the longer articles contain bibliographies 
citing useful sources of further infoimatioti. For ad- 
ditional bibliographical citations, the reader should 
refer to related articles (as indicated by the cross 


teferences in the article). Bibliographies are placed 
at (lie ends of articles or sometimes at the ends of 
major sections in long articles.' 

A list of initials and names of the contributors to 
the encyclopedia is to be found in Volume 15. This 
list w ill permit quick identification of a contribu- 
tor's initials after an article. Immediately following 
this list is a second list of encyclopedia contributors 
with their affiliations and the titles of articles each 
has written for the encyclopedia. 

How titles are alphabetized 

Words used as titles are, wherever possible, given 
in the singular to permit a consistent alphabetic 
arrangement. Titles are alphabetized by word and 
not by letter: for example. 

Earth sciences 
Earth tides 
Earthmover 
Earthquake 

A word used as a noun precedes the same word used 
adjectivally ; thus. 

Mercury (element) 

Mercury (planet) 

Mercury battery 

01 - 

Circuit* electronic 
Circuit breaker 

Hyphened terms are alphabetized as single words: 
for example. 

Animal virus 
Animal-feed composition 

' r Electric” and "electrical” 

The adjectives electric and electrical are used in 
the following senses. Electric— -containing, produc- 
ing, arising from, actuated by, or carrying electric- 
ity. or capable of doing so; as, for instance, electric 
generator, electric motor, electric wiring. Electrical 
—related to, pertaining to, or associated with elec- 
tricity, hut not having its properties or character- 
istics; as, for example, electrical code, electrical 
engineering. 
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Nailing 

'Hie driving of nails in a manner that will position 
and hold two or more members, usually of wood, in 
a desired relationship to each other. The contact 
pressures between the surfaces of the nails and the 
surrounding wood fibers hold the nails in position. 

Strength Of a nailed joint. Factors that deter- 
mine the strength and efficiency of a nailed joint 
are ( 1) the type of wood; (2) the nail used; (3) 
the conditions under which the nailed joint is 
used; and (4) the number of nails. 

In general, hard, dense woods hold nails better 
than soft woods. Tin 4 better the resistance of a 
nail to direct withdrawal from a piece of wood, the 
tighter the joint will remain. Nails driven into 
green wood tend to loosen slightly as the wood 
dries and shrinks. In seasoned material the resist- 
ance to withdrawal diminishes only slightly with 
lime, unless moisture affects the wood. Withdrawal 
resistance is always higher when nails are driven 
into the side grain than when into the end grain, 
because the lighter woods do not usually split as 
teadily as the denser ones, more ami larger nails 
can he used to offset the poorer nail-holding prop- 
erties of the former. Hardwoods are more difficult 
to nail; they are sometimes used grem or with 
holes drilled lor nailing, to prevent split* mg. 

The surface condition of a nail affects its hold 
ing ability. The withdrawal resistance of a common 
nail increases directly with the distance it pene- 
trates into the wood and increases almost directly 
with its surface area. \ rusty nail mav offer mote 
resistance to withdrawal than a smooth one 
Means to increase withdrawal resistance. To 
increase resistance to withdrawal or loosening, 
nails may he coated, etched, spirally grooved, an- 
nuiarly grooved, or barbed, as illustrated. Grooved 
nails tend to hold w r ell despite a change in moisture 
content. Coated nails usually provide a greater in- 
crease in withdrawal resistance when used in softer 
woods than when used in the denser woods. The 
increase in withdrawal resistance tends* to decrease, 
however, with time. 

In most cases, nails driven on a slant have more 
withdrawal resistance than nails driven straight 
into the wood. Tf a slant-driven nail is pulled in a 
direction which is at right angles to the surface, 
considerable resistance is encountered from the 
wood fibers on the pressure side. The nail may also 
progressively bend as it is pulled out. Both of these 
factors seem to offer continued holding power, even 
though the wood fibers are not gripping the entire 


surface of the nail. Nails slunt-driven into the end 
grain of wood seem to gain proportionately more 
withdrawal resistance than those slant-driven into 
the .side grain. 

When members of a nailed joint tend to separate 
sideways, the nails are subjected to side loads. In 
this ease doubling the diameter of the nail in- 
creases its lateral load rapacity by nearly three 
times. This is true, however, only if the nail point 
has been d liven a suitable distance into the piece 
receiving it. 

Blunt- pointed nails are often used to prevent the 
wood from splitting. Using nails of a smaller diam- 
eter also tends to prevent splitting hut requires a 


spiral-thrended insulated 
siding face nail 



annular-ring gypsum board 
drywall nail 


asbestos shingle 1 annular-ring 
nails j spiral-threaded 

jgSSSS 

annular-ring plywood roofing noil 
for applying wood or asphalt 
shingles over plywood sheuthing 


annular-ring plywood siding nail 
for applying asbestos shingles and 
shakes o^er plywood sheathing 

— 

spiral-threaded casing head wood 
siding nail 



annular-ring roofing nail 

for asphalt shingles and shakes 


spiral-threaded roofing nail foi 
asphalt shingles and shakes 


annular-ring roofing nail with 
neoprene washer 


spiral-threaded roofing nail with 
neoprene washer 

N— 

insulated siding nail 

fr-==» 

gypsum lath nail 

» mm ■ > 

wood shake nail 


wood shingle nail 


roofing nail 

|f 

general purpose finish nail 

rr 

sinker head wood siding nail 



casing head wood siding nail 


Bbbbc . * 


Special- and general-purpose nails. 




2 Naphtha 

greater number of nails per joint. Beeswax is some- 
times applied to nail points to make them drive 
more easily, but it also reduces the holding power 
of the nail. .See Woodworking. | a.t.1 

Naphtha 

Any one of a wide variety of volatile hydrocarbon 
mixtures. They are sometimes obtained from coal 
tar but are more often derived from petroleum. 
Physical properties vary widely. The initial boiling 
point may be as low as HOT, and end points may 
reach SOOT. Boiling ranges are sometimes as nar- 
row as 20° or as wide as 200°. 

The main process for producing naphthas is 
fractional distillation. It may be of the extractive 
type when certain high-quality naphthas are de- 
sired. Acid treating, clay ti eating, and other tech- 
niques remove sulfur compounds and improve 
color, odor, and .stability. 

Strictly speaking, the refinery streams going into 
products like gasoline and kerosino are naphthas, 
and they are so designated within the petroleum in- 
dustry. The final blended fuels, however, are sold 
under the more familiar names. The products sold 
as naphthas find their greatest use as solvents, thin 
tiers, or carriers. 

Pew naphthas are made up entirely of hydrocar- 
bons belonging to one parliculat family. There is a 
faith sharp differentiation, however, between ali- 
phatic and aromatic types. 

Aliphatic naphthas are relatively low in odor and 
toxicity and tend, also, to he low in solvent power, 
which in some cases is an advantage. In the proc- 
essing of soybeans, for example, the aim is to ex- 
tract the oil without extracting the less desirable 
materials. Naphthas used by dry cleaners likewise 
require only moderate solvent power. In printing 
ink. the naphtha is mainly a carrier of the carbon 
black or other pigments; resins requiring a solvent 
are present in only minor amounts. 

The aromatic naphthas, often described as the 
“high-solvency” type, at one time came entirely 
from coal tar. The development of catalytic crack- 
ing and catalytic reforming made petroleum an al- 
ternative source. The main components are toluene 
and xylenes; benzene is less desirable because of 
the extreme toxicity of its vapors. A major use of 
these naphthas is as thinners for paints and var- 
nishes. to permit easy brushing. Both varnishes and 
enamels contain large amounts of gums and resins, 
and diluents with good solvent action are therefore 
needed. 

The rubber industry also uses naphthas as sol- 
vents. The leather industry uses them to degrease 
skins, the metal industry to degrease metals. Naph- 
thas in insecticides and weed-killers dissolve the 
toxic agents and often contribute toxic properties 
of their own. Floor waxes, furniture waxes, shoe 
polishes, metal polishes, and dry cleaners' soaps 
are among the many other products in which naph- 
thas are used. Sec Petroleum products; Pe- 
troleum REPINING. [j.K.R.l 


Naphthalene 

A colorless crystalline aromatic hydrocarbon 
(Ciollx) with the familiar odor of moth balls, 
melting point 80.1°, boiling point 218°C. It is al- 
most insoluble in water but soluble in nearly all 
organic solvents. Structurally it is best represented 
as two benzenoid rings fused together (la). In the 
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m (la) (I C) 

naming of naphthalene derivatives, numbers are 
most frequently used (la) especially for di- and 
polysuhstituted compounds, hut the use of a for 
position 1 and ft for position 2 is still encountered. 

Occurrence. One gallon of coal tar yields ap- 
proximately one pound of naphthalene. It is pres- 
ent also in certain petroleum fractions which have 
been subjected to cracking, blit separation of the 
naphthalene is not economically justified at pres- 
ent. Crude naphthalene contains a small quantity 
of sulfur which can be removed bv distilling the 
crude hydrocarbon from sodium metal. Thia naph- 
thalene (CkHijS) may be removed from naphtha- 
lene 1>\ preferential ehlorinalion. 

Reactions. Naphthalene is considered less aro- 
matic than benzene since it is more easily reduced 
and oxidized, and it shows a greater tendency to 
rea<^ bv addition. Substitution reaction* occur 
much more rapidly with naphthalene than with 
benzene. With sodium in boiling absolute ethanol, 
it yields 1. 1-dihvdronaphthalene. while with so- 
dium in boiling amyl alcohol, it affords 1, 2,3.4- 
tetrahydronaphlhalene (tetralin). Oxidation of 
naphthalene with chromic acid yields some 1.4- 
naphthoquinone (II) while vapor-phase air oxida- 



tion over a vanadium pentoxide catalyst yields 
phthalic anhydride (III), which is important in 
the manufacture of glyptal resins. 

The <y positions of the naphthalene nucleus are 
more reactive than the corresponding ft positions. 
Nitration yields 1-nitronaphthalene almost free of 
the 2-nitro isomer. Halogenation in the presence 
of a catalyst yields the 1-halonaphthalene. Without 
a catalyst, chlorination occurs by addition, yield- 
ing, 1, 2,3, 4-tetrach loro- 1,2,3,4-tetrahydronaphtha- 
lene. Sulfonation with concentrated sulfuric acid at 
low temperatures yields naphthalene-l-sulfonic 
acid, while at high temperatures, naphthalene-2- 
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sulfonic acid (CioHySO.jH) is obtained. The Frie- 
del-Crafts reaction occurs readily, usually afford- 
ing mixtures of 1- and 2-suhstituted naphthalenes. 

Bond Structure. Naphthalene has been stated to 
be a resonance hybrid of 42 canonical forms and 
of these, the three unexcited states are represented 
by (Iff ), (I/>). and (Ir). The Erlenmeyer formula 
tla) is commonly used for naphthalene since it 
clearly indicates which of the peripheral bonds 
have the greatest double-bond character. As would 
he predicted from the Krlenrneyer formula, 2-naph- 
thoi (IV) is activated at position I. blit not at posi- 
tion 3. 

Uses. In 1037. 313.000,000 lb of naphthalene 
was consumed, with 82 c 7 f being converted to 
phthalic anhydride. Aside from 2< !■ used in the 
manufacture of moth halls, the remainder was 
concerted to naphthalene compounds which are 
lift'd as dye intermediates, tanning agents, and 
surface-active agents. See Aromatic, hydrocar- 
bon; Polynuclear hyuwm akhon. |l.k.ll] 

Naphthol 

One of those phenols that have a hydroxvl group 
bound direct I v to a naphthalene ring system of car- 
bon atoms. Two simple naphthols arc known: 1- 
(or tr - ) naphthol and 2-(or ft - 1 naphthol. The fnr- 
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2- (or fl -) Naphthol 

mulas show the numbers assigned to the carbon 
atoms of the ring system. These numbers are used 
to locate other atoms or atomic groups that are 
present in more complex naphthols. Both or- and ft- 
naphthols are produced by fusion of the corre- 
sponding naphthalene sulfonates with caustic soda. 
The naphthols are used as intermediates from 
which dyes are made. The demand is chiefly for 
^-naphthol, so that about 50 times more /?• than 
a-naphthol is produced commercially. See Phenol. 

[r.b.c.J 


Naphthylamine 

One of two organic chemical compounds, nearly 
insoluble in water, that are used to make various 
sulfonic acid derivatives to serve as coupling com- 
ponents for azo dye intermediates. 

NH,. 

-NH* 

a-Naph t hvlamin c , $-N aph th y la tn ine, 

melting point 5l°C melting point 1 12°C 

nr- Naphthylamine is obtained hv the reduction 
of n-iiitronaphthalcfie. /?-Naphthylamine is manu- 
factured by heating /^-naphthol in an autoclave 
with a solution of ammonia and ammonium sulfite 
(Buchcrer process). The naphlhvlamines resem- 
ble aniline in their properties. 

Heating the sulfate salt of o-naphthylamine 
yields l-naphthylamine-4-suhdnic acid (naphthi- 
onic acid t in analog\ to aniline sulfate (see Src- 
ka.mlk acid). Bucherer’s reaction with sodium 
hydrogen sulfite and sodium hydroxide leads to 1- 
uaphthol-1. sulfonic acid ( Neville Winter acid). By 
sul lonation of naphthalene, followed by nitration 
and reduction of the corresponding nitronaphtha- 
lene-sulfonic acids, two other a« ids are obtained: 
J-naphthv lamine-6-suJ Ionic acid {Cleve's acid) and 
1-nuphthv laminc-7-sulfonic acid. 

From p oaphthylamine by various sulfonution 
and hydrolysis reactions, the following d>e inter- 
mediates result: 2-naphth) lainine-l-sulfonic acid 
('robin's acid ), 2 haplithylamine-f>,8-disulfonic 

acid. 2-naphthylainine-l,5,7-tiisulfonic acid, 2- 
riaphthyJaniine -5,7-disulfonir arid. 2-naphthyJa- 
minc-8-hydroxy-6-siilfonic acid (y-acid). 2-naph- 
th> lainine-5-hydroxy-7-sulfonic acid (J-acid). 

or- Naphthylamine is used to make an effective rat 
poison. l-( 1-naphthyl )-2-lhiouu a, sold as ANTU. 

/^-Naphthylamine is an extremely potent carcino- 
gcn. and is no longer available commercially. See 
Amine; Aniline; Diazoti/ation. [l.b.c.I 

Bibliography: L. F. Fieser and \1. Fieser, Or- 
ganic Chemistry , 3d ed., 1956: H. A. Lubs, 77ie 
Chemistry of Synthetic Dyes and Pigments , 1955: 
K. Venkatararnan, The Chemistry of Synthetic 
Dyes , 2 vols., 1952. 

Narcotic 

Any drug which will induce sleep or coma and 
which will alleviate pain. The oldest of these are 
probably opium and some of its derivatives, origi- 
nating from the dried juices of the poppy seed. 
Other derivatives in common use include morphine, 
paregoric, and codeine. In the United States, the 
Harrison Narcotics Law and its amendments regu- 
late the importation, manufacture, sale, and use of 
opium, cocaine, and all their compounds and deriva- 
tives or related synthetics. A partial list of drugs 
considered under the Harrison Act follows. 
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Native elements 


Extract of opium 

Pantopon 

Bemidone 

Powdered opium 

Dilaudid 

Metopon 

Ipecac and opium 

Narcofine 

Nisentil 

Tincture of opium 

Papaverine 

Cocaine 

Morphine 

Apomorphine 

Tropacaine 

Magendie's solution 

Meperidine 

Holacaine 

Codeine 

Methadone 

Eucaine 

Codeonal 

Stypticin 

Dromoran 

Heroin 

Styptol 


Dionine 

Demerol 


New synthetics are 

added to the list 

as they ap- 

pear. In addition to 

several Federal 

laws. many 


states have passed legislation to cover particular 
drugs, or to extend the regulation under Federal 
controls. These were especially aimed at the bar- 
biturates and marijuana, both of which present 
problems in abuse, particularly in large metro- 
politan areas. 

It is estimated that there are between 60,000 and 
100,000 drug addicts in the United States, although 
the basis for such figures is open to question. 

Although a relatively small percentage of per- 
sons become addicted as a result of prolonged drug 
therapy during illnesses, by far the greater propor- 
tion become addicted through illicit means. Addic- 
tion implies a defective personality in the vast ma- 
jority of oases, so that an insecure individual turns 
to drugs to alleviate real or imagined conditions of 
psychic stress. 

The continued use of narcotics is marked by an 
increasing tolerance to their effects and hy physical 
dependence upon the drugs to prevent the symp- 
toms of withdrawal. The tolerance often produces 
fantastic requirements of a particular drug in or- 
der for the desired sensations to be elicited. The 
social significance lies not only in the drug addic- 
tion itself, but in the increasing costs of the habit. 
Invariably, normal employment will not support 
these costs and therefore some form of crime is 
resorted to in an attempt to meet the high costs. 

The symptoms of chronic drug addiction may be 
illustrated by those produced by morphine. Nau- 
sea, vomiting, sweating, itching, and pallor are 
commonplace in the early stages. There is a de- 
crease in appetite and, despite common belief, the 
sexual drive and ability are lessened. Mental states 
of confusion, disorientation, and hallucinations 
may occur, and daydrearning or fantasy is com- 
monplace. Chronic constipation, with or without 
bouts of diarrhea, constriction of the pupils, and 
vasomotor reactions mark the progress of addic- 
tion. 

Withdrawal symptoms are the dreaded result of 
inability to obtain more narcotic. The patient’s en- 
tire body must adjust to the deprivation. Acute de- 
pression, insomnia, severe cramps and muscular 
pains, trembling, extreme sweating, and many other 
general and local symptoms appear. 

Treatment for drug addiction requires a great 
deal of specialized attention. Psychotherapy must 
be combined with substitution of less-toxic prepa- 


rations so as to minimize the withdrawal symptoms, 
although many authorities believe in the efficacy of 
abrupt withdrawal of all narcotics. Follow-up of 
cases is most important, since psychic factors are 
ordinarily at the root of the individual’s addiction. 
In the United States, two Federal sanitariums for 
drug addicts are maintained, at Lexington, Ken- 
tucky, and Fort Worth, Texas. In addition, there 
arc numerous state and private institutions which 
are equipped to treat the narcotics addict. See 
Headache; Pain, cutaneous; Pain. deep. 

| EX. ST. | 

Native elements 

Those elements which occur in nature uncombined 
with other elements. Aside from the free gases of 
the atmosphere there are about 20 elements that 
are found as minerals in the native state. These are 
divided into metals, seniimrtals and nonmetals. 
Cold, silver, copper, and platinum are the most 
important metals and each of these has been found 
abundantly enough at certain localities to he mined 
as an ore. Native gold and platinum are the major 
ore minerals of these metals. Rarer native metals 
are others of the platinum group, lead, mercury, 
tantalum, tin, and zinc. Native iron is found spar- 
ingly both as terrestrial iron and* meteoric iron. 
See Oke and mineral deposits. 

The native seinimctals can he divided into 
( 1 ) the arsenic group, including arsenic, antimony 
and bismuth; and (2) the tellurium group, includ- 
ing tellurium and selenium. The members of the 
arsenic group crystallize in the hexagonal system, 
scalenohedral class; those of the tellurium group 
in the hexagonal system, trigonal trapezohedral 
class. Only rarely do the semimetals occur abun- 
dantly enough to he mined as ores of their respec- 
tive elements. .See Mineralogy. 

The native nonmetals are sulfur, and carhon in 
the forms of graphite and diamond. Native sulfur is 
the chief industrial source of that element. 

[C.S.HU.J 

Natrolite 

A fibrous or needlelike mineral belonging to the 
zeolite family of silicates. It crystallizes in the 
monoclinic system in pseudo-orthorhombic pris- 
matic crystals which are often acicular. Most com- 
monly it is found in radiating fibrous aggregates. 
There is perfect prismatic cleavage, the hardness 
is 5--5V6 on Mohs scale, and the specific gravity is 
2.2S. The mineral is white or colorless with a vit- 
reous luster that inclines to pearly in fibrous vari- 
eties. The chemical composition is Na a (Al-Si ; ,Oio) • 
2HaO but some potassium is usually present sub- 
stituting for sodium. 

Natrolite is a secondary mineral (low-tempera- 
ture hydrothermal mineral) found lining cavities 
in -basaltic rocks, where it is associated with other 
zeolites, calcite, apophyllite, and prehnite. Its out- 
standing locality in the United States is at Bergen 
Hill, New Jersey. See Zeolite. c.s.hii.] 
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Natural gas 

Inflammable gas that occurs in porous rock of the 
earth’s crust and is found with or near accumula- 
tions of crude oil. Being in gaseous form, it may 
occur alone in separate reservoirs. More commonly 
it forms a gas cap or mass of gas entrapped be- 
tween liquid petroleum and impervious capping 
rock layer in a petroleum reservoir. Under condi- 
tions of greater pressure it is intimately mixed 
with, or dissolved in, crude oil. 

Composition. Typical natural gas consists of 
hydrocarbons having a very low boiling point. 
Methane (CH*K the fundamental member of the 
methane series, with a boiling point of - 254° F, 
makes up approximately 85% of the typical gas. 
Ftliane (CjH«), with a boiling point of — 128°F, 
is likely to be present in amounts up to 10 % : and 
propane (CmH*L with a boiling point of — 44°F. 
up to 3%. Butane (CiHioL pentane (C,',Hi 2 ), 
hexane, heptane, and octane may be present. 
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Whereas normal hydrocarbons having 5 -JO carbon 
atoms are liquids at ordinary temperaturesS, these 
paraffins of higher molecular weight are present in 
vapor form. Impurities present in considerable 
amounts are carbon dioxide, nitrogen. Indium, and 
hvdrogen sulfide. 

Types of natural gas vary according to . mn posi- 
tion to result in a dry or lean (mostly methane) 
gas, wet gas (considerable amounts of so-called 
higher hydrocarbons), sour gas (much hydrogen 
sulfide ). sweet gas ( little hydrogen sulfide ) , residue 
gas (higher paraffins having been extracted), and 
casinghead gas (derived from an oil well by extrac- 
tion at the surface). Nearly all natural gas is in- 
flammable. It has no distinct odor. Its main use is 
for fuel, but it is also used to make carbon black, 
natural gasoline, liquefied petroleum gas. and cer- 
tain chemicals. .See Pftrolkum products. 

Distribution and reserves. Gas occurs on every 
continent. Wherever oil has been found a certain 
amount of natural gas is also present. In produc- 
tion and known reserves the United States stands 
first among the nations. Six states account for more 
than 90% of the known reserves (Texas, Louisiana, 


Natural gas 

New Mexico, Kansas, Oklahoma, and California). 
Among these Texas has 47%. of the total with 
115 X 10' 2 ft 3 , whereas Louisiana ranks second 
with 19% or 46 X 10 12 ft 3 . The estimated known 
reserves in the United States at the end of 1957 
were 240 X 10 12 ft 3 . Consumption in the United 
States in 1957 was 10.279,775,000,000 cubic feet. 
The annual rate of finding new reserves in the 
United States is about 12 X 10 J2 ft 3 . New reserves 
are being discovered in western Canada at a rapid 
rate and the total ultimately will be very great. 

In estimating gas reserves the volumetric method 
is preferred. The volume of the reservoir is deter- 
mined by means of the thickness, porosity, and 
permeability of the producing zones. A study of 
many depleted fields suggests that about 85%. of 
all gas in dry-gas reservoir- is recovered. Some 
engineers use the production versus pressure-de- 
cline method. They calculate future production by 
plotting pa^t production against the decline in 
reservoir pressure. 

In California 75% of the gUs is associated with 
oil. hut in West Texas the percentage is even 
higher. In southern Texas the percentage is also 
high. By contrast, the percentage figure for the 
United Slates as a whole is only 30% . This means 
that a large proportion of the reserves is stored in 
Mich dry-gas fields as the Hugoton (in Kansas and 
adjacent Oklahoma and Texas) ; the Monroe (in 
Louisiana): and t he Carthage (in northeastern 
Texas). In western Canada some of the large gas 
pools are ?!.«• Pincher Creek, the Waterton, and the 
Jumping Pound pools. The largest dissolved-gas 
area in the United States lies along the Gulf Coast 
of Texas and Louisiana It contains about 35% of 
the total known reserves. Offshore drilling in the 
waters of the Gulf will add considerably to these 
reserves. In an average year, slightly over 97% of 
the gu* produced is marketed, while 1.5% is used 
for repressuring. and 0.8% is vented or wasted. In 
earlier years a much larger percentage was piped 
away from oil fields and burned. 

Geological associations. Natural gas is present 
in every system of rocks down to the Cambrian. 
The first gas deposits found in the United States 
were those in the eastern slates. In New York and 
Pennsylvania 85% of the gas came from Devonian 
rocks. In West Virginia, Kentucky, and eastern 
Ohio. Devonian and Mississippian rocks rank nearly 
equal, but Silurian rocks are also important. In 
Indiana and Illinois. Pennsylvanian rocks outrank 
the Mississippian. The Hugoton field in Kansas is 
one of the largest in the world. Here Permian 
dolomites produce gas from five different levels. 
The fact that oil is found lower down in Pennsyl- 
vanian and older rocks proves the superior migra- 
tory capacity of gas. Up to the end of 1957 the 
Kansu* portion of this field had produced about 
4.5 X 10'“ ft 3 . One notable fact about the field is 
the high percentage of nitrogen (almost 15% ). The 
Hugoton producing area extends across the Okla- 
homa Panhandle and almost across the Texas Pan- 
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handle, but the Kansas portion contains over 50% 
of the avaiJable gas. 

The stare of Oklahoma and the western part of 
Texas have gas in many stratigraphic zones, from 
the Permian down to the Cambrian. Most of it is 
associated with crude oil, either in solution or in 
the form of gas-cap accumulations. The Carthage 
pool is in northeastern Texas. Here 10 different 
layers in the Trinity division of the Cretaceous 
system have been found productive. The cumula- 
tive total production to the end of 1057 was some- 
what over 5 X H) 1 - ft 3 . During 1956 gas production 
in the whole state* of Texas was about 6 X 10 1L ’ ft 3 . 
Of this amount two-thirds was gas-well gas and one- 
third casinghead gas. Four-fifths was used as fuel 
(either on the lease or in transmission lines) and 
for the making of curiam black. Cretaceous rocks 
are the principal reservoir rock in northern Loui- 
siana and in Mississippi. The large Monroe dry-gas 
field in northeastern Louisiana had produced about 
5.5 X l() rj ft 1 up to the close of 1957. Throughout 
the Rocky Mountain states various layers in the 
Cretaceous system account for most of the gas. 
There are manv dry-gas pools. Outstanding in im- 
portance are the Blanco (northwestern New 
Mexico), the Baxter Basin (southwestern Wyo- 
ming), and the Cedar Creek (southeastern Mon- 
tana). In California gas production is derived Irom 
various layers in the Tertiary system. Although 
about three-fourths of the gas is associated with oil 
reservoirs, there arc a number of dry-gas fields. The 
largest is the Trico field in San Joaquin basin. 
This field pioduced 9 X KV* ft ' during 1957. 

Related products and problems. A method has 
now been perfected to change* methane into liquid 
form. This means that the Middle Fast with its 
vast potential can send out tanker loads of lique- 
fied methane to all parts of the world to compete 
with other forms of mineral fuel. Such impending 
development demands a reappraisal of all natural 
gas resources. 

Helium, the most valuable by-product of natural 
gas, has been found in some pools. The Rattle- 
snake pool in New Mexico contains 7.5%, the 
highest found by 1958. Reserves in New Mexico 
total about 1 x 10 ! * ft \ those in Oklahoma about 
10 X 10 ! \ and those in Texas about 2 X 10 9 . See 
Mineral fuel arf.as; Petroleum; Petroleum 
GEOLOGY. [w.A.V.W.J 

Bibliography: R. L. Huntington, Natural Gas and 
Natural Gasoline , McGraw-Hill, 1950; Fuel , U.S. 
Bur. Mines Minerals Yearbook 1957, vol. 2, 1959. 


The modern Nautical Almanac tabulates Green- 
wich hour angle and declination of the Sun, Moon, 
Venus. Mars. Jupiter, and Saturn, for every hour of 
the year, and the sidereal hour angle and declina- 
tion of about 60 stars for every third day (.see As- 
tronomical coordinate systems). Also given are 
times of sunrise, sunset, moon rise, moonset, and 
twilight, with other astronomical phenomena. 

A similar publication is especially designed to 
facilitate air navigation. See Air Almanac; see 
also Ephemeris. [g.m.c.J 

Nautiloidea 

An order of the tetrahranchiate ccphalopods con- 
sidered to ho the most primitive o! the class. The 
shells are straight or coiled and chambered with 
curved transverse septa; they have .simple sutures 
and simple exterior sculpture. There are about 300 
genera and more than 2500 species. The first rec- 
ords are from the Upper Cambrian. The group 
reached its zenith in the Ordovician and had largclv 
disappeared b> the Trias-dc. The sole living genus. 
Nautilus (see illustration), is represented in nmd- 



The pearly nautilus. Nautilus pompilius. (a) External 
features. Shell to 10 in. in diameter, (b) Internal struc- 
ture; shell and mantle (except at siphon) cut away to 
midline; jaws, tongue, and radula shown in median 
section; two left gills removed. ( From T. I. Storer and 
R. L. Usinger, General Zoology , 3d ed., McGraw-Hill, 
1957) 

ern seas by six species all occurring in tropical re- 
gions of the I ndo- Pacific where they live in depths 
of around 500 ft. It has four gills, four kidneys, 
numerous suckerless retractile tentacles and a fun- 
nel formed of two contiguous flaps. The shell is ex- 
ternal, smooth and coiled, and »s sold commercially. 
See Cephalopoda; Tetkarranchia. 

[c.l.v.] 


Nautical Almanac Nautilus 

A book published annually by the governments of The sole surviving genus of the family Nautilidae, 

the principal maritime nations, in the United States class Cephalopoda, phylum Mollusea. There are 

beginning m 1855, containing the astronomical about 2500 fossil species dating from the Cambrian 

data required for navigation by observations of geologic period to the Recent. Among living forms 

celestial objects. With the aid of the volume, a only one species is well known. Nautilus pompilius % 

sextant, and knowledge of Greenwich mean time, a the chambered or pearl nautilus. Howevei, various 

navigator can find his latitude and longitude, fix- authorities recognize from one to five additional 

ing his position within 1--2 miles (.see Navigation). living species. 



The chambered nautilus is one of the best known 
and most unusual of marine animals. The shell of 
this animal is highly prized as an ornament and 
souvenir. The shells are also in some demand for 
the high quality of their mother-of-pearl, and some 
of the finest cameos are cut from nautilus shells. 

In the Philippines, where the animal abounds, it is 
used for food. 

This species and the argonaut, or paper nautilus, 
are the only two eephalopods with an external 
shell: however, their shells are quite different in 
nature. The shell of the chambered nautilus is a 
flat spiral, yellowish in color, and marked with 
cross bands of brown. Inside it is brilliant pearl. 
Removal of the outer laver with acid re\ealx the 
rest of the shell to be pearly throughout. In the 
adult ihe shell has two and one-half coils. Cross 
septa (walls) mark the shell cavity off into cham- 
bers of gradually increasing si/e. but all except 
the outer one are relatively small. The adult meas- 
ures 4--6 in. in diameter. 

The animal lives in the outer chamber. The adult 
is about the size of a man's fist. There are two 
strong jaws on the conical head and about 100 
tentacles arranged in four groups. The eves are 
dark, simple, large, and lateral. The animal i* 
white with some brown and yellow markings. Its 
anatoinv much like that of the squid. 

The chambered nautilus is found throughout the 
o- ranic depths, but is most abundant in the tropical 
seas bordering the Fiji Islands, the Philippines, 
Now Hebrides, and New Caledonia. 

Contrary to popular opinion, the nautilus does 
n,*t normally float at the surface, hut is a bottom- 
dweller, foraging along the bottom for crabs which 
it chases with some agility. Specimens floating at or 
near the surface are usually dead or d ing. Ihev 
a re readily trapped in bamboo traps hailed with 
crab meat and set on the bottom of the sea. Details 
of their life history are unknown. 

The argonaut. Argonaut a nr go, of the family 
Argonautidae. is often called the paper nautilus, 
although it is related only distant 1> to the true 
nautilus. It is 4—8 in. across, wdth a double-keeled, 
ship-shaped, thin shell which is porcellaneous and 
whitish tinged with yellow. This shell is not se- 
creted by the mantle, as are those of all other 
shelled Mollusca, but rather bv the specialized, 
broad ends of the two dorsal arms. It is not other- 
wise attached to the body, and thus is not a true 
shell, but an egg cradle. Only the females are 
shelled. The males are virtually typical octopi. 
about an inch long, with eight arms, on/? of which is 
specialized to carry the sperm. When sperm is 
mature, mating consists of a brief union of the 
male and female at which time the sperm-filled 
arm is broken off and left in the mantle of the fe- 
male. The egg mass, appearing like a cluster of 
grapes, remains in the cradle until the hatching 
young swim away. 

The argonaut, named after the Argonauts who, 
with Jason, sought the fabled Golden Fleece, lives 
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in all tropical and warm seas. The family Argo- 
nautidae is now placed in the suborder Octopoda. 
There are five living species, but only Argonauta 
argo is well known. .See Cephalopoda; Octoimis: 
SuUID. fj.D.B. ) 

Naval architecture 

The science that determines the physical charac- 
teristics of buoyant structures which operate in wa- 
ter. These struct tire*-- are classified as ships, boats, 
submarines, barges, floats, and so forth, depending 
upon their intended s* rviec. 

Naval architect me has lagged behind other 
sciences because it D not an exact science suscepti- 
ble to precise mathematical treatment. It should 
actually he considered an art with scientific foun- 
dations rather than as a science. Much of naval 
architecture is based on a great fund of knowledge 
which has been accumulated from ages of practical 
experience. This knowledge is utilized mainly as 
an art rather than a sc ience since many of the prob- 
lems concerning the performance of ships are de- 
cided einpiricallv from experience, rather than by 
precis^ scientific information. 

Naval architecture generally’ pertains to the de- 
sign and construction of ships, both large and 
small, which meet military, commerc ial, and soc ial 
requirements. It is concerned with the ship as a 
whole rather than with a single spec ific- part which 
is carried in a ship, either as c argo or a component 
suc h a« the propulsion machineiy, and includes the 
whole p}<«hlcm of the? si/e. form, power, and 
strength of the ship. It includes also the economics 
and efficiency of performance, the determination 
of suitable ship dime nsions, and the safety and 
comfort of the crew and passengers 

Naval architecture requires that the designer 
possess creative imagination as well a«- technical 
skill. The naval architect is responsible foi the ship 
as a complete entity and should therefore be famil- 
iar with all that pertains to a -hip. This requires 
knowledge concerning marine engineering; speed 
and propulsion: electrical engineering; hydrody- 
namics: the loading of cargo ships: the regulations 
of the various governmental agencies concerned 
with the operation and safety of ships; tire classi- 
fication societies concerned with the strength and 
insurability of ships and their cargo, structure, 
freeboard, and equipment: and a thorough knowl- 
edge of the? practical work of the shipyard. See 
Dkydocking; Hydrofoil c.kavt; Inland water- 
ways transportation; Landing ships and craft; 
Ship, merchant; Ship, naval: Ship design; Ship- 
building; Submarine; .see also Marine engineer- 
ing. [.J.C.N.] 

Naval meteorology 

The study of meteorology as it applies to opera- 
tions at sea. Developments and contributions in 
this field have led to several outstanding achieve- 
ments, among them wave forecasting, more efficient 
use of radar and sonar at sea, better forecasting of 
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hurricanes and tropical storms, and systems for 
routing ships that have resulted in quicker ocean 
travel. See Aerology; Meteorology. 

Wave forecasting. Meteorologists now regularly 
study wind data and the marine field (fetch) over 
which the wind blows to forecast the height, pe- 
riod, wave length, and decay period of ocean 
waves. This information is widely used by the U.S. 
Navy in amphibious and supply operations. 

Two situations from World War II will illustrate. 
The beaches of Normandy have slopes with about 
1 ft of rise for 100 ft or more of beach. A 6-ft 
wave breaking in 8 ft of water would dissipate its 
energy over 800 ft of beach. By contrast, I wo Jima’s 
beach slopes are very steep, about 1 ft of rise for 
10 ft of beach. A wave breaking at 8 ft has only 
80 ft of beach area in which to expend its energy. 
Thus, landing conditions are correspondingly 
rougher on I wo Jima under various wave conditions. 
Forecasting of this sort is a development of naval 
meteorology. See Ocean waves; Sea state. 

Radar and sonar. Naval meteorology has been 
aiding the use of radar at sea since research found 
that choppy surface conditions created radar inter- 
ference, called sea clutter. Wind and other data are 
now used to forecast the quality of marine radar 
observation at a given time. 

The range of sonar detection depends, among 
other things, on the thermal patterns of the sea’s 
surface layer (see Sonar). From wind and wave 
data, the depth and character of the thermal layer 
can be estimated and the range of the sonar sound- 
ing predicted. See Underwater sound. 

Hurricane forecasting. The largest single expan- 
sion in naval meteorology since World War II has 
been concerned with hurricanes and tropical 
storms. The U.S. Navy, Air Force, and Weather Bu- 
reau have joined to study, track, and forecast these 
phenomena. Manned aircraft penetrate the center 
of hurricanes and collect data that, with radar ob- 
servations, have provided much new information 
about their structure. See Hurricane; Radar me- 
teorology; Storm detection. 

Another technique is used by the U.S. Navy’s Bu- 
reau of Aeronautics. Instrumented buoys are placed 
so as to give a detailed picture of temperature, 
pressure, humidity, and wind immediately around 
a hurricane. The Navy also developed a technique 
for dropping large radar-reflective plastic spheres 
into hurricanes, where they move on the sea sur- 
face with the eye of the storm. The spheres are 
visible with radar,for 200 miles. 

Transosonde. An important data collection 
method called transosonde is providing information, 
often previously unavailable, about the atmos- 
phere over oceans. Huge plastic balloons carrying 
instrument packages are released to float over 
ocean basins at 30,000 ft. In 1957 the U.S. Navy in- 
augurated daily balloon launchings from Japan 
and the East Coast of the United States. The pre- 
vailing westerly winds commonly carry the balloons 
over the Pacific and the Atlantic Oceans in 2 or 3 
days. See Meteorological instrumentation. 


Routing ships. The U.S. Navy Hydrographic Of- 
fice offers a regular forecasting service to help 
ocean-going ships find the best route offered by cur- 
rent weather conditions. Ship captains receive new 
information every 24 hours, and thousands of dol- 
lars in shipping costs are saved every year. The 
forecasters, with much aid from machine computers, 
consider the combined effect of wind, weather, wave 
height, and ship characteristics in calculating the 
quickest route. See Ship routing; see also Ship 
design. [ E.C.D.] 

Naval stores 

Rosin and turpentine obtained from the industrial 
processing of resinous (pine) woods (see Rosin; 
Turpentine). Southern slash pine is the source of 
much of the domestic naval stores. Rosin and tur- 
pentine are obtained either from the exudate from 
incisions in the trees or from the destructive or 
steam distillation of wood. Products from ihe for- 
mer process are called gum rosin and gum turpen- 
tine, and from the latter, wood rosin and wood tur- 
pentine. 

In the distillation method, the wood is either 
steam distilled or, more often, destructively dis- 
tilled. See Wood chemicals. 

In the extraction method, comminuted wood is 
first steamed under pressure to remove turpentine 
or is treated directly with a lower-boiling solvent 
which can be fractionated from the turpentine. The 
rosin p* usually separated by treatment with caustic 
and subsequently liberated by the addition of dilute 
sulfuric acid. 

For gum naval stores, the gum exudate from 
incisions made in live pine trees is collected and is 
steam distilled for turpentine. The residue consists 
mainly of rosin which is purified in much the same 
way as that obtained by other processes. 

[ E.L.S. j 

Navarho 

A long-distance continuou9-wave navigation system 
providing simultaneous bearing and distance in- 
formation. Navarho incorporates Navaglobe, which 
is the portion of the system providing bearing. 

Navaglobe utilizes three antennas located at the 
apex of a triangle as in Fig. 1. The spacing between 
antennas is approximately 0.4 wavelength. The an- 
tennas are energized in pairs. Each pair of antennas 
produces a dumbbell pattern. Each pair is keyed 
on for M sec, after which an omnidirectional trans- 
mission on a frequency 100 cycles from the signal 
frequencies is transmitted for synchronization pur- 
poses (see Fig. 2) . 

On the aircraft, a highly accurate frequency 
standard with a stability of at least one part in 10 B 
is used to produce a measurement of distance. The 
phase of the oscillator driven by this standard is 
set at the time of aircraft departure or at the time 
of reaching a destination which is at a known dis- 
tance from the ground facility. The phase differ- 
ence between this oscillator and the omnidirec- 
tional signal is therefore proportional to distance 
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Fig. 1. Navaglobe antenna location and field pattern. 



from the station. Ambiguity f multiples of 3MP 
phase difference) is resolved by measuring the 
phase of a 100-cycle signal generated through the 
use of this same oscillator and a 100-rye! modula- 
tion from the ground station. 

The Navaglobe- Navarho receiver is of special de- 
sign. It incorporates (in highly refined form) the 
principles of a vector ratiometer with three current 
carrying coils mounted at a 120° space relation to 
each other. Currents propoitional to the received 
amplitudes of the A. B. and C signals are applied 
in sequence to each of the three coils. A magnetic 
needle placed at the center of these coils would 
assume the direction of the vector resultant of the 
three magnetic fields and, hence, would indicate the 
direction of the transmitting station. 

Navarho-Navaglobe was designed to operate on a 
frequency of 90-110 kc and has an accuracy of 
about V>° in hearing. Distance measurement ac- 
curacy is a function of the time which iias elapsed 
from the time of setting of the phase of the oscilla- 
tor. Tests have shown that an accuracy of plus or 
minus 3 miles may be achieved. See Navigation 
SYSTEMS. ELECTRONIC. [p.C.S.] 

Navier-Stokes equations 

Three scalar partial differential equations that de- 
scribe conservation of momentum for the motion of 
a viscous, incompressible fluid. They may be ex- 
pressed vectorial ly as one equation : 


p ~ + p(v • V)v - -Vp + pf + fj, V 2 v 

where p is fluid density, v is fluid velocity vector, 
p is fluid pressure, f is body force (such as grav- 
ity ) per unit mass, p is fluid visc osity coefficient, 
and t is time (.sec Newtonian fluid). These 
equations, together with the continuity relation, 
X * v = 0. and suitable boundary conditions de- 
termine the flow field; for example, v and p are 
determined as functions of position in space and 
of time. One of these boundary conditions is that 
of no slip at the* surface of a body; that is, the 
fluid immediately at the body surface “sticks” to 
it and thus has the same velocity as the surface 
itself. 

Few mathematical solutions arc* known to this 
complicated set of nonlinear partial differential 
equations except for simple geometries. The im- 
portance of viscosity m determining the flow 
depends on the relative size of the body (see Reyn- 
olds NUMfiER). Approximations to the Navier- 
Stokes equations for small Reynolds number Re 
give good results. For Rc 1. the acceleration 
forces, those on the left-hand side of the equation, 
are negligible, leaving only linear terms on the 
right. Such an approximation is called a Stokes- 
flow approximation, and one of the most famous ap- 
plications is to the slow motion o! a tiny spherical 
oil droplet in air. made by R. A. Millikan. Lubrica- 
tion theory makes use of ihe Stokes-fiow approxi- 
mation as *ell as even further approximations. For 
Re» 1. the effects of viscosity are confined to a 
thin layer near the surface of bodies in the fluid 
t acc Round ary-laylk now I. Outside this layer 
the fluid acts essentially as an inviscid fluid, which 
is the reason that inviscid fluid theory is of any 
use at all (.see DWlkmbkrt’s paradox). 

For a compressible, viscous fluid, the viscous 
term /< V‘v must be replaced by the divergence 
of the viscous stress tensor in which the bulk vis- 
cosity coefficient A occurs. Using rectangular car- 
tesian coordinates jtj, x :: :t;<, the force in the *,• 
direction (/ = 1,2,3) can be written as 


where 

and 
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j -1,2,3 
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Here p and A are functions of temperature and, 
in liquids, of pressure. See Fluid-flow principles. 

[a.e.br.] 


Navigation 

The process of directing the movement of a craft 
from one place to another. The craft may be a ship, 
aircraft, missile, spacecraft, land vehicle, or in 
the broadest sense, any object requiring direction 
or capable of being directed. 



1 0 Navigation 

An adjective is often used with the word naviga- 
tion to indicate type of craft or the element in 
which it moves. Thus, examples are air navigation 
for aircraft, space navigation for spacecraft, ma- 
rine navigation for watei craft, submarine naviga- 
tion for submarines, and land navigation for land 
vehicles. Other adjectives may refer to location, as 
in the case of river navigation, ocean navigation, 
or polar navigation for polar areas. Still others re- 
fer to the primary method being used, as radar 
navigation or inertial navigation. See Air naviga- 
tion; Celestial navigation; Marine naviga- 
tion; Poi.ar navigation; .see also Navigation 

SYSTEM S, ELECTRON 1C. 

Successful navigation involves both art and 
science. As instruments and other navigational aids 
have become more complicated, an increasing pro- 
portion of the development has been shifted from 
the practicing navigator to the navigational scien- 
tist who aids in drawing together the applications 
of principles from such sciences as astronomy, car- 
tography, electronics, geodesy, magnetism, mathe- 
matics, meteorology, oceanography, phvsics, and 
surveying. Such applications aim to aid in explain- 
ing navigational phenomena and in developing im- 
provements in speed, accuracy, or lessened drudg- 
ery in practicing the art of navigation. 

BASES AND DEFINITIONS 

Navigation as redated to the direction of the 
movements of a craft usually involves determina- 
tion of position, direction, and distance. When the 
element of time is included with distance, rate of 
motion, or speed, becomes available. 

Position. Several kinds of position are of inter- 
est to the navigator. Primarily, he is interested in 
the position of his craft. A reliable position deter- 
mined from information external to his craft, as by 
observation of landmarks or celestial objects, is 
called a fix. This is generally determined by one oi 
more simultaneous, or nearly simultaneous, non- 
parallel lines of position, the common intersection 
of the lines being considered the fix. The individual 
lines of position might he arcs of great circles, 
small circles, hyperbolas, or other figures. If non- 
simultaneous lines of position are available, they 
can be adjusted for the craft’s motion between ob- 
servations to provide a running fix of reduced re- 
liability because of possible error in estimation of 
the craft’s motion between observations. 

A position based upon incomplete information, 
or data of questionable reliability, may be termed 
an estimated position. However, a position deter- 
mined by advancing a reliable former position is 
generally called a dead reckoning position. Many 
inaiine navigators limit the use of this expression 
to positions determined by using speed through the 
water (without allowance for wind effect) along 
the course steered. “Estimated position,” then, is 
reserved for positions determined hy adding to this 
motion the estimated effect of wind and current. 
When inconsistent data are available, a common 


condition in practical navigation, analysis of avail- 
able data establishes the most probable position. 

The average offset of a craft by wind or current 
since the last fix can he determined by comparison 
of a fix with the position the craft would have oc- 
cupied had there been no wind or current. It is for 
this reason, in part, that many marine navigators 
prefer to make a careful distinction between dead 
reckoning and estimated positions. In air naviga- 
tion, the estimated effect of wind is invariably con- 
sidered in determining a dead reckoning position. 
The no- wind position, sometimes called air posi- 
tion, is used for determining average wind since the 
last fix. 

Other positions frequently of interest to a navi- 
gator using celestial bodies for determining a line 
of position are the assumed position of his craft at 
the time of observation, and the geographical posi- 
tion of the celestial body at the same lime. The 
former is an arbitrarily selected position in the 
general vicinity of the actual position, chosen to 
aid in computing the required positional data. The 
latter is the terrestrial position at which the ob- 
served celestial bodv is vertically overhead at the 
instant of observation. A typical navigational plot 
at sea, showing several kinds of position, is shown 
in Fig. i. In this illustration. AP is assumed posi- 
tion, I)R is dead reckoning position, EP is esti- 
mated position, C is course, and S is speed. 

Whatever the nature of the position, it is gener- 
ally seated in terms of geodetic latitude and geo- 
detic longitude. In air navigation, position is cus- 
tomarily stated to a precision of I minute of arc 
in each coordinate. Tn marine navigation, the preci- 
sion is customarily stated to 0.1 minute of arc. 
Position of a craft might also he stated relative 
to an established position, as “close aboard buoy 
2CR,” or “1.7 mites hearing 168° from Chesapeake 
Lightship,” or “over the center of Golden Gate 
Bridge.” See Coordinate systems, terrestrial. 

Direction. This is customarily expressed as an 
angular distance from a reference direction. For 
most purposes of navigation, north is the reference 
direction, hut the forward direction of the longi- 
tudinal axis of the craft is used when a relative di- 
rection is stated. Other directions, such as south or 
the direction of the prime vertical circle (east or 
west), occasionally serve as references. 

North may be defined in a variety of ways. 
“True” directions are related to geographical 
north (the north direction along the meridian), 
magnetic directions to magnetic north, coinpass di- 
rections to north as indicated hy a magnetic com- 
pass, and gyro directions to north as indicated by a 
north-seeking gyro compass. Sometimes, particu- 
larly in high latitudes, an arbitrary grid of paral- 
lel lines is placed on the chart, and directions rela- 
tive to “grid north” are called grid directions. Di- 
rectiqns may refer either to a great circle or to a 
rhumb line, and it is good practice to state which 
is intended in any case where reasonable doubt 
might exist. 
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Fig. 1. A typical navigational plot at sea. 

The direct inn in which a craft is pointed, hv 
whatever reference direction il is indicated, is 
called heading. The intended dilection of motion is 
called the course. The actual direction from a point 
of departure to a point oi arrival is willed tin 
course made good. The actual path followed is the 
track. This term is also widely used h\ air naviga- 
tors to refer to either an instantaneous or the aver- 
age direction of the track. A hearing is the direc- 
tion of one terrestrial point from another. It gen- 
erally refers to the direction of an object as viewed 
from a craft. The hearing of a celestial object is 
called its azimuth. This term is occasionally used 
by navigators to refei to directions on the earth, 
but it is usually considered better practice in navi- 
gation to restrict the use of azimuth to the direc- 
tions of celestial bodies and use bearing for direc- 
tions of terrestrial points. 

Horizontal directions are customarily stated in 
whole degrees, although half and quarter degrees 
may be used, and tenths of a degree are commonly 
used by marine navigators for indicating azimuths. 
Minutes of arc are seldom used for expressing di- 
rections in navigation, and seconds of arc are al 
most never used. 

Reference directions are determined by means 
of a compass. For many centuries, the primary di- 
rectional instrument has been a magnetic compass, 
which depends for its operation on the attraction of 


the earth's magnetic field for a magnetic element 
mounted so as to he* free to turn in any horizontal 
direction. More recently, other compasses have 
been developed, notably the north-seeking gyro- 
compass. .See Compass, magnetic; Dead reckon- 
ing; (rYHOf.OM PAS.s. 

Distance. This is usually expressed hy the navi- 
gator in nautical miles, to a precision of integral 
miles hy the air navigator, and l< nths of a mile by 
other navigators. The international nautical mile, 
now standard in nearly all maritime nations, is 
1852 meters by definition. This is 6076.115486 ft. 
as adopted hv the United States on July 1, 1054, 
but using the recently adopted relationship 1 in. — 
2.54 cm. The value approximates the length of one 
minute of arc of a great circle on the surface of 
the earth, and so is particularly convenient in navi- 
gation because the latitude scale can be used as a 
mile scale without introducing a large error. 
Shorter distanct?s are generally indicated in yards, 
or in meters by countries using the metric system. 

The principal maritime nation not accepting the 
international nautical mile is Great Britain, which 
uses a value of 6080 ft for instrument calibration. 

Two other units are occasionally used for indi- 
cating distance. One is the cable, which, in the 
United States Navy, is 720 ft. In Great Britain, 
where the unit is in more common use, it is 608 ft, 
or exactly one-tenth of a nautical mile. The other 
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unit is the league, now considered chiefly a poetic 
term. This unit is of somewhat indefinite length, 
varying from 2.4 to 4.6 miles. 

Depth is usually measured in fathoms in deep 
water, and in feet in shallow water. One fathom is 
equal to 6 ft. Height is generally expressed in 
feet. Countries using the metric system generally 
express both depth and height in meters. 

Speed. For most purposes of navigation, speed 
is measured in knots, 1 knot being equal to 1 
nautical mile per hour. The name of this unit has 
descended from the chip log, payed out on a 
knotted line, as used many years ago for determin- 
ing speed. In recent years, another unit of speed 
has come into limited use for high-speed aircraft. 
This is the Mach number, after Ernst Mach of 
Austria. It is the ratio of the speed of a craft to 
the speed of sound in the medium in which the 
craft is moving. It varies with the speed of sound, 
generally becoming smaller at higher altitudes. 

METHODS OF DETERMINING POSITION 

All methods of determining position of a craft 
may be broadly classified under three headings: 
piloting (or pilotage), dead reckoning, and celes- 
tial navigation. The expression electronic naviga- 
tion is sometimes used in a manner implying a 
fourth broad classification, but electronics actually 
only provides another form of energy to supple- 
ment visible light and sound in providing data for 
use in piloting, dead reckoning, and celestial navi- 
gation, although the definitions of these divisions, 
particularly piloting, have had to he somewhat re- 
vised. The advent of space navigation has further 
emphasized the thin distinction between piloting 
and celestial navigation, but the basic difference 
still exists. Charts and other aids to all navigation 
are considered at the end of this section. 

Piloting. Historically, piloting (so-called by 
mariners, but called pilotage by aviators) is the 
earliest form of navigation. It involves the determi- 
nation of position by and relative to objects exter- 
nal to the craft. In earlier times, these were limited 
to visible landmarks and prominent underwater 
features. A vessel was considered to he on sound- 
ings as long as it maintained contact with the bot- 
tom. When the water became too deep, usually at 
about the 100- fathom line, the ship was considered 
to he off soundings. As a vessel proceeded to sea, a 
last good fix was obtained relative to visible land- 
marks, and the vessel was said to take departure. It 
then depended entirely upon dead reckoning and 
celestial navigation until landfall, when land was 
again sighted, and piloting became possible. 

More recently, the number of identifiable land- 
marks has been increased by the addition of man- 
made objects s jeh as fixed lighthouses and beacons 
and floating lightships and buoys, as well as by 
various cultural features. Man-made features in- 
tended primarily to assist the navigator in deter- 
mining the position of his craft or a safe course, or 
to warn of dangers or obstructions, are called aids 


to navigation. In contrast, the expression naviga- 
tional aids refers to all objects, methods, and the 
like that assist in the navigation of a craft. These 
include aids to navigation, charts, books, instru- 
ments, and others. Artificial earth satellites might 
be used in this way, and in traveling great distances 
from the earth, space navigators might use more 
distant celestial bodies in a similar manner. By 
means of electronics, such as sonic sounding, pi- 
loting techniques have already been extended far 
from the shores to which they had been confined 
over the centuries. Electronics also makes accurate 
time available and provides means for obtaining 
valuable information relative to storms and other 
dangers at sea. See Piloting. 

Dead reckoning. This method of determining 
position involves advancing a reliable position the 
distance a craft is believed to have moved, or will 
have moved at some future time. Its accuracy de- 
pends upon (1) the accuracy of the position being 
advanced, and (2) the accuracy with which direc- 
tion and distance are determined. Many marine 
navigators prefer to use the best determination of 
course and speed without any allowance for esti- 
mated effect of wind or motion of the water. 

Because of the uncertainty of motion, with or 
without allowance for wind and currejjt, the prob- 
able error of a dead reckoning position generally 
increases with time. It may also increase with dis- 
tance, depending upon the source of error. With 
the determination of a new position hy independent 
means, a new dead reckoning is usually started. 
The discrepancy between a dead reckoning posi- 
tion and a fix at the same time is usually attributed 
to “current” in marine navigation, and to errors in 
the dead reckoning in other forms of navigation. 
See Dead reckoning. 

Celestial navigation. Unlike piloting, in which 
position is determined with respect to various ob- 
jects, celestial navigation involves the use of celes- 
tial bodies with respect to the geographical posi- 
tions they are vertically above. Measurements are 
made relative to terrestrial references, always the 
horizontal, and sometimes also a horizontal refer- 
ence direction, such as north. 

Rotational motion of the earth is taken into ac- 
count by the use of time. It is because of the criti- 
cal effect of time on celestial observations that ac- 
curate time is essential when this form of naviga- 
tion is used. Before it was available, navigation at 
sea was so uncertain that estimates of the time of 
sighting land, after a long east- west voyage, were 
often in error by days, and occasionally by weeks. 
Latitude could be determined more accurately. Ac- 
curate time at sea became available with the in- 
vention of the marine chronometer, a high-grade 
timepiece with a reasonably constant rate under 
the conditions encountered at sea. This was hailed 
as on$ of the greatest advances in the long history 
of navigation. At least three of these instruments 
were formerly carried aboard ship; it was consid- 
ered a serious offense if they were permitted to run 
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Fig. 2. Orientation of a loop antenna for maximum signal strength at the receiver. 



Fig. 3. Orientation of a loop antenna for minimum signal strength at the receiver. 


down. This has been modified somewhat by the 
a\ai lability of radio time signals and electronic 
aids to navigation, but the daih winding of chro- 
nometers is still reported to the commanding officer 
of U.S. Navy vessels. Sec Time. 

Electronic navigational aids. Numerous elec- 
tronic devices or techniques are in various stages 
of development and use for navigation. Naviga- 
tional aspects of four kinds of such applications 
are here considered: radio piloting, sonar distanc e 
and sounding methods, electronic dead reckoning, 
and techniques for celestial navigation. 

Radio piloting . Various properties o l electro- 
magnetic wave propagation and reception may he 
used for navigation. Of these, three kinds have been 
successfully applied to navigational problems: 

(1) directional properties of loop antennas, 

(2) pulse modulation, and (3) rotating directional 
transmission. 

1. Directional properties of loop antennas were 
the first of these properties successfully used. As 
shown in Fig. 2, a wave approaching a loop antenna 
so a« to encounter the sides of the loop successively 
will induce a current in the loop. If the antenna is 
rotated 90°, so that both sides of the loop are en- 
countered at the same time, as shown in Fig. 3, the 
effects on the two sides cancel each other, and no 
current is induced in the antenna. Thus, when the 
loop antenna is properly mounted and provided 
with a suitable index and scale, the relative 
strength of the signal on different orientations pro- 


vides an indication of the position of the loop with 
respect to the signal. In the radio direction finder, 
the scale is graduated so that an accurate reading 
may be obtained. Best results are attained when a 
minimum-strength signal, railed a null, is observed. 
By this means, the direction of the incoming signal 
can be determined. 

In the simple installation described, a 180° am- 
biguity is possible, as signals from opposite direc- 
tions produce the same effect. The signal strength 
in various directions is shown in Fig. 4. By use of a 
vertical sense antenna with the loop, this ambiguity 
can be resolved, as shown by the signal strength 
diagram of Fig. 5. See Dirf.ction-kindinc equip- 
ment. 

Since the development of the first radio direction 
finder, many refinements and some innovations 
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Fig. 4. Signal strength of a loop antenna without a 
sense antenna. 
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Fig. 5. Signal strength of a loop antenna with a 
sense antenna. 

have taken place, hut the basic principle remains 
the same. 

The principle of the loop antenna has been uti- 
lized on the ground in antenna systems that radiate 
signals in a directional pattern. A typical Adcock 
antenna propagation pattern is shown in Fig. 6. 
Morse code letters A and N are transmitted in ad- 
jacent lobes and so timed that when both are re- 
ceived with equal strength, a continuous tone is 
heard. Such installations, located at various places 
in the United States, were so oriented that beams 
of equal strength extended along the airways. By 
keeping “on the beam,” an aviator could stay in 
the airway. A rotating antenna system (discussed 
in a later section) has replaced most of these in- 
stallations. See Direction-finding equipment; 
Radio range. 

2. When pulse modulation was developed and 
applied to navigation problems, another long step 



Fig. 6. Propagation pattorfl of an Adcock antenna 
for air navigation. 


forward was taken. This technique makes possible 
the transmission of very short bursts of energy sep- 
arated by comparatively long intervals of silence. 
In modern pulse systems a typical pulse may last 
for 1 microsecond (one-millionth of a second) or 
less, and consecutive pulses may be at intervals of 
1000 microseconds or more. This permits relatively 
high peak power with comparatively low average 
power. 

In radar (radio detection and ranging) pulses 
are transmitted by a highly directional antenna 
which generally rotates several times per minute. 
After transmission of a pulse, the transmitter is 
disconnected from the antenna and a receiver is 
connected automatically. If the outgoing pulse 
strikes a suitably reflecting surface, a small amount 
of energy is returned in the form of an echo, as 

antenna transmitted pulse target 

( 


( 


( 


Fig. 7. A radar echo. 

shown in Fig. 7. The elapsed time required for the 
signal to travel to the target and the echo to return 
is directly proportional to the distance of the tar- 
get. 

Suitable registering devices indicate the dis- 
tance in miles, yards, or some other linear unit. If a 
circular plan-position indicator is synchronized 
with the rotating antenna, a maplike indication is 
obtained, as shown in Fig. 8. Thus, both direction 
and distance of all targets, both fixed and moving, 
are available, as well as a pictorial presentation of 
the relative positions of all targets within range. 
The radar equipment may be installed either in 
the ctaft or on the ground. See Radar. 

The foregoing system is called primary radar. 
In secondary radar a transponder at the target 
receives the signal from the craft and automati- 
cally transmits a ^return signal. This system per- 
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Fig. 8. An airborne plan-position indicator. 

mils a stronger return signal and allows coding 
for more positive identification of the target. This 
principle is used to provide radar beacons for navi- 
gation. It is also used with two transponder beacons 
to provide a system called shoran (short-range nav- 
igation ) developed for use in blind bombing during 
World War II. An even more accurate system, called 
hiran (high-precision shoran), is now used princi- 
pally for surveying. 

Pulse modulation has been used in other systems 
generally of longer range than radar. In a hyper- 
bolic system such as the American loran (long- 
range navigation) or the British Gee, synchronized 
pulses are transmitted from two stations, the mas- 
ter station controlling the transmissions of the 
slave station. The difference in time of reception of 
the two signals at a craft some distance away is an 
indication of the difference in distance from the 
two stations. The locus of all points having the 
same reading is a hyperbola. The ambiguhy as to 
which of the two similar parts of a hyperbola 
passes through the craft is resolved, one method be- 
ing by a system of transmission delays that per- 
mits identification of the otherwise identical sig- 
nals from the two stations. If a second pair of sta- 
tions is available (one station of which might be 
common to both pairs), a fix can be obtained, as 
shown in Fig. 9. The difference in phase of signals 
teceived from different transmitters (providing hy- 
perbolic lines of position) can be used to measure 
the difference in distance from a craft to the two 
transmitters. Both forms are available in the Amer- 
ican Raydist system, but the latter is used in the 
Decca system invented in the United States and de- 
veloped in Great Britain. 

A number of variations of the relatively simple 
system,* described have been developed. Most of 
the development work of recent years has been di- 
rected toward extending the range and increasing 
the accuracy of transmissions. Prominent among 
the newer systems are those known as loran-C and 
Omega. See Hyperbolic navigation system. 

3. Rotating a directional transmission pattern is 
another principle that has been used. This can be 
done in a manner permitting determination of di- 
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rection by means of an ordinary radio receiver, so 
that the special receiving and indicating equipment 
of the systems described earlier is not needed. 

The first such system physically rotated a direc- 
tional antenna at an established rate, with a dis- 
tinctive signal being transmitted in all directions 
at the moment the directional signal, such as a 
null, was in lint* with a reference direction. In 
later systems, rotation was performed electrically, 
the hearing being determined by counting a series 
of dots and dashes during the so-called keying cy- 
cle. The first such system was the German Sonne, 
installed during World War II as an improvement 
over the complicated fixed-pattern Elektra system. 
A British version is called Consol, and an American 
version Consolan. The Japanese have a version that 
has not been given a distinctive name. 

These systems are intended for general naviga- 
tional purposes either in the air or aboard ship. A 
specialized system has been developed to replace 
the Adcock antenna system of four-course ranges 
for airways. Two versions, each permitting indica- 
tion of direction of transmitter by dial, and dis- 
tance by counter, have been combined to form a 
system called Vortac (from VOR-DME. the desig- 
nation of the oinnirange-distance-measuring equip- 
ment system developed for civilian use, and the 
Taean system developed for military use). See Ra- 
dio range. 

Sonar measurements. Sonar equipment uses 
sonic or ultrasonic signals in water to determine 



Fig. 9. A fix by a hyperbolic system of navigation. 
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distance of a target in a manner similar to radar in 
air. Similar equipment is employed to determine 
depth of water by echo sounder. Sonar may use 
electronics in its transmitting, receiving, and am- 
plifying components. See Sonar. 

Electronic dead reckoning. Two types of elec- 
tronic dead reckoning systems have been developed 
during recent years. In one of these, two or more 
beams of pulse-modulated radio energy are di- 
rected obliquely downward from an aircraft. Be- 
cause of the Doppler effect, the frequency of the 
echo return from the ground differs slightly from 
that of the transmitted signal. The amount of the 
frequency shift is proportional to the speed of the 
aircraft, and is used as a measure of speed. The 
beams of radio energy are directed somewhat to 
the right and left of the longitudinal axis of the 
aircraft, as well as being tilted downward. When 
two beams are rotated until the Doppler shift is the 
same for both beams, as determined by a beat-fre- 
quency oscillator, the drift of the aircraft is meas- 
ured by the angular difference between the axis of 
the craft and the relative bearing of the antennas. 
See Doppler radar. 

The other dead reckoning electronic system uses 
extremely accurate gyroscopes to maintain refer- 
ence planes, and highly sensitive accelerometers to 
measure acceleration iri various directions. The 
component of acceleration in the direction of mo- 
tion can be integrated to provide an indication of 
speed. A second integration provides an indication 
of distance. Called inertial navigation, this system 
has been used in guided missiles, manned aircraft, 
and ships, particularly submarines. In a somewhat 
different form, inertial navigation is one of the 
systems proposed for space navigation. See Iner- 
tial GUIDANCE SYSTEM. 

Techniques for celestial navigation. Electronics 
has also entered the field of celestial navigation. 
In one application, a television camera mounted on 
a gyro-stabilized platform can be made to track a 
star day or night in clear weather. The measured 
altitude is fed into a computer to determine a line 
of position. Two such lines locate a craft. In an- 
other application, a star follower using a photo- 
electric cell “locks on” a star at which it is pointed. 
With auxiliary equipment, it can provide a continu- 
ous indication of altitude. The addition of com- 
puting and indicating equipment allows automatic 
celestial navigation by providing continuous indi- 
cation of position, or steering guidance. 

Although a star follower can be made sensitive 
enough to track stars by day, it does not penetrate 
even a moderate overcast. One possibility of ac- 
complishing all-weather celestial navigation is by 
means of radio astronomy, using signals of radio 
frequency originating outside the earth’s atmos- 
phere. Infrared signals might also be used. Another 
possibility is the use of artificial earth satellites 
equipped with radio transmitters. When all- 
weather celestial navigation is achieved, essen- 
tially uniform accuracy will be available every- 
where on the earth without the need for installing 


and maintaining transmitters, without the vagar- 
ies of transmission through long paths within the 
earth’s atmosphere, and without the possibility of 
transmitter damage by storm or enemy action, or 
the jamming of signals by an enemy. 

The navigator's chart. One of the most impor- 
tant aids available to the navigator is his chart. 
Even with the development of automatic and semi- 
automatic navigation systems the chart is still valu- 
able for planning and general information. Some 
electronic systems, such as those of the hyperbolic 
type, depend upon charts for interpretation of the 
readings obtained from the electronic equipment. 
See Hyperbolic navigation system. 

A chart is a map intended primarily for naviga- 
tion. The network of latitude and longitude lines, 
called the graticule, is invariably drawn according 
to some system (see Maf» projections). Map pro- 
jections are often grouped in three classes, accord- 
ing to whether a likeness of the earth’s surface is 
transferred to (1) a plane (azimuthal), (2) a cone 
or series of cones (conic), or (3) a cylinder (cy- 
lindrical). For navigation, one of the most impor- 
tant properties a projection might possess is that 
of being conformal, or having the angles around 
any point correctly represented. When this is true, 
the scale is the same in all direction* around the 
point, although it might not he uniform in different 
parts of the projection. Other properties of inter- 
est arc the portrayal of rhumb lines (a rhumb line 
makes the same oblique angle with all meridians), 
great circles, and variations in scale. 

Nearly all nautical charts are on the Mercator 
projection, a conformal cylindrical projection in 
which rhumb lines appear as easily plotted straight 
lines. This projection owes its centuries-old popu- 
larity among navigators primarily to the fact that 
the rhumb line represents a constant true course 
between points. The scale of this projection varies 
considerably with latitude, hut the rate of change 
is relatively small until high latitudes are reached, 
where the projection is generally replaced by a 
conic or azimuthal type of chart. 

The Lambert conformal projection, a conic pro- 
jection with two standard parallels, is most widely 
used for aeronautical charts, but has come into 
limited use for nautical charts. On charts of this 
projection the scale is nearly uniform, and a 
straight line is a close approximation of a great 
circle, which is of growing importance with in- 
creases in ranges and in the capability of follow- 
ing a great circle directly. 

Several other projections offer special advan- 
tages for charts. The gnomonic projection, a geo- 
metric azimuthal projection with points on the 
surface of the earth conceived as projected by radi- 
als from the center of the earth to a tangent plane, 
is used for great circle sailing. It is the only pro- 
jection in which all great circles appear as straight 
lines, but it has the serious disadvantage of being 
nonconformal. The polar stereographic, a con- 
formal geometric azimuthal projection, is used 
for polar charts. Other projections used for charts 
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of polar regions are the transverse Mercator (a 
Mercator projection with the axis of the cylinder 
rotated 90°), the modified Lambert conformal (the 
Lambert conformal projection modified so that 
there is no gap when the cone is cut along an ele- 
ment and spread out flat) and the polar azimuthal 
equidistant projection (a nonconformal azimuthal 
projection with constant scale along any radial 
from the point of tangency ) . 

Most information shown on charts is by means 
of internationally standardized symbols and abbre- 
viations. Although nautical and aeronautical charts 
are similar in many respects, they differ in the em- 
phasis given certain information. Nautical charts 
are concerned primarily with depths of water and 
other hydrographic information, and aids to ma- 
rine navigation; while aeronautical charts empha- 
size heights and other obstructions to flight, and 
aeronautical information. 

A graticule without other information,, other 
than one or more compass roses to assist in meas- 
urement of direction, is called a plotting sheet. A 
plotting sheet with the latitude or longitude lines 
left to be filled in by the navigator, so the sheet 
can he used for virtually any latitude, is called a 
universal plotting sheet. A graticule having limited 
information, such as outlines of land areas, is 
called a plotting chart. 

Course lines, lines of position, and other data 
are usually plotted directly on a chart or plotting 
sheet. In marine navigation, directions are usually 
plotted by means of a parallel ruler (a device 
which can be moved parallel to itself) or a drafting 
machine fa device combining parallel motion 
with direction indication). Aviators generally use a 
simple form of plotter consisting of a protractor 
and attached straightedge. Dividers are widely used 
for measuring distances. Compasses are u^ed for 
drawing circles of visibility of navigational lights 
and for other purposes. 

Other navigational aids. Although many naviga- 
tional solutions are derived graphically, often di- 
rectly on the chart or plotting sheet, mathematical 
solutions are frequently needed. For most put poses 
of navigation, the earth can he considered truly 
spherical without introducing a significant error. 
Logarithms have been widely used for navigational 
computations, but in recent years their use has 
steadily declined as an increased number of tabu- 
lated solutions has become available. 

For American navigators, most of these tabu- 
lated solutions have been provided by the U.S. Navy- 
Hydrographic Office. Examples are H.O/ 214, 7Vi- 
bles of Computed Altitude and Azimuth , the most 
widely used tables for sight reduction by mariners 
of several nations including Great Britain, Spain, 
Italy, and others; and H.O. 249, Sight Reduction 
Tables for Air Navigation , the standard for avia- 
tors of the United States, Canada, and Great Brit- 
ain. 

Numerous other publications are available to as- 
sist the navigator. Examples are nautical and air 
almanacs of astronomical information of use in 
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navigation, published by the U.S. Naval Observa- 
tory and similar offices of other countries; tide and 
tidal current tables published by the Coast and 
Geodetic Survey of the U.S. Department of Com- 
merce, and abroad; and coast pilots or sailing di- 
rections published by many countries to provide 
guidance in coastal areas and adjacent waters, and 
similar air pilots for use by aviators. Notice to 
Mariners and Notice to Aviators are published at 
frequent intervals by the U.S. Navy Hydrographic 
Office to inform navigators of changes affecting 
charts or publications and other timely naviga- 
tional information. Similar publications arc dis- 
tributed by other countries. Urgent navigational 
warnings are broadcast by radio. [ A.B.M.] 
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Navigation instruments 

Measuring devices u?ed in ships and aircraft to de- 
termine geographic position. The accuracy of such 
devices has improved steadily since the beginnings 
of travel, with occasional spectacular new inven- 
tions suddenly enlarging man’s navigable domain. 
Notable milestones are the magnetic compass, the 
sextant, the gyrocompass, radio systems, and iner- 
tial guidance. 

The magnetic compass was the lirst. and perhaps 
the most important instrument in the history of 
navigation. By furnishing, in any weather, a reli- 
able indication of ship’s heading it allowed mari- 
ners for the first time to venture many days from 
land, as the Norsemen ptoved in their epic voyages 
to North America about 1000 a.d. See Compass, 
M A(»N KT1C. 

The sextant appeared in 1730 as the culmination 
of efforts to determine ship’s position by measuring 
accurately the altitude of stars. At twilight and 
dawn in clear weather, mariners could obtain 
an accurate fix with no reference but the horizon. 
See Sextant. 

The ingenious gyrocompass, invented in 1908, 
uses gravity and earth’s rotation to locate the 
earth’s spin axis (true north). It is much more ac- 
curate than the magnetic compass, which it has re- 
placed on most ships (.see Gyrocompass). Several 
other gyroscopic instruments have been developed 
especially for navigation, including the directional 
gyro and the gyro-stabilized platform. See Gyro- 
scope. 

The development of electronic navigation sys- 
tems received great impetus during World War II. 
Long-range radio equipment determines position 
by measuring either the direction or the distance 
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Navigation systems, electronic 


from the vehicle (ship or aircraft) to several dif- 
ferent beacons whose locations are known. Naviga- 
tion near or above landmasses is often performed 
using continuous radar pictures of the terrain it- 
self. See Navigation systems, electronic; Radar. 

Inertial guidance has opened still further the 
way to long-range navigation by air, sea, and space. 
An inertial autonavigator made possible the voy- 
ages of submarines Nautilus and Skate under the 
polar ice cap. Inertial systems use precise acceler- 
ation sensors to measure vehicle motions. These are 
tallied to give a continuous reading of vehicle posi- 
tion independent of any external effect. Gyroscopes 
of extreme accuracy are required for directional 
reference. In space flight, automatic star-tracking 
equipment may he used for supervision. See Iner- 
tial GUIDANCE SYSTEM. |’r.1!.C.] 

Navigation systems, electronic 

Systems deriving navigationally useful parameters 
through the application of the electronic sciences. 
The older term for these systems was “radio aids to 
navigation.” However, several of the newer de- 
vices, although employing electronics, do not em- 
ploy radio waves. Therefore, the term electronic 
navigation systems is employed to cover all of the 
devices which use electronics. In electronic navi- 
gation systems there is a blending of the sciences 
of electronics and navigation. Therefore, the sub- 
ject may be discussed from both points of view. 

ELECTRONIC CLASSIFICATIONS 

From the electronic point of view, it is possible 
to classify all systems as “classical” or “self-con- 
tained.” Classical systems employ at least one radio 
transmitter and one radio receiver. The transmitter 
emits energy which travels over one or more paths 
to the receiver. The navigational parameter is de- 
rived by a measurement made on the delay in- 
curred in the transmission. All classical systems 
are based on the assumption that wave propagation 
is rectilinear and that the velocity of propagation 
is constant. 

The self-contained systems consist of devices 
which make observations on certain natural phe- 
nomena and computers which derive navigational 
parameters from the observations. 

Classical systems. These have often been classi- 
fied by the various types of position lines which 
they produce, hut actually they are of only two 
fundamental types. These are the single- path and 
the multiple-path systems. Two main variations of 
each of these types exist. The single-path systems 
measure absolute transmission time and produce 
circular lines of position. The multiple-path sys- 
tems measure differences in, or otherwise compare, 
transmission times. Since the locus of all points 
having a constant difference from two other points 
is a hyperbola, these systems should produce hyper- 
bolic lines of positions. Actually, many of these 
multiple-path systems are so instrumented that 
they can only determine when the difference in 
transmission time is zero (that is, the times are 
equal). With these systems the line of position is a 



Fig. 1. Single-path system. 

hyperbola of zero curvature, that is, a straight line. 
The simplified multiple-path systems are known as 
radial systems. These radial systems were the first 
type developed and include direction finders, radio 
ranges, and the directional portion of radar. The 
true hyperbolic systems must use transmissions 
which are diverse in either time or frequency. See 
Hyperbolic navigation system. 

Single-path systems. The principle of the single- 
path system is shown in Fig. 1. It employs a trans- 
mitter at one point and a receiver at»the opposite 
point (usually in the vehicle). Transmission occurs 
over a single path between the two devices. The 
time required for the radio wave to travel over this 
path ifs the important element in determining the 
navigational parameter. The transmitter frequency, 
the frequency of the modulation, or the period be- 
tween successive bursts of carrier energy is ac- 
curately maintained. Accuracy to better than otic 
part in 10 10 is desirable. The receiver employs a 
similar high-stability oscillator, the phase of which 
is matched to the transmitter’s oscillator at a point 
where the distance between the transmitter and re- 
ceiver is known accurately. Thereafter, the trans 
mit ter- receiver oscillator phase difference is a 
measure of the time taken by the radio wave to 
traverse the transmitter-to-recciver distance. Port- 
able oscillators with the requisite high stability 
have not been generally available, which accounts 
for the lack of popularity of the single-path system. 
See Navahho. 

A second type of single- path system employs a 
round-trip path as shown in Fig. 2. The energy 
from the transmitter is reflected and returned to a 
receiver located near the transmitter. This reflector 
may be a metallic surface (passive reflector) or an 
active reflector. An active reflector is a receiver 
with its output connected to a transmitter. Upon re- 
turn, the phase of the reflected energy is compared 
with that originating at the transmitter. The phase 
difference is a measure of the time, and distance, of 
the round-trip path. The single-path round-trip sys- 
tem * is the basis of distance determination in all 
radars. It is the system employed by Benito, Con- 
dar, Oboe, shoran, and the distance-measuring por- 
tion of Tacan equipment. 

Multipath systems. There are two types of mul- 
tiple-path system. In one type, emission may he 





Fig. 2. Single-path round-trip system, (a) With pas- 
sive reflector, (b) With active reflector. 


from one or more transmitters, from several an- 
tennas associated with one transmitter, or from dif- 
ferent sections of a single array associated with one 
transmitter. Reception requires only a single re- 
ceiver. In the second type, radiation may he from a 
point source and received on several receivers, 
several antennas associated with one teceiver, or 
manv elements of a single antenna associated with 
one receiver. The relative path delay is measured 
a phase difference. If the paths converge at the 
vehicle, the navigational parameter is referenced to 
the earth’s geodesy. If the paths diverge at the 
vehicle, the navigational parameter obtained is re- 
ferred to the heading of the vehicle and must be 
referenced to the earth’s geodesy by use of a mag- 
netic compass or similar device. Figure 3 illustrates 
the basic principle of these multipath systems. 

Because the path from the transmitter tu one 
antenna is longer by a length a than the path to 
the second antenna, there will be a phase differ- 
ence between the signals received in the two re- 
ceivers. If the distance between the antennas is 
small as compared to the wavelength of the trans- 
mission, the antennas may be rotated about a com- 
mon center until the distances from the transmitter 
to the two antennas are equal. A line perpendicu- 
lar to the base line is then assumed to point to the 
transmitter. For short base lines, the phase dif- 
ference in electrical degrees may he equal to 0 or 
equal to 20. Where the phase difference is equal to 
20, there is mirror ambiguity; that is, it is not 
known whether the transmitter is in front or in 
back of the antenna array. The field pattern for 
the 20 condition approximates a figure 8. Where 
the phase difference is equal to 0, the antenna 
field pattein approximates a cardioid. These con- 
ditions apply to loop direction finders and to the 
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VOR as well as to some ground-based if. hf, and 
vhf direction finders. 

As the length of the base line increases, the 
phase difference becomes nO and many ambiguities 
result. For these conditions, which apply to Con- 
sol and the Taran directional systems, an auxiliary 
means for resolving the multiple ambiguity must be 
emplo>ed. 

When the base line b becomes very long, it is no 
longer practical to rotate the antenna system, and 
the phase measurement must be related to the 
length of the base line b to determine hyperbolic 
lines of position. Ambiguity is resolved by the use 
of an additional antenna and receiver. This re- 
ceiver. operating in conjunction with the others, 
permits a second or third phase measurement to 
be made. The position of the transmitter is deter- 
mined by the intersection of two hyperbolic lines. 
This principle is employed by Raydist. If the re- 
ceivers shown in F’ig. 3 are replaced by continuous- 
wave (CW) transmitters, the system approximates 
that employed by Deoca and 'Omega. If pulsed 
transmitters are used, the system is that of loran. 
F'or the Dacca and Omega systems, the transmitters 
must he maintained with a constant phase relation. 
F\»r loran, the time of transmission of the pulses 
must he maintained with a constant time relation. 

Self-contained systems. There are four types of 
so-called self-contained navigational systems. The 
term is somewhat misleading, because these sys- 
tems actually depend on observations made on ex- 
ternal phenomena as the basis of their measure- 
ments. From these observations, course and speed 
arc determined and used to compute an advanced 
position from a known position. The classification 
of these systems is based on the phenomena on 
which the observation is made. Self-contained 



Fig. 3. Multipath system. Transmission paths (dashed 
lines) are assumed parallel for long distances. 
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systems include astro devices, which make observa- 
tions on heavenly bodies; pressure devices, which 
observe the atmospheric pressure system; Doppler 
devices, which observe changes in radio frequency 
due to the Doppler effect; and inertial devices, 
which measure forces in inertial space. 

Astro equipment . The astro systems operate by 
making observations either optically or by rudio on 
celestial bodies and solving the astronomical tri- 
angle. Star trackers operating through electronic 
means are expected to assume a prominent place 
in space navigation. For a discussion of these de- 
vices, see Automatic astronavigation ; Naviga- 
tion. 

Pressure equipment . This equipment, used on all 
transoceanic flights, makes its observations on 
atmospheric pressure and includes a barometric 
altimeter, a radio altimeter, a clock, and a table for 
use in making computations. In the Northern Hemi- 
sphere, winds blow clockwise around high-pressure 
areas and counterclockwise around low-pressure 
areas. Thus, the difference in pressure over an area 
is an indication of wind direction and intensity. The 
height of the aircraft above ground is measured by 
the radio altimeter. A reading of the radio altimeter 
is made, and after a period of time, during which 
the barometric altimeter is maintained at a constant 
altitude, a second reading of the radio altimeter is 
made. A simple formula is used to determine the 
vector normal wind. See Altimeter, pressure; 
Altimeter, radio. 

Doppler equipment. Radio beams that arc trans- 
mitted from moving aircraft to the ground and re- 
flected back to the aircraft will have an apparent 
change of frequency (.see Doppler effect). The 
change in frequency is proportional to the ground 
speed of the aircraft. Since maximum Doppler shift 
is in line with the direction of aircraft movement 
over the earth’s surface, the aircraft diift angle 
and ground speed are readily determined. 

The equipment makes use of a transmitter and 
receiver operating at centimetric wavelengths. The 
transmissions may be of the pulse or constant-wave 
type. A multiple antenna transmits two to four 
beams. In one design, the antenna array is rotated 
by a servomechanism; in others the arrays are 
fixed and information is determined through com- 
putation. When the beams are aligned so that the 
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Classical 

Single-path (circular LOP) 

One-way path 

Deetra (distance) Navarho (distance) 

Round-trip path 

Benito Radar (distance) 

Condar Rebecca 

DMK (distance-measuring Shoran 
equipment) Tacan (distance) 

Oboe 

Multiple paths (hyperbolic) 

Decca Omega 

Deetra (bearing) Radux 

Gee Raydist 

Loran 

Radial 

Adcock direction finder Radar bearing 

Consol VOR (vhf omni- 

Four course rang*/ directional radio 

Glide slope range) 

Loop direction finder Wullcnberger direc- 

Dx’alizer tion finder 

Navaglobe 

Self-contained 

Astro Inertial 

Doppler Pressure 

Inertial equipment. Airborne equipment based 
on Newton’s second law can determine aircraft ve- 
locity and direction of travel without employment 
of cooperative ground equipment. 

From Newton’s second law, it is knyvn that the 
force acting on a body is proportional to its mass 
and acceleration. Acceleration may be determined 
by measuring the deflection of a spring attached 
to a kpown mass. If the force is then doubly inte- 
grated, the distance of travel can be determined. 

The accelerometer must be capable of measuring, 
without appreciable error, accelerations over a 
range of 100,000 to 1. Any misalignment of the 
accelerometer with respect to vertical will cause it 
to read a component of gravity as the aircraft’s 
acceleration. An error of 0.001 in reading accelera- 
tion will produce an error of approximately 40 
miles in 1 hour. To attain the required accuracy, 
the accelerometer is mounted on a platform which 
is stabilized by gyroscopes which have a truly fan- 
tastic accuracy, 

Errors will occur in spite of this equipment, 
hut they are compensated by mechanisms utilizing 
a principle known as Schuler tuning. In this mech- 


angle between them and the direction of aircraft 
movement over the ground is equal, the Doppler 
shifts are equal. The angle between a line bisecting 
the center of the array and the aircraft heading is 
the drift angle. The amount of frequency shift is 
proportional to the true aircraft ground speed. One 
or two rearward-looking beams are employed to 
compensate for drift in the transmitter frequency. 

In order to determine position, a computer takes 
the determined values of ground speed and drift 
angle and the aircrafts heading (from a compass 


anism, electromechanical systems are given a reso- 
nant period of 84.4 minutes. The rotational rate of 
the platform is controlled to be proportional to the 
integrated acceleration. Thus, compensation is 
achieved by causing the platform to oscillate about 
the correct vertical position. While errors may 
mount during one portion of the oscillatory cycle, 
they will be reversed and not continue to increase 
with the square of time as they would without 
Schuler tuning. See Inertial guidance system. 

The table shows the total contribution of elec- 


or gyro) and computes distance jpriMltaigtion 
traveled from a previously knowjy^jmlicfaL' 
fore, the accuracy of any futurero&ition is alsVa% 
function of the accuracy of mtP aircraft’s dire<%Lv 
tional system. See Doppler RArmffiE i % — _ ^ ; S I 


tronics to navigation systems. 

OPERATIONAL CLASSIFICATIONS 

> Electronic navigation systems must also be dis- 
cussed from the standpoint of navigation. Naviga- 



long distance may 
be 1500 miles 



Fig. 4. Air zones of operation. 

t ion is defined as the science or art of conducting 
vehicles from one point to another. The term is 
derived from navis or ship. The term avigation, 
derived from the Latin avis , or bird, should be 
applied to what is often called air navigation. 
For years, the mariners have used the term “radio 
aids to navigation.” contending that navigation was 
an art practiced by the pilot or captain and, there- 
fore. the radio constituted only a device for aiding 
him. 'This concept has been passed over by the air- 
men who use instrument low-approach equipment 
that is coupled direel ly to aircraft controls, as well 
other systems for automatic control of the air- 
era ft. 

Air operations. Air operations are considered to 
take place in four zones: the en route long-distance 
zone, the en route short-distance zone, the approach 
and landing zone, and the airport zone ( F ig. 4) . 

Long-distance en route zone. The equipment em- 
ployed in this zone has ground facilities located at 
intervals of not less than 200 miles, such as over 
oceans or undeveloped areas. Il should not be in- 
ferred, however, that this equipment is u «ed only 
where navigational facilities are spaced at intervals 
of more than 200 miles. Much of the same equip- 
ment serves useful purposes at much shorter dis- 
tances. For a discussion of equipment serving in 
the long-distance en route zone, .see Airborne ra- 
dar; Dectra; Direction-finding equipment; 
Doppler radar; Ground-position indicator 
(OPT ) ; Inertial guidance system; Lor an ; 
Navarho; Omega. 

Short-distance en route zone. With equipment 
used in this zone, ground facilities may be located 
at intervals of less than 200 miles. This zone, how- 
ever, does not include the approach and landing 
zone and the airport zone. For details about equip- 
ment used in the short-distance zone, see Air traf- 
fic control; Course-line computer; Radio 
Range: Tacan. 

Approach and landing zone . The equipment used 
in this zone is primarily in an air space of defined 
dimensions, together with the runways and water 
channels used by aircraft arriving at, departing 
from, and operating in the vicinity of airdromes. 
See Aircraft low-approach systems; Instru- 
ment LANDING SYSTEM (ILS) ; PRECISION APPROACH 
Radar (PAR); Terrain-clearance indicator. 
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Airport zone. The equipment used in this zone 
serves aircraft and surface vehicles within the 
boundary of the airport. However, it does not serve 
aircraft using the take-off and landing runways or 
the localized areas used primarily for the storage 
and maintenance of aircraft, when movement within 
such areas does not constitute a collision hazard 
with airport traffic. See Airport surface detec- 
tion equipment. 

Marine operations. Electronic navigation devices 
serve three purposes in marine operations: anti- 
collision. position-fixing, and harbor control. See 
Marine navigation. 

Anticollision. Electronic devices are employed 
primarily to reduce the risk of collision. This equip- 
ment is mainly shipborne radar similar to that em- 
ployed on aircraft (see Airborne radar L 

Position- fixing. Electronic devices employed for 
this purpose are classified in three groups: 

( 1 ) equipment for use at distances over SO miles, 
(2\ electronic equipment used at distances be- 
tween SO and 3 miles, and (3) equipment used for 
distances under 3 miles. 

Flquiprnent used for distances over 50 miles, 
where an accuracy of \ r/ r is required and IS min- 
utes is allowable for a position fix, consists of 
loran and shipboard direction finders, which take 
bearings on shore-based radio beacons. 

Equipment for distances between 50 and 3 miles 
is employed as an aid upon approaching land, for 
coastal navigation, and for port approach. It is used 
where accuracies of from Vz mile to 200 yards 
arc necessary and it is permissible to take from 5 
minutes to minute to obtain a positional fix. 
Equipment for this purpose consists of shipborne 
direction finders operating on land-based radio 
beacons, shipboard radars, and radar aids (both 
active and passive! for special marking of naviga- 
tional aids, dangers, and shore features. Equip- 
ment for distances under 3 miles is employed 
as an aid to harbor entrance and where 50-yard 
accuracy and instantaneous position and track fix- 
ing are necessary. Such equipment consists of high- 
resolution shipboard radar, radar aids (both active 
and passive ) necessary for special marking of nav- 
igational aids, dangers, and shore features, and 
shipboard direction finders used with radio beacons. 

Harbor control. Harbor control equipment con- 
sists largely of high-definition radar installed on 
shore. The services of the harbor radar are trans- 
mitted to ships, largely by voice. Some experiments 
have been made in broadcasting a picture of the 
radar tube via television. The ships employing this 
service use a standard television receiver to see the 
location of all ships in the harbor as obtained by 
the harbor radar. [p.C.S.’l 

Bibliography : J. S. Hall (ed.), Radar Aids to 
Navigation , 1947 ; International Meeting on Marine 
Aids to Navigation , 1958; P. C. Sandretto, Elec- 
tronic Avigation Engineering , 1958; P. C. Sand- 
retto, Principle of Electronic Navigation Systems , 
VI Convegno Internazionale Delle Communicazioni, 
Geneva, 1958; War Department, Air Navigation , 
Tech. Manual 1-205. 
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Neanderthal man 


Neanderthal man 

A widely distributed form of fossil man named 
from a skeleton found in 1 856 in the Feldhofer 
cave in the Neander gorge, southeast of DiisscI- 
dorf. Germany. This find was recognized as the 
first example of man differing physically from 
Homo sapiens* modern man. In spite of the fact 
that the face and many other parts were missing, 
the skeleton revealed a low. broad brain case, con- 
tinuous arched eyebrow ridges, and projecting 
occipital region, combined with a brain volume of 
modern size. ( Other finds have shown the face to be 
large and extended well forward on the skull, with 
a large nose, sloping cheekbones, large month and 
dentition, and poorly developed chin.) The skeleton 
was marked by short limbs and large joints. The 
specimen was named Httrno nrarnlertholrnsis bv 
W. King. This name and classification have been 
widely accepted. The original specimen is in the 
Hhcinisches Landesmusenm. in Bonn. Germany. 

Many later finds established the validity of the 
type, indicated its wide spread, and allowed its 
dating. Most remains may be assigned to Early 
Wiirm glaciation, the first stage of the Fourth 
Glacial phase. The La Naulelte jaw (1866) and the 
Spy skulls (1886). all from Belgium, evidenced an 
association with Pleistocene animals. In the twen- 
tieth century, finds were made in Spain. France 
(La Chapel le-anx-Saints, Le Monstier. La (Juina, 
and La Ferrassiel, Italy. Czechoslovakia. Hungary, 
western Asia (Shanidar Cave. Iraq: Teshik-Tash 
cave. Soviet Central Asia), and North Africa (jaw 
fragments from Tangier. Cyrenaiea. and possihlv 
Ethiopia). All these conform well in tvpe to the 
description above, establishing the nature of the 
human population of Europe and certain nearby 
regions during ibis period. All are associated wit li 
some form of Mousterian stone culture. 

A smaller number of specimens is of earlier 
(Third Interglacial) date. These specimens wen- 
found in Germany (Ehringsdorf ) , Italy (Sacco- 
pastore near Rome), and Yugoslavia (Krapina in 
Croatia). They are of basically the same type, in 
less exaggerated form. The skeleton was apparently 



less heavily jointed, the skull was less rapacious 
and probably lower but less projeeting in the 
occipital region, and the face was Jess markedly 
forward-projecting. Another specimen, possibly 
still older, is the Montmaurin jaw, from near 
Toulouse, France; otherwise, any earlier origins 
of the Neanderthal stock are unknown. Fossil men 
contemporary with the later Neanderthals (Rhode- 
sian man. Solo man ) have? by some writers been 
considered to be Neanderthal variants, or races, but 
the majority regard them as separate develop- 
ments. See Riiodksi an man ; Solo man. 

The relations of the Neanderthals and Homo 
sapiens are likewise problematical. It is evident 
that t be former w r ere replaced in Europe by in- 
truder* of modern type, alter the Early Wiirrn. 
Whether the two stocks have a common parentage 
in the earlier Neanderthals is a debated point. See 
Fossil, MAN. I W.W.H. I 

Bibliography: M. Boole and H. V. Vtdloi*, Fossil 
Men , 1957; F. C. Howell. The place of Neander- 
thal man in human evolution. Am. J . Phys. Anthro- 
poid 9(4) :379 416, 1951. 

Nebaliacea 

A small, exclusively marine order of the higher 
Crustacea ( Malacostraca ) . belonging to the series 
Leptostraca. Only 5 Recent genera, including less 
than 20 specie* and varieties, arc kn#wn; thev are 
the last surviving member* of a group that flour- 
ished in Paleozoic times. They arc mostly small. 
4 12 mm long, bottom-living species t but occur in 
shalVftw water or at moderate- depths; one species 
i* bafhypclagic and niav he 35-40 mm long. 

Morphology. Nebalia illustrates the diagnostic 
characters of the order (see illustration a). The 
large bivalve shell or carapace, without any definite 
hinge line, loosely envelops the thorax and part of 
the abdomen and. in moM cases, quite conceals the 
thoracic limbs. An adductor muscle in the head 
region joins the two valves. Anteriorly the shell i* 
produced into a niovably articulated beak or ros- 
trum. All eight thoracic somites are free and, ex- 
cept in Nebaliopsis , are short and crowded, al- 
though llie suture lines are clearly indicated. The 
abdomen has seven somites, the last without ap- 
pendages. The lelson hears a pair of niovably artic- 
ulated f ureal rami. 

Stalked eyes, antennules, and antennae are well 
developed. The antennal flagellum in the male is as 
long as the body. The mandible has a large three- 
segmented palp and a strong molar process; the 
incisor process is small and simple in Nebalia , 
large and toothed in N ebaliella, or absent as in 
Nebaliopsis. The maxillule has a long obliquely 
directed palp. The eight pairs of thoracic limbs 
are all similar to each other but differ considerably 
in structure in the five genera. In Nebalia the whole 
limb is much flattened, with a large lamellar epipo- 
dite and a lamellar exopodite. In Paranebalia (see 
illustration c ) the epipodite is minute but both the 
endopodite and exopodite are long and slender, 
projecting beyond the edges of the shell. The first 
four pairs of abdominal appendages are biramous 
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( a) Nebalia bipes (Fabricius), female in lateral aspect, 
with left valve of shell cut away to show the append- 
ages ( after G. O. Sars, Fauna Norvegiac, vo I. 1, 1896). 
ib) Nobofiopsis typica G. O. Sars, in lateral aspect. 


body distended with large store of food latter H . G. 
Cannon Discovery Rept. 3, 1 931 K (c) Paraneba/ia 

longipes (W. Suhm), Fifth thoracic limb (after G. O. 
Sars , Challenger Rept. 56, 1887). 


*i «ifl are lift'd i swimming and with the untennules 
in hm rowing I hr lust two paits are small and 
uniramous. 

In the* breeding female, the tip <»f eaeh thoracic 
limb, tlie endopodite. carries a fan of plumose 
■^etar bent inward to form a basket like brood cham- 
bei. Development is embrvonie. the young hatching 
at a late stage. 

Ecology. Most Nebaliacca live where the bottom 
deposits are muddy. Nebalia lies most of he time 
on the mud, under or among stones, shells, or 
weeds. Neba/iefla is a trur burrower. with eves, 
rostrum, and feelers all adapted for burrowing. Any 
resemblance to the Branchiopoda is superficial. 
The least specialized trunk limbs, those of Parana 
balia , are essentially similar to the typical bira- 
mous malacostracan limbs such as the mvsids, al- 
though they are shorter and have only faint traces 
of segmentation. The foliaceous limbs of Nebalia 
are highly specialized, an adaptation to its bottom- 
living and unique filter- feeding habits. The food 
stream enters anteriorly, under the rostral plate, 
and leaver posteriorly, not the reverse, as stated in 
textbooks. Nebaliopsis typica , living at depths 
down to 2500 meters, seems to feed exclusively on 
the eggs of other animals. When eggs are„ahundant, 
it gorges itself, filling a huge saclike diverticulum 
of the midgut with reserve food to tide it over pe- 
riods of scarcity (see illustration b ) . 

The fossil forms differ from living Leptostraca 
in having, as a rule, three terminal abdominal 
prongs, the telson being produced as a median style 
between the furcal rami. Some of the fossils are of 
large size, reaching a length of 2 ft. Nothing is 
known of the structure of their limbs and it is not 


passible to define their relationship to the living 
forms See l .f.ptoxtraca : M \\ u nsntACA ; Phyl- 

LOf AKIllA. | 1.00 | 

Bibliography: C». 0. Sars, Fauna Norvegiac . vol. 
1 . ]»%. 

Nebula 

Originally an\ diffuse or nebulous astronomical 
object he\ oriel the limits of our solar system, but 
now often pertaining only to interstellar clouds of 



Horsehead Nebula in Orion (1C 434, Bernard 33), pho- 
tographed in red light with 200-in. telescope, is a 
cloud of obscuring solid particles between Earth and 
a gaseous emission nebula. (Mount Wilson and Palo - 
mar Observatories) 
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Nabula, gaseous 

gas or small particles. Gaseous nebulae may exhibit 
either an emission or an absorption spectrum. 
Reflection nebulae and dark obscuring nebulae are 
composed of small solid particles. Extragalactic 
nebulae, or external galaxies, are located beyond 
the boundaries of our own galaxy. See Andhomeda 
Nebula; Crab Nebula; Galaxy, external; In- 
terstellar matter; Nebula, gaseous; Orion 
Nebula. fw.u.1 

Nebula, gaseous 

Originally, any fixed, extended, and usually fuzzy, 
luminous object seen in a telescope. Nebulae are 
now distinguished from star clouds that can be re- 
solved into individual stars, but earlier workers 
were unable to differentiate between white nebulae, 
which are stellar systems so remote as to show no 
individual stars, and gaseous or diffuse nebulae in 
our own galaxy. 

Extragalactic nebulae are stellar systems com- 
parable with our own galaxy or the Magellanic 
Clouds in size and number of stars. They are 
grouped as spirals, ellipticals, or irregulars, and 
various classification systems have been devised. 

Types of nebulae. The present article deals with 
gaseous nebulae, clouds of gas like the Network 
Nebula in Cygnus or dust and gas aggregates such 
as the Orion Nebula. Gaseous nebulae are members 
of our galactic system and small compared with its 
over-all dimensions. Various types of gaseous neb- 
ulae have been identified. 

Diffuse nebulae. One type of nebula ranges from 
huge masses of relatively high surface brightness, 
such as the Orion Nebula, down to faint, milky 
structures a hundred times less dense that are de- 
tec-table only with long exposures and special fil- 
ters. Diffuse nebulae may contain both dust and 
gas (see Orion Nebula) or may be purely gaseous, 
like the California Nebula. The nebulosity found in 
the Pleiades and elsewhere consists of dust with no 
luminous gas, although it is probable that there is 
also a great quantity of neutral hydrogen. 

Variable nebulae. Variable-brightness nebulae 
are associated with abnormal variable stars and 
are frequently fan-shaped in appearance. The best 
known example is Hubble’s Variable Nebula. An- 
other is the nebula associated with T Tauri. which 
is believed to be a star in the process of formation. 

Planetary nebulae . The best-known planetary 
nebula, although not the brightest, is the Ring Neb- 
ula (Fig. 1). Such nebulae often 9how small green- 
ish disks in the telescope, not unlike the planets 
Uranus and Neptune, hence the name planetary 
nebula. They are purely gaseous and are caused 
to shine by the stars embedded within them. 

Extended filamentary radio sources. Examples of 
radio nebulae are the Network Nebula in Cygnus 
and NGC 443. Whereas the source of excitation in 
diffuse, variable, and planetary nebulae is the il- 
luminating star or stars, radio nebulae apparently 
derive their luminosity from collisions with the sur- 
rounding interstellar medium. They emit nonther- 
mal radio-frequency radiation (see Radio astron- 
omy). 


Ex-super novae. The best-known ex-supernova is 
the Crab Nebula, which was a supernova in 1054. 
It is a strong radio source; both the optical and 
radio-frequency emissions appear to be caused by 
synchrotron radiation. The explanation of this re- 
markable object constitutes one of the most chal- 
lenging problems in astrophysics (see Crab Neb- 
ula; Supernova). 

Catalogs. Nebulae are cataloged according to 
various systems. The first list was due to C. Messier 
(.see Messier number). A much more complete 
list was given by J. L. E. Dreyer in the New General 
Catalogue (abbreviated NGC) and the two Index 
catalogs. Special lists have been published for dif- 
fuse nebulae (S. Cederhlad), for new planetaries 
(R. Minkowski), for faint diffuse nebulae (H. M. 
Johnson, S. Sharpness), and for different types of 
radio sources. Many faint extended nebulae are 
shown in the Palomar charts and in the atlas by 
G. A. Shajn and R. F. llase. The Skalnate-Pleso 
charts are particularly valuable for amateurs. 



Fig. 1. Ring Nebula, NGC 6720. Densely exposed pho- 
tograph brings out the faint tufts on the outer edge. 
The space within the ring also shows some structure. 
The very blue central star is extremely faint. ( Photo- 
graphed with the 60-in. reflector at the Mt. Wilson 
Observatory , October 26, 1952) 

Methods and types of observation. The meas- 
urements of positions and sizes are straightforward 
except for irregular structures that cannot be de- 
scribed in words. Early observations were visual, 
but by the unaided eye only the brightest nebulae 
or their most conspicuous features could be de- 
tected. Photography has contributed greatly to neb- 
ular ohservation. Most emission nebulae radiate 
strongly in the red hydrogen line Ha. Hence by 
using red-sensitive plates and narrow band-pass 
filters it is possible to suppress the sky back- 
ground and register nebulosities of low surface 
brightness, as was done in Fig. 1. Caseous nebulae 
can often be observed with radio telescopes. Ther- 
mal radiation is detected at the highest frequencies 
whereas nonthermal radiation persists to lower fre- 
quencies. The measurement of the radio- frequency 
spectrum i9 essential for deciding whether a source 
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is thermal, like Orion or the Lagoon Nebula, 
Messier 8, or nonthermal. like the Crab Nebula. 

Brightness. Because surface brightness is inde- 
pendent of the distance as long as the eye perceives 
the object as an extended area, no advantage is 
gained on objects such as Orion or the Trifid Neb- 
ula by using large telescopes unless one wishes to 
examine small details. For small diffuse nebulae 
and plarietaries. a large telescope has considerable 
advantage. For monochromatic radiation, the sur- 
face brightness may be expressed in terms of 
ergs (sec) (nr) (unit solid angle), although other 
units such as magnitudes per square minute of arc 
have also been used. 

The brightness of a nebula can also he measured 
in the radio- frequency region, although it is neces- 
sary to take into consideration the limited resolving 
power of such telescopes. Surface brightness may 
he measured hv photographic photometry, but the 
most accurate work is done hv photoelectric meth- 
ods. using a spectrum scanner or narrow band- pass 
filters to select monochromatic radiations. 

The measurement of the brightness of a nebula is 
more complicated than that of a star. The nebula is 
an extended surface of nonuniform brightness: 
lienee, the complete description of a nebula in 
monochromatic radiation would consist of a set of 
Uophotic contours calibrated in terms of intensity 
units. Gaseous and diffuse nebulae show a huge 
range in surface brightness from objects like Orion 
to faint wisps barely visible on long exposures 
with narrow band-pass filters. 

Distances. If the nebula is associated with a star 
or a star duster, its distance mav he found hv 
measuring the stellar distances. Thus, the distance 
of the Orion nebula is found hv establishing the 
absolute luminosities of the illuminating star^ and 
the amount of space absorption. Then the distance 
is found from a comparison of the apparent and 
intrinsic brightnesses of the stars. Similar methods 
mav be applied to the Lagoon and Trifid nebulae. 

In some instances, such as the Network Nebula 
in dygnns. it is possible to measure the angular 
rale of expansion and also the velocity in the line 
of sight, which gives the radial rate of expansion 
in kilometers per sec. The method cannot yet he 
applied to the planetaries because the rates of ex- 
pansion are too slow and the objects arc too re- 
mote. For them statistical methods arc used in 
which radial velocities and proper motions are 
compared, together with correlation between angu- 
lar diameter and distance. Direct determinations 
aie possible for a few objects -the nucleus of NGC 
246 which has a dwarf comparison of absolute mag- 
nitude M = 7.0, the planetary nebula in the globu- 
lar cluster M IS, the planetaries near the central 
bulge of the galaxy, and those in the companion to 
Andromeda. Astrophysical methods have also been 
used to estimate the distances of planetaries. 

Spectra. Small gaseous nebulae, such as plane- 
taries which have diameters of 1 minute of arc or 
less, can be observed with a slitless spectrograph 
(see Astronomical spectroscopy). An image of 
the nebula is formed in each of its monochromatic 
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radiations. It is found that the radiations of ions 
of higher excitation such as neon, Ne***% are al- 
ways concentrated closer to the eentrul star than 
are the radiations of ions of lower excitation such 
as oxygen. 0\ The reason is that the higher-energy 
quanta capable of producing highly ionized atoms 
are exhausted before they reach the outer lavers. 

For the spectroscopic studies of large nebulae, 
weak lines, or lines thal fall close together, it is 
necessary to use a slit spectrograph, preferably one 
equipped with high-speed cameras. 

The spectra of the gaseous nebulae show the re- 
combination lines of hydrogen and helium, but the 
strongest lines arc often some that have never been 
produced in any terrestrial laboratory. These are 
the so-called “forbidden” lines of ions of various 
abundant elements, indicated by brackets. They 
represent transitions between the metastahle levels 
of the ground configuration. Figure 2 illustrates 
these transitions for the ions argon [ Ar HI] and 
chlorine | CH III], where numeral ill designates a 
doubly ionized atom, the ionized atoms having 
ground configurations and 3 p A . respectively ( see 
Atomic struct i kk \nd spectra). Transitions of 
the type -D--D in /r ions or } S- { D in p • or p* ions 
are called auroral transitions because this type of 
forbidden transition is the most important in the 
Earth's aurora. Transitions between the middle rnet- 
astable term and the ground term give the so- 
called nebular lines, while jumps Irom the highest 
metastable teinv* to the ground term give trans- 
aurorul lines. 

Weak recombination lines of oxygen and carbon 
are observed in a number of planetaries, but the 
strongest permitted lines (* ther than hydrogen and 
helium lines) are certain oxygen | O III] transitions 
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Fig. 2. Forbidden-line transitions in doubly ionized 
chlorine and argon with the energy of each transition 
given in wave number units. 
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observed in high-excitation planetaries. These [0 
HI J lines are produced hy a remarkable fluorescent 
mechanism discovered hy 1. S. Bowen. Ions of 0 ++ 
in the 2 p L ' A P» level of the ground configuration 
absorb the A 303.78 resonance line of ionized he- 
lium and are excited to the 3 level from which 
they cascade downward with the emission of ob- 
servable lines. 

The visible Ualmer lines of hydrogen and the he- 
lium lines are produced by a process of photoioni- 
zation from the ground level, (ollowed by recombi- 
nation in one of the highly excited levels with 
subsequent cascade and the emission of observable 
lines. F«»i example, the red hydrogen line Ila may 
be produced hy the recapture of an electron on the 
third lex el with a subsequent jump from the third 
to the second level. Finally, the atom goes Iroin the 
second level to the ground level. 

On the other hand, the forbidden lines are ex- 
cited by electron impacts which cause the atoms to 
rise from the ground term to one of the nearby 
mrlastablr terms. They return to ihe ground level 
with the emission of a forbidden line. 'Hie transi- 
tion probabilities, such as the probability of an 
atom making the pimp in a unit time, are very low. 
An atom may remain in a metastable level for sec- 
onds or even minutes, whereas it will leave an ordi- 
nary exc ited level m a ten-millionth of a second or 
even less time. The forbidden lines attain such greal 
strength in gaseous nebulae because ol their vast 
extent and because the processes operating to pro- 
duce the ordinary permitted lines are enormously 
reduced in efficiency. In a typical planetary nebula 
the green forbidden lines of oxygen [() 1 1 1 J may be 
ten times as strong as the hydrogen Hjtt line, vet the 
concentration of hydrogen ions per unit volume may 
be 10.000 times as great as the c oncentiation ot O" 
ions. 

The diffuse galactic 1 nebulae always show rela- 
tively low exc itation, the Halmer lines are strong, 
the jO II] lines aie oiten more intense than the 
| O 111 | lines, and lines such as [ Ar IV] and [ Ne V ) 
are absent. In nebulae of low surface brightness, 
only a few lines can be observed: Ho, and some- 
times A 3727 |() II |. and occasionally | 0 1IIJ. In 
external galaxies there sometimes exist high-exei- 
tation. extended gaseous nebula. 

Masses, densities, and temperatures. The 

masses of the nebulae depend on their linear di- 
mensions and their densities. Their dimensions are 
obtained from their angular -dzes as soon as their 
distances are known. Densities are found fiom the 
fact that the nebulae are composed mostly of hy- 
drogen. Consider a nebula consisting of a shell of 
thickness d and outer radius A. 

The surface brightness in Ho is 

S a - 1 .61 x l(r 19 (.V ( /V r , T**)bz(T,)nexp hRZ*/n*kT e 

where U « 3d[l - (d/A) -f {tP/'&A 2 ) | 

and T e is the electron temperature, /V, and N, the 
ionic and electron densities, respectively, and 


63 (7\.) a factor which depends on the electron 
temperature as follows: 

T, 5,000 10,000 20,000 40,000 

M7V) 0.0121 0.116 0.425 0.85 

To establish the electron density one needs not 
only measurements of the surface brightness but 
also a knowledge of the temperature T t . 

One way of estimating T, is from the energy dis- 
tribution in the recombination spectrum of hydro- 
gen. The difficulty here is that the temperature is 
sensitive to the exact distribution of energy, and 
the effect of the underlying continuum cannot be 
evaluated easily. One might estimate the electron 
temperature from the width of the spectral lines, 
but it would be necessary to separate the effects of 
tin* gas kinetic motion from the large-scale mass 
motion. 

The best method involves the use of the relative 
intensities of the auroral and nebular transitions 
of a given ion, such as the 1 S'- 1 1) (A 43(>3 ) and 
'D- r (A 5007, A 1959) transitions of |() III j. Hie 
relative number of rollisional excitations to the 
1 Dj level and to ihe '.S’ level depends on the ve- 
locity distribution of the electrons and hence on 
the temperature. If the target areas lor rollisional 
excitation and the transition probabilities arc 
known, a relation involving temperature, density, 
and intensity ratio can be found. II the nebular 
and auroral lines ol two ions, both occurring in 
the same region in tin* nebula, can be measured, 
both A, and T, can In* found independently <>l the 
surface brightness measurements. If the nebula has 
a filamentary structure, the electron density found 
in this way will be greater than that found fiom the 
surface brightness, which represents an aveiagc 
over tin* space occupied by the nebula. 

The masses of the planetary nebulae turn out to 
be about a fifth that of the Sun, although this mass 
may be somewhat less in some objects. The diffuse 
nebulae often have musses several limes that of the 
Sun. while the neutral hydrogen clouds in Orion 
(which arc not ionized by the hot stars) have a 
total mass about 100,000 times that of ihe Sun. 

Internal motions. The motions of the gases per- 
pendicular to the line of sight have been found in 
only a few nebulae, notably the Network Nebula 
and the Crab Nebula, but motions along the line of 
sight can be detected by radial velocity measure- 
ments with a slit spectrograph and hy a Fabry- 
Perot etalon (.sec liSTtin- khomktry ) . Use of a 
multislit consisting of a series of closely placed 
slits parallel to one another is the most efficient 
way to observe radial velocity shifts in small nebu- 
lar regions. With this device O. C. Wilson has ob- 
served many planetaries. The planetaries appear 
to be expanding, the rate of expansion depending 
on the degree of ionization of the ion. Thus [ _Ne V] 
lines show the smallest expansion rate and [O II] 
lines show the largest, suggesting that because the 
degree of ionization depends on the distance from 
the central star, the material is accelerated on the 
outer side. 
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Fig. 3. Lagoon Nebula NGC 6523 and star cluster 
NGC 6530. Photographed with a red-sensitive filter 
and emulsion to isolate the spectral region about the 
red hydrogen line Ha-. Note the irregular structure. 
The dark lanes and the globules are caused by solid 
grains in the neighborhood. (Curtis Schmidt Telescope , 
Univeisity of Michigan ) 

Studies ol motions in diffuse nebulae, part irulai l\ 
Oiiun. show a varietv of phenomena. stream- 

ing motions and perhaps shock waves appear to 
net ur. Also, tin* conventional ihrorx of incompics 
s»|)le tin bulence. which gives a definite relation 
between eddv si/e and velocity, cannot In* applied. 
In some nebulae, internal motions aie almost cer- 
tainly complicated bv the influence of magnetic 

fields. 

Relation to illuminating stars. Except for the 

nonthermal radio-1 1 eipirnrx sources. gaseous neb- 
ulae derive their energy from stars near or within 
tlu mu. It the star is relativelv laint I like T Tauri ) * 
lie 1 nebula is small; large luminous nebulae are 
mvessarilx excited In high-lemperalurr bright 
stars. Tbe hot star ioni/.es the surrounding g:i-< 
up to a boundary that is more or less shaip. de- 
pending on tbe density inlininogencitir- in the gas. 
Ilexond that boundary the ^as is m*ulral and non 
hnninous. although it max be detectable from its 
21-em rndio-frccpiencx emission. An example in 
point is the Lagoon Nebula NGC 6523 which is 
e\i-iled h\ the star cluster NGC 6530 ( l«'jg. 3). The 
patehv luminous nebula appears To be surrounded 
bv a much larger region of cold, neutral hxdro- 
gen. The bright O- and B-type stars that excite 
txpieal diffuse gaseous uehuhie have effective tern 
peratures of 2. r >,000 4(),000°K and luminosities of 
1,000 10.000 times that of the Sun. 

The central stars of planetary nebulae are. by 
comparison, dwarf stars, although then tempera- 
ture-’ range from 25.000 °K to perhaps 200,000 °K. 
Their luminosities range from less than that of the 
Sun to about 200 times that of the Sun: precise 
figures cannot he given until the distances of the 
phirietaries are accurately established. 

Gaseous nebulae in external galaxies. Diffuse 
nebulae are observed in external galaxies, for 


example, in the Andromeda Spiral M 31, NGC 
6822. and Messier 101 ; the largest number has been 
cataloged in the Triangulum Spiral M 33. The 
largest nebula in this galaxy. NGC 604, has an ap- 
pearance similar to that of 30 Doradus in the 
Large Magellanic Cloud, a structure suggestive of 
the influence of magnetic fields. [ l. h. au.er | 

Hibliof'rapJn : L. FL Aller. Gaseous Nebulae , 
1956: L. II. Aller, Astrophysics: Nuclear Transfor- 
mations \ Stellar Interiors and Nebulae , 1954; 
J. Dufay, Nebuleusrs gulactiques et matiere inter- 
stellaire , 1954; R. Minkowski and O. C. Wilson, 
Planetary Nebulae , 1960. 

Neck 

The communicating column between head and 
trunk. Its bonx framework, formed in man by seven 
cervical vertebrae, is surrounded bv heavy muscle 
groups. In front, the esophagus, larynx and 
trachea, and thyroid lobes occupy the central area, 
and are coveted by thin straplike muscles. On each 
side of the trachea lie the carotid arteries, the in- 
lei nal jugular veins, and the vagus nerves. The base 
ol the neck contains blood vessel* and nerves for 
supply of the shoulders, arms, and upper trunk. 



Human neck. (From J. M. Dunlop , Anatomical Dia- 
grams, Macmillan and G. Bell, 1935) 

including the important brachial plexus and sub- 
clavian arteries and veins. Subcutaneous tissue, fat, 
and Ixmph nodes arc plentiful both in deep struc- 
tures and just beneath the skin. See Anatomy, 
UK. to VAT.. | K. c.. STUART] 

Nectarine 

A smooth-fruited, fuzzlc-ss form of peach known 
since the beginning of the Christian era. Fruits 
usually an* somewhat smaller, softer, and richer 
in flavor than those of the peach. They are highly 
susceptible to brown rot (Sclcrotinia rincrea) and 
surface bruising. Nectarines may originate from 
seed of the peach, or as a hud sport of the peach. 
Peaches ma>, in turn, arise from nectarines. Prop- 
agation. adaptation, and cultivation are the same 
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as for the peach. Principal varieties are Quetta, 
John Rives, Gower, and LaGrande. In North Amer- 
ica, cultivation is confined almost exclusively to 
California. Production in 1057 was 36.000 Ions, 
with average returns to growers of $148 a ton. See 
Fruit (botany); Fruit (thi:k); Fruit (thf.k) 
diseases : Peach. |h.b. itki:y1 

Nectonematoidea 

An order of parasitic worms belonging to the class 
Nematomorpha. The order comprises only the 
genus Nertonema which is a pelagic marine organ- 
ism. Nertonema differs from other nematomorph 
worms hy having dorsal and ventral epidermal 
chords, an open body ca\it> or pseudocode, and 
dorsal and ventral rows ol swimming bristles. Dur- 
ing the parasitic phase of its life c\cle, it li\es in 
hermit crabs and true crabs. The larvae are un- 
known hut the adults arc occasional!} found swim- 
ming near the surface of the water. This nemato- 
morph is about 200 mm long. These animals have 
a eosmopolitan distribution in coastal waters. See 
N MM ATOM OH PH A. | B. .1. Ml 1 sj 

Nectridia 

\n order of Carboniferous and Karl\ Permian 
lepospondvlous amphibians characterized bv verte- 
brae in which large fan-shaped hemal arches glow 
directh downwaid from the middle of each caudal 
centrum: the neutal arches of the tail, and some- 
times of the trunk as well, have a similar shape. 
Most nectridians can be cleurlv separated into two 


Skull of Lower Permian nectridian, Diplocaulus. (From 
E. H. Colbert, Evolution of the Vertebrates, Wiley, 
19 55) 

types. In one, represent 'd h\ That onlylns, the 
skull is long and slender, the hnd\ and tail elon 
gated and the limbs reduced, fn tin* other t>pe. tin* 
head and trunk are broad and flattened and the 
back corners of the skull table taper into long 
slender ‘‘horns," as seen in Dipl omul us. .See Am- 
phibia lOSMIS; I,KIM>M»ONI>YLI. | \. S. HO Mill | 

Negative-resistance devices 

Devices characterized in terms of a volt-ampere 
curve which display*, over a limited range, a nega- 
tive 'ncremental resistance. Some of the devices 
that exhibit negative incremental resistance are 
the tunnel diode, the unijunction transistor, the 
p-n-p-n diode, the silicon-controlled switch, the 
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Volt-ampere characteristics, (a) Voltage-controllable 
negative resistance . (b) Current-controllable negative 
resistance. 


thyristor, the \acuuin-luhe tetrode, and certain 
t \ pcs of gas tubes. 

The volt-ampere characteristic between a se- 
lected ‘-rt id terminals of a negative-resistance de- 
Nice ma\ have the generalized form shown in the 
figure. In ( a ) the device displays negative incre- 
mental resistance between I and B, since in flih 
ie«»i*»n an increase in voltage causes a decrease in 
cm rent. Similarlv in I /> ) there is a region of nega- 
tive incicmcntal resistance between / and II. Some 
negat i\ c-i esjvtancc devices. such as the uni junction 
transistor. Iiaxc volt-ampere char ac^Tistics which 
do not pass tlnough the origin. We observe in t a \ 
of the figure that llieie h a unique cm rent associ- 
ated with each vollaae. and the inverse i^ true of 
(h )/To distinguish one* t\pe of \o(t-ampcre curve 
fiom the other we call tin* chnracIciM ics in (a) 
voltage < out reliable and those in ( h ) cur lent eon- 
trollabb. The tunnel diode falls into the voltage- 
controllable das«. while the ‘‘ilicon-conlrollcd 
switch falls in the currenl-contiollahle class. 

■\ device with a legion <d‘ negative im rcmmtal 
resistance may be used to construct an amplifier, 
an oscillator, or a switching circuit such as a 
monostahle or asfable multivibrator. Amplifiers 
using tunnel diodes have been found useful as low- 
noise rf amplifiers in the front end of microwave 
rei rivers. 'These amplifiers are applicable to vari- 
ous tvpes of radar and countermeasure s\ stems. 
Microwave oscillators have also been constructed 
making use ol lire negative incremental resistance 
of tunnel diodes. Such units have produced funda- 
mental oscillations at frequencies as high as 100 
gigahertz (10 M cps). Negative-resistance devices 
are extensively used in switching applications; 
specifically, the tunnel diode, because of its high- 
frequenev capabilities and small power require- 
ments. exhibits excellent switc hing characteristics. 

\r.. c. ii \i.kiasJ 

Bibliography. J. Mi liman and H. Tauh. Pulse. 
Digital anti Snitching IP arc for ms. 1%5. 

Neisseriaceae 

A 'family of bacteria of the order Fubacteriales. 
All tht* known species are parasitic, and there are 
several that cause disease in man. The bacteria 




are spherical, gram-negative, and do not form 
spores. The two genera of this family are Neisseria 
and V cillonclla. 

Neisseria . Cells are about 1.0 /(. in diameter, and 
occur commonly in pairs with the adjacent sides 
flattened. Metabolism is strictly aerobic or faculta- 
tively anaerobic. N. gonorrhoeae , the gonococcus, is 
an important pathogen of humans, causing the 
venereal disease gonorrhea. Another pathogen. 
V. meningitidis . the meningococcus, causes epi- 
demic meningitis in man. Other species occur as 
parasites on the mucous membranes of the respira- 
tory tract of man. but are not known to be patho- 
genic. See Gonorhhka; Mr-.NiNt.ms: Mkningo- 
cogcijs. 

VeUlonella. Cells art 1 less than 0., r > //. in diameter 
and occur in pairs or masses. Metabolism is strictly 
anaerobic. The best-known species is V. alralescen s 
which carries out a propionic acid fermentation 
with organic acids as substrates. This organism oc- 
curs in large numbers in the saliva of man and ani- 
mals. where it forms part of the normal flora. It is 
also found as part of the normal flora in the rumen 
of sheep. See Ei iim.tkki \lk.s. 

| n. r. otM ca.As | 

Nematocide 

\ type of chemical used to kill plant-parasitic 
nematodes. Nematocide* may be classed as soil 
fumigants or soil amendments, space fumigant-, 
surface spray*, or dips. Soil treatments are com- 
monly used because most plant-patbogenie species 
spend part or all of their life c>< le in the soil, in 
»u about the roots of plants. Nematocide* rnav he 
liquids, gases, or solids, but on a field scab*, liquids 
ate most practical. These materials possess a high 
wtpoi pressure and volatilize quickly to act as soil 
fumigants. Carbon disulfide. CS 7 , and < hloropicrin 
were among the first to he developed for I his pur- 
pose hut are loo expensive for general field usage. 
Also, C So is highlv flammable and explosive, and 
chloropicrin requires a cover or water seal. 

The nernatocidal properties of 1.3-dichloro- 
propene and 1,2-dibrnmnethane were discovered 
between 1943 and 1945: they are the predominant 
nematocides used at present. These chemicals can 
he applied to the soil bv handgun or machine appli- 
cators and require no surface seals or covers be- 
vond cultipacking or rolling the soil after treat- 
mem. Since most nematocides are phytotoxm, they 
must he used in the absence of growing plants. The 
nematocide 1.2-dibromo-3-chloropropane is an ex- 
ception. Tests since 1954 indicate that nernatocidal 
dosages of this chemical can be applied safelv 
around the roots of certain established plants. 

Water-soluble nematocides, such as sodium 
N-methyldithiocarbamute (anhydrous), can be ap- 
plied as soil drenches through irrigation systems. 
Chemicals, such as 0-2.4-dichlorophenyl-0-diethyl- 
phosphorothioate, have been applied as emulsions 
drenched on turf and ornamentals. Solid soil 
amendments used include calcium cyanamide, 
urea, and 3,5-dimethyltetrahydro-l,3,5,2//-thiadia- 
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zine-2-thione. The solids require thorough physical 
mixing with the soil to be effective. 

Space fumigants, including methyl bromide, may 
be used as soil nematocides but are restricted to 
small-scale operations since a gasproof seal or 
cover is required. Methyl bromide is especially use- 
ful for sterilizing bags, flats, pots, and other con- 
tainers or equipment. It bus been used to disinfest 
onion and clover seeds of stem nematode, Ditylen- 
rhus dipsari . 

Leaf and bud nematodes of the genus Aphelen- 
ehoides have been controlled by Parathion and 
Systox spray applications, but such treatments have 
very limited usage. 

Dip treatments generally employ a combination 
of hot water and 0.5% formalin solution developed 
especially for bulb nematode in narcissus and 
Easter lily bulbs and bulbous iris. A slurry of 3-p- 
ehlorophenvl-5-methylrhodanine has been used for 
disinfesting rice seed contaminated with Aphefcn- 
rhoides oryzae. See Nkmatoda; Pi-.STirinK. 

[ I). j. « a ski | 

llibfiographv: J. G. Horsfall and A. E. Dimnnd 
( cds. ) , Plant Pathulogy , vol. 2, L%0. 

Nematoda 

A scientific name commonly applied to a group of 
imseginonted worms which have been variously 
recognized as an order, class, and phylum. The 
legitimacy of the application of both the scientific 
name and the corresponding English term, nema- 
tode, has been questioned, because originally the 
term name was not applied in the sense used today, 
and its derivation from the Greek appears inappro- 
priate, according to E. Dougherty. 

The original author ( ailed the group Nematoidea, 
property deriving the word from the Greek to mean 
threadlike, hut he excluded all worms not then 
known to be parasitic in animals at some stage in 
their lives. The phylum name Nemates was proposed 
later for a group including the related free-living 
and plant-parasitic forms and excluding the horse- 
hair worm* (Nematomorplia) before the latter 
were excluded from the Nematoidea or Nematoda. 
the former of which had previously been promoted 
to both a class and phylum and the latter to a class. 
Subsequently, the Nematoda was also promoted to 
a phylum excluding horsehair worms. On the basis 
of first inclusion and exclusion of groups which are 
presently placed therein at the rank of a phylum, 
the name Nemata has scientific preference, because 
no one can be in doubt as to included and excluded 
types. The vernacular name, nema, also lias such 
practical advantages as brevity and euphonious 
derivatives such as nematology and nematologist. 

B. G. Chitwood included the Nemata or Nema- 
toda (restricted sense) as a phylum in the series 
Aschelmintha, coordinate in rank with the Rotifera 
(Rotatoria), Gastrotricha, Kinorhyncha (Eohino- 
dera), and Nematomorplia but excluding the Acan- 
thocephala, PlatyheJmintha, and Nemerta. I.. Hy- 
man regarded the Platyhelminthes, Rhynchocoela 
(Nemertea), and Acanthocephala as phyla equiva- 
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lent to the Asrhelminthes; to these was added the 
class Priapulida. The Aschelminthes was not as 
compact as other invertebrate phyla, and for this 
specific reason Chitwood recognized the unseg- 
mented worms as a subkingdoin Scolecida or Ainera 
and because of further questionable points in as- 
sociation it is now felt that grouping in series 
Parenchymata and Aschelmintha is not necessarily 
warranted. Some authorities presently consider as 
equivalent phyla the Platyhelinintha, Nemerta (or 
Rhwichocoela ), Acanthocephala, Kotifera, Ento- 
procta, (iastrotricha, Kinorhyncha (or Echino- 
dcra ) , Nematomorpha, JNemata. and perhaps the 
Priapulida. Such matters as placement of groups 
at the ranks of series, phyla, classes, and orders are 
theoretic groupings and it is to be expected that 
there will he nearly as many differences of opinion 
as there are specialists working in the field. 

A classification of this group follow's: 

Phylum Nemala ( Nrmatoidea. Nematoda) 

Class Socernentea (Phasrnidia. Phasmidea) 
Subclass Rhabditia 
Order Khabditida 
Order Slrongylida 
Order Ascaridida 
Order T\ lenchida 
Subclass Spiruria 
Order Spirui ida 
Order Carnal I anida 

Clavs Adcnopborca ( Apbasmidia, Aplia^midea ) 
Subclass Chromadoria 
^ Order Chromadorida 

Order Monliv slei ida 
Subclass Enoplia 
Order Enoplida 
Order Dorylaimidu 
Order Dioctophymatida 

DIAGNOSIS OF THE PHYLUM 

The Ncmata are unsegmented or pseudoseg- 
mented worms with a basically circular cross sec- 
tion (cylindroid ). The length of adults ranges from 
150 microns to 8 meters; the external covering is 
a nonce] hilar, simple to complex cuticle (not chitin 
or cuticulin ). chiefly of scleroproleins. The anterior 
end bears sensory papillae or setae, usually six or 
three lips, and paired pseudolabia or jaws. The 
hypoderrnis (epidermis) is cellular to syncytial, 
usually enlarged medially and laterally as chords. 

Musculature. The somatic musculature consists 
of four or more longitudinal hands (forming a 
muscular tube) of nonstriated, continuous, inter- 
locking. spindle-shaped, unicellular muscle cells, 
each innervated by a peculiar protoplasmic innerva- 
tion process to a medial nerve. Circular muscles 
are absent. The male has specialized transverse 
eopulatory muscles in the caudal region and the 
female has diagonal muscles at the vulva. Dorso- 

Tig. 1 . Pelodera strongyloides. (a) Male, (b) Female, 
(c) Cross section through head, (d) Stomata! region, 
(e) Esophageal region, (f) Postbulbar region, (g) Pos- 
terior part of male. 
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nerve ring 



Fig. 2. Nervous system of Spironoura affine. 

ventral and rectal muscles are commonly present. 
Additional special somatointestinal muscles are 
sometimes present. The body cavity is lined to a 
greater or lesser extent by pseudocoelomic mem- 
branes, and organs are suspended in (he body cavity 
by mesenteries. The nuclei of all of these structures 
arc apparently of limited and fixed numbers. The 
lining material originates as migratory mesen- 
chymatous cells during embryogeny; protoplasmic 
processes from these cells tend to grow together, 
covering muscles and suspending organs. The body 
cavity is filled with colorless liquid and rarely 
shows tendencies toward subdivision: it is not a 
coelom, because of mesenebymatous rather than 
Inver-split origin. .See O.'i.t < ovstam.y. 

Digestive tract. The digestive trad consists of an 



^'9- 3. Representative types of excretory systems. 
(o) Rhabditoid type, (b) Variant of rhabditoid type, 
(c) Tylenchoid type, (cl) Oxyuroid type, (e) Ascaroid 
fype. (f) Cephaloboid type, (g) Anisakid. ( h ) Single 
ventral cell type. 


anterior, terminal oral opening, followed by a vari- 
ously developed stoma (basically a short cylindroid 
tube), the esophagus (with its triradiate lumen, 
one ray directed ventrad), esophagointestinal valve, 
intestine, rectum or cloaca, and ventral anus or 
cloaca 1 opening. The area from the stoma through 
the esophagointestinal valve is termed the foregut. 
It is essentially a muscular organ of ingestion, with 
transverse radial muscles, and lined with cuticle 
formed by nuclei (termed marginal nuclei) at the 
ends of the esophageal radii. The esophagus is 
variously modified into sections by means of bulbs 
and valves permitting suction and ingestion of food. 
The esophagointestinal valve is fundamentally a 
set-off region of esophageal tissue connecting with 
the intestine. Within the wall, or sometimes pro- 
jecting from it, are three or more salivary (eso- 
phageal) glands, which may open into the stoma 
or at various places along the length of the esoph- 
agus. A complex but very minute esophago- 
sympalhetic nervous system seizes to coordinate 
functions in the esophagus. The midgut. or intes- 
tine, is a straight tube of one cell layer, rarely with 
one or more ecru. The interior edge of the cells 
mnv or may not form a striated border called the 
bacillarv layer. Posteriorly the intestine empties 
into the hindgut or rectum through an intestino- 
rectal valve. Special unicellular rectal glands are 
commonlv present. The rectum and cloaca are lined 
with cuticle which has a distinct single layer of 
few cells. The anus is posterior ventral, rarely sub- 
lermirial to terminal. 

Nervous system. The conspicuous part of the 
nervous system consists of a large anterior com- 
missure. the nerve ring, which surrounds the esoph- 
agus and is connected with six cephalic papillary 
nerves, two lateral ainphidial nerves and associated 
ganglia, and posterior somatic nerves and ganglia. 
The body has two primary motor nerves extending 
posteriorly in the two median chords. In addition, 
the ventral nerve is actually a partly paired, partly 
single, ganglionated nerve chain without distinc- 
tively set-off ganglia, containing many associational 
cells. Then* are hypodermal commissures to the 
lateral chords and lateral nerves innervating vari- 
ous suhlateral tactile organs. The ventral nerve is 
the chief nerve of the body and gives off nerve 
branches to several organs, including various parts 
of the digestive tract and copulatory organs 

(Fig. 2). 

The excretory system, of 1-4 cells, opens ven- 
t rally, usually in the esophageal region. The system 
may he branched, tubular, and extensive; a simple 
unicellular gland cell; rudimentary; or apparently 
absent. A special tubular auxiliary excretory sys- 
tem of unknown significance is rarely present. 
Flame cells are absent or have not been proven to 
exist. 

Reproductive system. Sexes are separate. Gon- 
ads are paired or single (very rarely multiple), 
tubular, with germ cells originating at the blind 
end or along the sides of the gonad. The sex open- 
ing in the female (and female-appearing hermaph- 
rodites) is separate, on the ventral side of the body 
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between the excretory pore and anus. Hermaph- 
roditic females are peculiar in that both sperm 
cells and oocytes are formed at separate times 
from the same primordial germ cells. See Pho- 
tandry; Protocyny. 

Male gonads open posteriorly into the ventral side 
of the rectum, forming a cloaca. One or two special 
sclerotized cuticular nonhollow spicules form in 
the dorsal wall of the cloaca. These spicules have 
special muscles and are extruded into the vagina of 
the female during copulation, presumably aiding 
in the transfer of sperm but not as a true penis or 
intromittant organ. Males have various modifica- 
tions of cuticular sensory papillae and muscles, 
which aid in the copulatory act. Sperm may be of 
various types from flagellate to ameboid. 

Females usually are oviparous; sometimes they 
are ovoviviparous with the larva hatching from the 
egg before deposition. The egg shell is chitinous, 
commonly covered externally with an albuminoid 
coat and internally by a waxy vitelline membrane. 
There are no nurse cells within the egg, but a 
zygote contains stored food in the form of protein. 
Fatty and glycogenous globules are rather uni- 
formly distributed. 

Cleavage of the embryo is bilateral and deter- 
minate, and the embryo takes a gross form more or 
less similar to the adult, hatches, and increases in 
cell number as it grows. These stages are marked 
by four castings of the cuticle, called molts (one 
or two molts may be within the egg shell), but 
there is no complete reconstitution of internal 
organs and therefore no true metamorphosis. How- 
ever, there may be some rather striking changes in 
outline and actual structure of certain organs, 
particularly of the foregut. All stages lack the 
power of regeneration. See Clf.avagk, embryonic. 

Secernentea. In this class the primary excretory 
system consists of intracellular tubular canals, 
usually situated in the lateral chords, joined an- 
teriorly and ventrally in an excretory sinus into 
which two ventral excretory gland cells may also 
open. There is usually a well-developed sinus nu- 
cleus, a nucleus in each subventrai gland, if such 
are present, and a nucleus in the wall of the ter- 
minal excretory duct. In rare instances, in the fe- 
males of some rhabditids there is in addition a 
paired auxiliary tubular excretory system (some- 
times branched) also situated in the lateral chords 
which opens laterally posterior to the vulva. The 
amphids are usually small, externally porelike, and 
situated on the lips. Paired lateral cervical sensory 
papillae, deirids. are often present near the nerve 
ring. Three to six rectal glands usually open into 
the anterior part of the intestine. Caudal and hypo- 
dermal glands are absent; the male often has 
caudal cuticular alae at the tail, with paired rows 
of genital sensory papillae but without preanal 
glandular supplementary organs. Scattered or sub- 
lateral sensory organs usually are absent. Cuticular 
projections on the body in the form of cuticular 
setae are lacking and cephalic sensory organs 
usually are papilloid. Paired lateral caudal pores, 
phasmids (chemoreceptors), usually are present 



Fig. 4. (a) Spironoura affine, longitudinal section, 

male showing median preanal papilla, (b) $. affine, 
longitudinal reconstruction of phasmid, showing phas- 
midial gland, neuron, and glia cells, (c) Pelodera 
teres , longitudinal section, female showing phasmid- 
ial gland. 

and well developed, though sometimes difficult to 
observe. These are apparently absent in parts of 
^ueh larg^ groups as the order Tvlenchida. 

Adenophorea. In the class Adenophorea the ex- 
cretory system, if present, consists of a single ven- 
tral cell in the body cavity. Tubular extensions in 
the chords are absent, and the terminal excretory 
duct is rarely lined with cuticle. Hypodermal 
glands are commonly well developed, and open 
through simple lateral or sublateral pores, or 
through tubular gland setae. Amphids are enlarged 
externally and the variously modified forms may 
he a combination unispire-pocket; a multispiral, 
circular, shepherd's crook, transversely lenticular; 
a simple pocket; or a small pore. Cephalic tactile 
sensory organs are setose to papilloid; somatic 
setae or papillae are common. Rectal glands are 
not proved. Adhesive caudal glands (usually 3) 
commonly open through a terminal valve, the spin- 
neret, and act as a means of attachment for most 
aquatic forms to their substrates, but are absent in 
all obligate parasites. Males rarely have caudal 
alae but commonly have one or two series of pre- 
anal ventral supplementary organs which may be 
tactile or heavily sclerotized and may act as the 
orifice of adhesive glands to aid in copulation. 
Paired lateral caudal pores (phasmids) are absent, 
although corresponding unmarked areas termed 
phasma may be visible on the tails of some forms. 

- LIFE CYCLE 

Life cycles among nematodes are diversified; 
however, basically, an adult female is inseminated 




Fig. 5. Mononchulus ventralis. Tail showing details 
of spinneret. 

at population by a male. The sperm finds the ma- 
ture oocyte and enters. Thereafter an egg shell 
frhitiu) is formed by cell inclusions of the ovum, 
and a vitelline membrane (waxy) is formed inside 
I he shell, and in some cases an external albuminoid 
coating is formed on the outside of the egg, pre- 
sumably by the uterus. The egg is deposited and the 
embryo undergoes cleavage, passing through a tad- 
pole stage before assuming the eel-like larval form. 
A total of four molts is required before adulthood 
is reached. The life cycle is said to he direct if no 
intermediate host is utilized and indirect if a host is 
utilized. An alternation of generations of grossly 
dissimilar organisms rarely occurs. 

BIONOMICS 

Nematodes are one of the most successful of all 
groups of animals, because in any location where 
any other type of life exists (except microplank- 
ton), some stages of nemas, usually a multitude of 
individuals and kinds in full reproductive activity, 
are found. Most of the important parasites of 
domestic animals and man are included in the class 
Secernentea, orders Rhahditida. Strongylida, As- 
curidida, Camallanida, and Spirurida. The nemic 
parasites of plants, most of which are also in- 
cluded in the class Secernentea, order Tylenchida, 
may also be of great economic importance. A mi- 
nority of the parasites of domestic animals and 
man, as well as those of plants, are included in the 
class Adenophorea. The important adenophore par- 
asites of domestic animals and man are included 
in the orders Dorylaimida and Dioctophymatida, 
whereas the minority of the important parasites of 
plants are also included in the order Dorylaimida. 
The majority of aquatic nemas are included in the 
same class in the orders Chromadorida. Monhys- 
terida, and Enoplida. 

Many nemas are termed free-living, but do eat 
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products of decay, fungi, algae, and are economi- 
cally unimportant animals. All degrees of associa- 
tion exist with the various plant and animal groups. 

A few specialized forms such as Litomosoides 
carinii are known to require free oxygen as adults 
(obligate aerobes), but the vast majority of the 
parasitic nemas studied have been found to be 
capable of prolonged periods of life without free 
oxygen (facultative anaerobes). None have been 
proved to be capable; of completing their entire 
life cycle, including embryonic development, an- 
aerobically. Glycogen is one of the chief energy 
sources, although stored fatty materials apparently 
provide the chief energy source in a few groups 
such as in I be order Tylenchida. 

[b. g. CHITWOOD ] 

Bibliography. B. G. Chitwood et al.. An Introduc- 
tion to Hematology, rev. ed., 1950 ; B. G. Chit- 

wood. Tin; English word “nema” revised, Syst, 
Zool., 6(4) .*184-185, 1958; B. G. Chitwood, The 
designation of official names for higher taxa of 
invertebrates. Bull. Zool. Nomenclature , 15(25/ 
28) :860-895, 1958; E. C. Dougherty, Notes on the 
naming of higher taxa with special, reference to the 
Phylum (or Class) Nematoda, Bull . Zoo/. Nomen- 
cloture, 15(25/28) :896-906, 1958; L. H. Hyman, 
The Invertebrates, vol. 3, 1951. 

Nematomorpha 

A class of worms in the phylum Aschelminthes, 
commonly called the hairworms, and closely allied 
to the nematodes. The adults are free-living in 
aquatic habitats while the juveniles are parasitic 
in arthropods. The nematomorphs are found all 
over the world. They are divided in two orders, 
the Gordioidea and Nectoneinatoidea, with a total 
of 225 species. 

Morphology. The body is long and slender with 
a maximum length of 1.5 m and a diameter of 
0.5-3 mm. The females are longer than the males. 
The anterior < nd is rounded with a dark pigmented 
ring and a terminal mouth. The posterior end may 
he rounded with a terminal cloaca, or it may form 
two or three lobes in a forklike structure. The body 
color is yellowish, brown, or almost black. The 
body wall consists of three layers: an outer, rather 
thick fibrous cuticle; an epidermis consisting of a 
single layer of cells; and innermost, a muscle layer 
with longitudinal fibers only. The surface of the 
cuticle may be smooth, or rough with rounded or 
polygonal thickenings called areoles. These may 
he flat or may form projecting structures, some- 
times with bristles, and they may be perforated by 
pores and canals. Between the areoles run inter- 
areolar furrows, often with wartlike structures and 
bristles. Special natatory bristles are developed in 
Nectonema. The function of the areoles is unknown. 

Body cavity . This cavity extends the length of 
the body. It may be filled with tissue so^that only 
minor spaces are left around the digestive system 
and the gonads. The digestive tube is always more 
or less degenerate, and the anterior part is often 
a solid string of cells. Ingestion of food is impos- 
sible, and the intact part of the digestive system 
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seems to be adapted for excretory functions. Dur- 
ing the parasitic stage, food is obtained through 
the body surface by means of digestive enzymes. 

Nervous system . This consists of a cerebral mass 
lying ventrally in the head and a ventral nerve cord 
which originates in the epidermal layer. Little is 
known of the sensory organs. Probably the bristles 
and warts of the cuticle have sensory functions. A 
rudimentary eye is found in the genus Paragordius. 

Reproduction. The sexes are always separate and 
the gonads are paired and stringlike, extending the 
length of the body. In males, the gonads are con- 
nected with the cloaca by sperm ducts. In females, 
the ovaries form a large number of lateral diver- 
ticula in which the eggs ripen. The oviducts enter 
the cloaca separately. A sac, the seminal receptacle, 
extends anteriorly from the cloaca. 

During copulation the male coils itself around 
the female and places a drop of sperm near the 
cloacal opening of the female. The sperm cells 
actively enter the seminal receptacle. The eggs are 
laid in water in strings and the adults die after 
egg laying. When hatched, the larvae swim to an 
aquatic arthropod. They penetrate the body wall 
of the host by means of their characteristic pro- 
boscis, which is armed with hooks and three long 
stylets. The larvae of some species may secrete a 
special mucus in which they encyst until they are 
accidentally ingested by the right host, which may 
be a terrestrial insect. The gradual development in 
the host lasts some months without any metamor- 
phosis. When mature, the worms leave the host. See 
Gordioidea; Nectonf.matoidea. \ b.j.mij.] 

Nematophytales 

Plants from the Silurian and Devonian periods that 
bear some resemblance to the brown seaweeds 
(Phaeophyta) , but cannot be placed in any living 
group. Prototaxites was a large plant with a trunk- 
like body that sometimes attained a diameter of 3 
ft. The trunks were constructed of intertwined tubes 
of two sizes, small branched ones 5 10 microns in 
diameter and large unbranched ones up to 50 
microns. Reproductive organs are unknown. Nema- 
tothallus was a thin leaflike growth of tubular con- 
struction with a cutinized outer surface. Within 
some of the tubes small spores borne in tetrads 
have been observed. See Paleobotany, [c.a.ar.] 

Neodymium 

A metallic chemical element, Nd, atomic number 60, 
and atomic weight 144.27. Neodymium belongs to 
the rare-earth group of elements. The naturally oc- 
curring element includes the stable isotopes Nd 14a 
27.11%, Nd 143 12.17%, Nd 144 23.85%, Nd 14B 
8.30%, Nd 146 17.22%, Nd 148 5.73%. It was dis- 
covered by C. F. Auer von Welsbach in 1885 when 
he separated the so-called element didymium into 
two fractions, neodymium and praseodymium. The 
oxide, Nd 2 Oa, is a light-blue powder. It dissolves 
in mineral acids to give reddish-violet solutions. 
For properties of the metal, see Rare-earth ele- 
ments. 


The metal slowly oxidizes in air at room tempera- 
tures and is slowly attacked by cold water. The 
salts have found application in the ceramic in- 
dustry for coloring glass and for glazes. The glass 
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made with didymium is particularly useful in gog- 
gles used by glass blowers, since it absorbs the 
intense yellow D line of sodium present in the 
flame. [f.h.sp.] 

Neogastropoda 

An order of gastropods, also known as the Steno- 
glossa, which contains the most highly developed 
snails. Respiration is by means of ctcnidia. The 
nervous system is concentrated, an operculum is 
usually present, and the sexes are separate. All 
families in this order are marine. The family Muric- 
idae contains the rock snails, all predatory, and 
many species in this family are important economi- 
cally because they feed on oysters. The family 
Buctfnidae, most abundant in northern seas, con- 
tains the whelks in the genus Buccinum which are 
frequently used for fish bait. Other families such as 
the Volutidae, Olividae, and Harpidae are prized 
by shell collectors for their beautiful coloration. 



Neogastropoda, (a) An Ordovician species of Subulites, 
a widespread Ordovician and Silurian genus, (b) Falsi - 
fusus, an early Tertiary genus, (c) A Miocene species 
of the familiar existing Terebra (Tert.-Recent). 
(d, e) Urosalpinx (Tert.-Recent). (f) Cancellaria (Tert.- 
Recent). (R. R. Shroek and W. H. Twenhofel, Principles 
of invertebrate Paleontology , 2d ed., McGraw-Hill, 
1953) 


The family Conidae contains the poisonous cone 
shells which have caused several deaths by their 
poisonous bite. See Gastropoda. [w.j.c.] 

Neognathae 

One of the three superorders comprising the sub- 
class Neornilhes of the class Aves. All living birds 
are included in this subclass, as are all known 
fossil birds back through the Eocene. The Odontog- 
nathae differ from the Neognathae in possessing 
teeth, and the Ichthyornithes in possessing bicon- 
cave vertebrae. The Ratites, or large running birds, 
and the penguins are placed in the Neognathae, al- 
though both of these groups have previously been 
considered separate superorders. See Aves. 

[c-b.c:.| 

Neomycin 

Neomycin is a colorless antibiotic produced by cer- 
tain strains of Streptomyces fradiao in submerged 
culture (see Streptomycetaceae). The fermenta- 
tion medium usually consists of protein-rich mate- 
rials such as soybean, cottonseed meal, or peanut 
meal, together with some Migar or sugar- rich mate- 
rials. such as distiller’s solubles, as well as certain 
supplementary minerals. The length of the fermen- 
tation period is 2 -3 days. At the completion of the 
fei mentation period the broth is first filtered off 
using carefully selected filter aids. The active sub- 
stance in the filtered broth is then absorbed, either 
on activated carbon or on ion-exchange resins (.sec 
Ion exchange.). The neomycin is eluted, or re- 
moved, from the carbon with 10# acetone at pH 2. 
Commercial production of neomycin in the United 
States in 1036 was 17.000 lb. 

The antibiotic is a polyhasir. water-soluble sub- 
stance first isolated by S. A. Waksman and II. A. 
Lechevalier in 1048. The neomvrin complex was 
found to consist of two isomeric substances, now 
recognized as neomycin B and neomycin C. Com- 
mercial neomycin is composed mainly of neomycin 
B and is usually in the form of a sulfate, a white 
amorphous powder. An A fraction was at first also 
described; it was later found to he a degradation 
product, comparable to neamine. 

Chemically, the structure of neomycin 
(C 2a H 46 N„0i 3 ) is analogous to that of strepto- 
mycin. It consists of two fractions, neobiosamine 
(diamino-hexose + pentose) and neamine (diam- 
ino-hexose -f 2-desoxystreptomine) . Several closely 
related compounds, notably catenulin and framy- 
cetin. have also been isolated as metabolic products 
of different species of Streptomyces . 

Neomycin is active against a great variety of 
gram- positive cocci and rods, gram-negative rods, 
and acid-fast bacteria, notahly the tuberculosis or- 
ganism (.see Tuberculosis). It is not active against 
anaerobic bacteria, fungi, most protozoa, rickett- 
siae, and viruses (see Rickkttsioses; Virus). De- 
velopment of resistance to neomycin is slower than 
that to streptomycin. 

The LD 0 for subcutaneous injection of neomycin 
sulfate in mice is 125 mg/kg, and the LDso, or 
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dosage at which 50% of the animals tested died, 
is 165- 250 mg/kg (see Lethal dose 50). The LD 50 
for intraperitoneal administration is about the 
same as that for subcutaneous injection. Intra- 
venously, the neomycin preparations are about 
five times as toxic. Orally, the LDr»o is greater 
than 2800 mg/kg. 

When given by injection, neomycin is well dis- 
tributed in the body fluids. When given orally, 
little is absorbed through the intestinal wall. 
When given in high enough concentration for a 
long enough time, neomycin caused kidney damage 
and eighth cranial nerve disturbances leading to 
deafness. Applied topically or given orally, neo- 
mycin is markedly nonioxic, nonirritating, and has 
a low index of allergenicity. 

Clinically, neomycin is used topically in the 
treatment of bacterial infections of the skin and 
orally in the treatment of bacterial infections of 
the digestive tract. It can also he used system- 
ically in the treatment of deep-seated bacterial in- 
fections that are resistant to other, less toxic anti- 
biotics. 

The chemotherapeutic uses of neomycin are 
largely twofold: (1) in the treatment of bacterial 
infections of the skin, eyes, and oronasal cavity; 
(2) in enteric bacterial infections, such as infantile 
diarrheal diseases, and also as a general intestinal 
antiseptic. 

It is also used in the treatment of peritonitis, in 
surgery and wound infections, in nonspecific ure- 
thritis, as an aerosol, and in veterinary medicine. 
Neomycin is often used in combination with baci- 
tracin or gramicidin (see Bacitracin; Tyrothri- 
cin). 

In ophthalmology, neomycin is also used in 
combination with a steroid, cortisone. For topical 
application, advantages of neomycin are: great 
efficacy in suppressing the growth of many micro- 
organisms. low index of allergic sensitization, low 
irritancy and local toxicity, low absorption from 
the skin or the wound, and great stability. Should 
resistance develop in organisms that might cause a 
systemic infection, there is an advantage in having 
used neomycin topically first because other anti- 
biotics, which are less toxic systemically than neo- 
mycin, can be used subsequently if necessary. 

As an intestinal antibiotic the advantages of neo- 
mycin are its wide antimicrobial spectrum, low 
toxicity due to limited absorption, chemical stabil- 
ity in the presence of the digestive enzymes and 
food, rapidity of action, limited development of 
bacterial resistance, and noninterference with tis- 
sue growth and repair. Neomycin is given orally to 
combat bacterial diarrheas. In this case, neomycin 
can be combined with bacitracin or some bacterial 
adsorbent, such as kaopectate. The administration 
of neomycin can result, as in the case of many 
other antibiotics, in a stimulation .of the fungal 
flora, either of the skin or of the bowels. 

For veterinary medicine special neomycin oint- 
ments are available as for the treatment of bovine 
mastitis. See Industrial microbiology, [s.a.w.] 



36 


Neon 

A gaseous chemical element, Ne, atomic number 
10, and atomic weight 20.183. Neon is a member of 
the family of noble gases in the zero group of the 
periodic table (see Inert gases). The only com- 
mercial source of neon is the earth’s atmosphere, 
although traces of neon are found in minerals and 
meteorites. 

(J36S. When neon at low pressure is excited in an 
electric discharge, it emits a brilliant orange-red 
light; this property accounts for the largest use of 
neon, the filling of the electric neon signs. To ob- 
tain colors other than the characteristic orange-red 
of neon, other inert gases and mercury vapor may 
be added. 
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Neon is used as the current-carrying agent in 
lightning arrestors; virtually no current is carried 
at voltages below the breakdown potential of the 
neon, but when lightning strikes, the neon is ionized 
and allows the current to flow to ground. Neon dis- 
charge tubes are used as overload protection for 
some electric motors to guard them against dam- 
age from surges in current. 

Neon is also used in some kinds of electron tubes, 
in Geiger-Miiller counters, in spark-plug test lamps, 
and in warning indicators on high-voltage electrical 
lines. A very small wattage produces visible light 
in neon-filled glow lamps; such lamps are used as 
economical night and safety lights. 

Because the boiling point of neon is only 7C° 
above that of liquid hydrogen, liquid neon is used 
as a nonflammable cryogenic fluid. 

Occurrence. Neon constitutes 18.18 parts per mil- 
lion by volume of the earth’s atmosphere, and this 
neon is a mixture of 3 stable isotopes: 90.92% 
volume neon-20, 0.26% neon-21, and 8.82% 
neon-22. No naturally occurring radioactive iso- 
topes of neon are known. 

It is estimated that about 5 X 10 _7 % by weight 
of the earth is neon. Neon also occurs outside the 
earth; the best estimate is that there are 8.6 times 
as many atoms of neon as of silicon in the visible 
universe, silicon being commonly used as a stand- 
ard for comparison. 

Discovery. Neon was discovered in England in 
1898 by Sir William Ramsay and M. W. Travers, 
who found it in the most volatile portion of the mix- 
ture of inert elements left after oxygen and nitro- 
gen had been chemically removed from air. The 
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Atomic number 10 

Atomic weight (atmospheric neon only) 20.183 

Molting point, °C -248.6 

Boiling |>oint at 1 atm pressure, °C —246.1 

Gas density at 0°C and 1 atm pressure, 

g/liter 0.8999 

Liquid density at its boiling point., g/ml 1.207 

Solubility in water at 20°C, ml neon 
(STP)/1000 g water at 1 atm 

partial pressure neon 10.5 


fact that a new element was present was ascer- 
tained by the discovery of new lines in the emission 
spectrum of the residual gas. 

Radioactive isotopes. The following radioactive 
isotopes of neon are known: Ne 1H , Ne 10 , Ne 23 , 
and Ne- 1 . None <rf these occurs in nature. They are 
produced in particle accelerators such as the cyclo- 
tron, or by the neutron bombardment of the ap- 
propriate atomic species. All of them have short 
lifetimes. The isotope Ne- 4 has the longest half- 
life, 3.38 minutes. 

Properties. Neon is colorless, odorless, and taste- 
less; it is a gas under ordinary conditions. Some of 
its other properties are given in the table. 

Neon does not form any chemical compounds in 
the ordinary sense of the word, and there is only 
one atom in each molecule of gaseous neon. 

Production. In the production o^neon from air, 
the air is first liquefied. A small amount of it re- 
mains uncondensed; this uncondensed portion 
contains the hydrogen, helium, and neon, together 
with a little nitrogen and oxygen. Most of the 
nitrogen and oxygen is removed by low-tempera- 
ture adsorption on activated carbon. The hydrogen 
is burned to water, and the residual gas is dried. 
The remaining gaseous impurities are then sepa- 
rated hy selective adsorption on activated carbon 
at carefully regulated temperatures and pressures. 

Analytical methods. The principal modern meth- 
ods of detecting and quantitatively determining the 
neon content in gases are mass spectrometry and 
gas chromatography. Until these methods were de- 
veloped, it was necessary to separate neon from 
other inert gases by selective low-temperature ad- 
sorption on activated carbon in order to determine 
how much neon was present in a mixture. The older 
method of detecting neon is by its characteristic 
emission spectrum, obtained by passing a gas sam- 
ple through an electric discharge tube at low pres- 
sure and analyzing the light with a spectrometer. 
See Atmospheric gases, production of; Vapor 
lamp. [c.a.c.] 

Bibliography : G. A. Cook (ed.). Argon , Helium , 
and the Rare Gases , 1961; F. P. Gross. Jr., Rare 
gases in everyday use, /. Chem. Educ. 9 18(11) :533~ 
539, 1941; R. F. Kirk and D. F. Othmer (eds.), 
Encyclopedia of Chemical Technology , vol. 7, 
1951; F. J. Metzger, Traces [of rare gases] from 
tons, Ind. Eng . Chem. % 27:112-116, 1935; H. A. 
Miller, Luminous Tube Lighting , 2d ed., 1947 ; S. C. 
Miller, Neon Signs and Cold-Cathode Lighting , 
2d ed., 1952. 


Neon glow lamp 

A low-wattage lamp often used as an indicator light 
or as an electronic circuit component. The neon 
lamp usually consists of a pair of electrodes sealed 
within a bulb containing neon gas at a low pres- 
sure. Some of the smaller bulbs are equipped with 
wire leads that are connected directly into the elec- 
trical supply circuit; others are equipped with 
conventional bases that vary with the size of the 
lamps (see illustration). 

Operation. Electrodes sealed in a neon atmos- 
phere will emit electrons if a sufficient voltage dif- 
ference is impressed across them. In glow lamps 
the electrodes are usually treated to emit electrons 
freely. With a sufficiently high voltage between 
electrodes, the velocity of electron flow is high 
enough to ionize the neon nearest the negative 
electrode (cathode). The neon then emits a red- 
dish-orange glow similar to the color of neon sign 
tuln »ig. With direct current the glow is restricted 
to the immediate vicinity of the negative electrode. 
With alternating current, both electrodes act alter- 
nately as cathodes, and the glow appears alter- 
nately at both surfaees. At usual frequencies, the 
alternations occur so rapidly that both electrodes 
a j) pear to glow constantly. 



Typical glow lamps. 

In dc circuits, the voltage across the electrodes 
may he reduced significantly, once the lamp has 
started, without causing the lamp to go out. Direct- 
current starting voltages for typical glow lamps 
range from 65 to 90 volts, while the minimum op- 
erating voltage at which the glow will be main- 
tained may be 10-15 volts lower. On alternating- 
current circuits, the maintaining voltage is nearly 
the same as the starting voltage. 

This glow discharge is like the arc in a vapor 
lamp in that its resistance decreases with increas- 
ing current. Therefore, a current-limiting element 
must be used in the electric circuit to maintain a 
desired stabilized current in the circuit. Because 
the current in glow lamps is usually a few milli- 
am peres or less, it is both practical and economical 
to use a small resistor as a ballast. The larger glow 
lamps with screw bases have resistors in the bases ; 
smaller lamps require an external ballast resistor. 
The resistance value depends on the lamp type. 

Applications. The neon glow lamp is inherently a 
low-wattage source that produces light at relatively 
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low efficiency when compared to filament lamps and 
other vapor lamps. Its lighting applications are 
limited to those where a low-power source is needed 
to provide an indication of the location or status 
of equipment. These include illuminated wall 
switches in homes and indicator lights on the panels 
of electrical devices. 

In electronic circuits involving relatively low 
power, neon lamps are used in many ways. They are 
used in counter and memory elements of computers, 
in voltage regulators, in relaxation oscillators, and 
in trigger circuits to operate relays and similar de- 
vices. These applications are practical because of 
the lamp's unique electrical characteristics, its 
small size, and its light weight. 

Characteristics. The useful life of a glow lamp is 
not terminated by a burnout, as is the life of light- 
ing lamps, hut by a gradual rise in starting and 
maintaining voltage and blackening of the inner 
walls of the bulb, reducing light output. If the lamp 
is used as an indicator light, the reduction in 
brightness will determine its life, which may be 
5000 25.000 hours, depending on the application. 

When the lamp is used as a circuit element and 
voltage is important, the change in starling voltage, 
maintaining voltage, or both will determine useful 
life. Depending on the type of lamp and its operat- 
ing current, a rise of 5 volts in starting voltage may 
occur after 1000 6000 burning hours. Maintaining 
voltage rises about half as fast as starting voltage. 

External factors may also affect the operating 
characteristics of glow lamps. The sensitized elec- 
trodes of glow lamps release electrons in the pres- 
ence of light. In total darkness, the starting voltage 
may he 100 volts higher than in light. In totally 
dark enclosures, slight amounts of light or other 
radiation, or electrostatic fields, may be used to 
overcome the dark effect. Darkness does not affect 
maintaining voltage. .See Vapok lamp. [a.MA.] 

Bibliography : General Electric Company, Glow 
Lamps as Circuit Control Components , 3-6177-R; 
General Electric Company, Lamp Bulletin , LD-1; 
Illuminating Engineering Society, IES Lighting 
Handbook , 2d ed., 1952; Stanford University, Neon 
Lamps as Circuit Elements , Rept. 10. 

Neoplasia 

Neoplasia is a form of growth producing cells simi- 
lar to those normally found in the body but usually 
less differentiated in type and less organized in 
structure. The terms neoplasm and tumor are used 
synonymously. 

Although a differentiation between neoplasia and 
hyperplasia is often impossible on a morphological 
basis, an essential biological distinction does exist. 
The cell lines in an area of hyperplasia always 
eventuate in the production of postmitotic progeny 
and the final element is fully differentiated and 
functional. In contrast, a proportion of the progeny 
of neoplastic cells remain intermitotic and do not 
mature or differentiate. In the former case, po- 
tentialities have reached full expression, while in 
the latter the possibility of further development is 
always present. 
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On transplantation, the hyperplastic focus be- 
haves exactly as does a normal adult tissue. Con- 
versely, the transplantation reactions of an area of 
neoplasia are unique and unlike those of any other 
tissue state. Unlike normal adult tissue, a focus of 
neoplasia will not survive transfer to a normal un- 
related individual and will grow only when trans- 
planted back elsewhere in the body of the original 
host or to an individual bearing a neoplastic lesion 
of the same type. In other words, it is dependent 
for its continued existence on factors peculiar to 
the tumor-bearing individual and such factors are 
not supplied by normal individuals. 

At this stage of development, the neoplasm is bio- 
logically dependent and clinically benign. How- 
ever, with continued residence in the primary host, 
it attains independence of the factors concerned in 
genesis and development and gains the ability to 
grow in their absence. The attainment of autonomy 
or independence is associated with the attainment 
of the ability to invade and metastasize, and the 
neoplasm becomes clinically malignant. 

A point to be emphasized is that the properties 
that make a tumor malignant are not present from 
the initiation of neoplasia but are developmental 
acquisitions. Cancer is not a sudden transforma- 
tion of normal cells but, rather, the final stage of a 
developmental process. See Oncology. [w.e.p.] 

Neornithes 

The subclass of Aves containing all known birds 
except Archaeopteryx , which alone constitutes the 
subclass Archaeornithes. The Neornithes are di- 
vided into three superorders: Odontognathae, Ich- 
thyornithes, and Neognathae. A superorder Pa- 
laeognathae was formerly recognized for the 
Ratites, or large running birds, but this has been 
shown to be an artificial group based on convergent 
characters. The penguins are also placed in the 
Neognathae, although some authors segregate them 
as a superorder Impennes. .See Aves; Ratites. 

[K.C.P.l 
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tral valve of Aero treta gemma (Ordovician, Newfound- 
land); (c/) ventral, (e) exterior, and (f) interior of Cra- 
nia antiqua (Cretaceous). ( From W. H. Twenhofel and 
R. R. Shrock , Principles of Invertebrate Paleontology, 
McGraw-Hill , 1953) 


the substratum. The pedicle opening may be absent 
due to atrophy of the pedicle. The shell substance 
may be chitinous, chitino phosphoric, or calcareous. 
Homoedeltidia and pscudochilidia are usually not 
well developed. Generally, the exterior exhibits 
coarse concentric growth lines. The shell is flat- 
tened to conical. The Neotremata arose from the 
Atremata. Of the four superfamilies, two. Dis- 
cinaeea and Craniacea, are extant. Living repre- 
sentatives have been recorded from shallow to 
abyssal depths (2737 fathoms) and tfie species are 
cosmopolitan. Their geological range extends from 
the Cambrian to Recent. See Inaiiticulata. [ k.h.] 

Nep4r 

A unit of attenuation used in transmission-line the- 
ory. On a uniform transmission line having waves 
traveling in only one direction, the magnitudes of 
voltage E and of current / decrease with distance 
x traveled, as given by the equation 


E = / 

Ao h 




Neoteny 

A phenomenon among some salamanders where 
larvae of large size, while still retaining the gills 
and other larval features, become sexually mature, 
mate, and produce fertile eggs. In certain lakes of 
Mexico, only the neotenous larvae are present and 
are called axolotls. Neoteny occurs in certain spe- 
cies of the family Ambystomidae, especially in 
Amhy stoma tigrinum of some localities, and com- 
monly in the large Dicamptodon ensatus of the 
Pacific Coast. It also occurs in some Texas and 
Oklahoma species of Eurycea. Neotenous larvae of 
A . tigrinum can be made to metamorphose to adult 
form if treated with thyroid extract. See Paedo- 
GENESIS. [T.I.S.] 

Neotremata 

An order of the class Inarticulate, in which the ani- 
mals have round or elliptical bivalve shells. The 
pedicle emerges from a hole in the ventral valve 
and may be lost when the ventral valve adheres to 


where £’o, / 0 , and a are constants. The attenuation 
in nepers between the points where Eu and 7o are 
measured and where E and / are measured is 



where In denotes the natural (or Napierian) loga- 
rithm. 

The word neper originated from a misspelling of 
the proper name Napier. One neper equals 8.686 
decibels, the decibel being the practical unit of at- 
tenuation. See Decibel; Transmission lines; 
Transmission theory and methods. [e.w.k.] 

Nepheline syenite 

A phaneritic (visibly crystalline) plutonic rock 
with granular texture, composed largely of alkali 
feldspar (orthoclase, or microcline, usually per- 
thitic), nepheline, and dark-colored (mafic) min- 
erals (biotite, soda- am phi bole, and soda-pyroxene). 
If sodic plagioclase exceeds the quantity of alkali 


feldspar, the rock may be called nepheline monzo- 
nite. Nepheline syenites have many features in com- 
mon with syenites into which they grade, but chemi- 
cally, mineralogically, and texturally they are much 
more variable. See Syenite. 

Composition. The alkali feldspar is soda-rich 
and usually exhibits perthitie texture (intergrown 
potash and soda feldspars). Barium-rich feldspar 
cores may be surrounded by barium-poor shells to 
give a zonal structure. If plagioclase occurs as 
discrete grains, it is usually albite or sodic oligo- 
clase. More calcic types are found in nepheline 
monzonite. In some rock types the perthite is 
rimmed by albite. 

Nepheline, a gray mineral with a greasy appear- 
ance, is also a major constituent. Tt may be highly 
altered and is commonly converted to bright yellow 
cancrinite. Additional feldspathoids (including 
sodalite, analcite, and leucite) may occur in minor 
quantities. See Fkldspathoid. 

Bii/tite mica rich in iron and titanium frequently 
shows a zonal structure with light-colored cores 
fringed by darker borders. The amphiholes are usu- 
ally soda-rich (arfvedsonite, hastingsite, and rie- 
bcckite), but zoned brown hornblende occurs in 
some varieties. Pyroxenes are also soda-rich and 
show zoning with more diopsidic cores and ae- 
giiine-augite or aegirite borders. Some crystals 
show hourglass structure. 

The most common accessory minerals arc sphene. 
zircon, apatite, ilmenite, and magnetite. Rarely 
fluorite, garnet, corundum, and a variety of unusual 
minerals may he present. 

Texture and structure. Equigranular texture 
(uniform grain size) is most common, and locally 
very coarse (pegmatitic) phases occur. Porphyritic 
texture (large crystals in finer-grained matrix) is 
almost confined to the nepheline syenite porphyries. 
The phenocrysts, where present, however, arc usu- 
ally sanidine and mafics. Feldspars may he atihedral 
(without crystal outline) to give allolrhrnorphic 
texture, or they may be nearly euhedral (with crys- 
tal outline) and associated with interstitial nephe- 
line or mafics. Poikilitic texture is found where 
large alkali feldspar grains enclose nearly euhedral 
crystals of nepheline. Various combinations of 
gruphic (cuneiform) intergrowths occur between 
alkali feldspar, feldspathoids. and mafics. Tabular 
feldspar crystals and streaks of mafic minerals may 
show subparallel arrangement producing a flow 
structure in the rock. 

Occurrence. Nepheline syenite and related rocks 
are rare and generally occur in small bodies (dikes, 
sills, laccoliths, stocks, and small irregular plu- 
tons). Only a few large bodies are known. Three of 
the largest are in southern Greenland, Pflaansberg 
in South Africa, and Kola Peninsula, U.S.S.R. 
Nepheline syenites may be associated with alkali 
syenites, with other feldspathoidal rocks, or with 
some alkali granites. 

Formation. The origin of nepheline rocks is still 
a much debated problem. Many of these rocks may 
Have formed from magma (molten rock material) 
of nepheline syenitic composition. This magma may 


Nephelometric analysis 39 

have been derived from a basaltic one by fractional 
crystallization in which certain early-formed crys- 
tals were removed from the melt. By assimilation of 
abundant limestone, certain magmas may be desili- 
cated to yield nepheline syenites. Some nepheline 
syenites and related rocks are believed to be of 
metamorphic and metasomatic origin. They may 
have formed from other rock types by introduction 
of certain elements and removal of others. See 
Igneous hocks; Magma; Metasomatism. [c.a.ca.J 

Nepheiinite 

A dark-colored, aphanitic (very finely crystalline) 
rock of volcanic origin, composed essentially of 
nepheline (a feldspathoi.1 ) and pyroxene. 

The texture is usually porphyritic with large 
crystals (phenocrysts) of augite and nepheline in 
a very fine-grained matrix. Augite phenocrysts may 
be diopsidic or titaniiun-rich and may be rimmed 
with soda-rich pyroxene (aegirine-augite) . Micro- 
scopically the matrix is seen to be composed of tiny 
crystals or grains of nepheline, augite. aegirite, and 
sodalite with occasional soda-rich amphibole, bio- 
lite, and brown glass. If leucite becomes the domi- 
nant feldspathoid, the rock becomes a leucitite. If 
calcic plagioclase exceeds 10%, the rock passes 
into lephrite and basanile. If olivine is present, the 
rock is an olivine nepheiinite (nepheline basalt). 
Accessories usually include magnetite, ilmenite, 
apatite, sphene, and perovskite. 

Nepheiinite and related rocks arc very rare. They 
occur as lava flows and small, shallow intrusives. A 
great variety of these feldspathoidal rocks is dis- 
played in Kenya Colony, East Africa. See Feld- 
spathoid; 1 hjcite; Leucite rock; see also Ig- 
neous ROCKS. I C.A.CA.J 

Nephelometric analysis 

A method of chemical analysis based on measure- 
ment of the cloudiness of solutions. In nephe- 
lometry, the intensity of the light scattered at right 
angles to the light beam by a suspension is meas- 
ured, rather than the decrease in the intensity of 
directly transmitted light as in tui bidimetry. 

Simple nephelometers consist of a light source 
focused on the sample cell and a detecting element 
positioned at right angles to the light beam. Since a 
clear solution will scatter no light at right angles 
to the beam, nephelometry measures the difference 
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Diagram of nephelometric apparatus. 
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between no light and various amounts of scattered 
light, making it sensitive to the detection of small 
amounts of turbidity. Nephelometers with both 
photoelectric and visual detectors are used. The 
former are more sensitive and accurate. 

Variables, such as particle size, stability of the 
suspension, and homogeneity of the turbidity, all of 
which affect turbid imetric analysis, also affect 
nephelometric methods and limit their precision 
and accuracy. Most analyses are carried out after 
the preparation of a standard curve using known 
mixtures whose composition approximates that of 
the sample. 

The same types of systems may be analyzed by 
both nephelometry and turbidimetry. The advantage 
of nephelometry is its greater sensitivity, accuracy, 
and precision in the determination of small amounts 
of turbidity. Turbidimetry is somewhat simpler and 
better for more highly turbid solutions though the 
calibration curves generally deviate further from 
linearity than those of nephelometry. See Optical 

METHODS OF CHEMICAL ANALYSIS; TURBIDIMETRIC 
ANALYSIS. [R.F.G.] 

Bibliography i J. H. Yoe, Photometric Chemical 
Analysis , vol. 2, 1929. 

Nephritis 

An inflammation of the kidney. Nephritis is a non- 
specific term that refers more to the clinical find- 
ings in certain renal diseases but that may be 
correlated to inflammations primarily affecting 
certain areas of the kidney. No present system of 
classification is entirely adequate. Much confusion 
has resulted from the mixing of clinical entities 
and pathologic processes encountered in different 
disease states. Many renal diseases have an un- 
known or incompletely understood etiology. The 
general clinical signs of kidney damage are simi- 
lar for many diseases because the kidney may re- 
act to damage in only a few ways. They include 
variable degrees of albuminuria, hematuria, reten- 
tion of renal wastes, hypertension, and uremia. 

Some clarification of the renal diseases has been 
attained by considering the portion of the kidney 
first or principally involved. On this basis, renal dis- 
eases can be categorized as glomerular, tubular, 
interstitial, and vascular, each related to various 
kinds of inflammation (nephritis) or degeneration 
(nephrosis). There are few pure lesions. 

Glomerulonephritis is primarily an inflammation 
of the capillary tufts of the nephron, or renal unit. 
Secondary or progressive changes may be induced 
in other areas. Acute, subacute, and chronic forms 
are recognized, as well as less-common circum- 
scribed limited forms and hemorrhagic types. 

The etiologic mechanism of acute glomerulone- 
phritis appears to be some kind of sensitivity reac- 
tion to a bacterial product derived from prior in- 
fections with streptococcal organisms. Other causes 
of the subacute, chronic, and special forms include 
degenerations with accompanying inflammation, 
bacterial invasion, and emboli from various sources. 
See Streptococcus. 


Tubular nephritis may be present, but usually 
nephrosis is primary. Common causes include 
chemical poisons, certain toxic or metabolic states, 
and some forms of infection. 

Interstitial nephritis occurs most often during se- 
vere generalized infections and may either produce 
a diffuse general inflammation in the kidney or be 
restricted to focal lesions. Pyelonephritis is a very 
common, often chronic, inflammation of both in- 
terstitial areas and the renal pelvis. 

Vascular inflammations occur principally in the 
smaller arteries of the kidney. These may be due to 
a systemic vascular disease, such as arteriosclero- 
sis, or to involvement of the vessels by inflamma- 
tions which begin elsewhere. One of the most seri- 
ous forms is that of malignant hypertension, a 
disorder of young* or middle-aged adults. Rapidly 
appearing inflammatory lesions cause tissue death 
(necrosis) of the vessels with the production of 
hemorrhagic sites. See Urinary system, [e.g.st.] 

Neptune 

The outermost of the four giant planets. Its dis- 
covery, in 1846, within a degree from the position 
theoretically predicted was one of the great 
achievements of celestial mechanics. Difficulties in 
accounting for the observed motion of Uranus by 
the effect of the perturbations caused by the other 
planets known at the end of the eighteenth century 
led, early in the nineteenth century, fT> the suspicion 
that another unknown planet, beyond the orbit of 
Uranus, might be responsible for the unexplained 
perturbations. The difficult problem of deriving the 
ma^ and orbital elements of the unknown planet 
was solved independently in 1845-1846 by U. J. 
Leverrier in Paris and by J. C. Adams in Cam- 
bridge, England. The optical search undertaken by 
the English astronomers at Cambridge was still in 
progress when the planet was seen by J. G. Galle 
at Berlin on September 23, 1846, only 52" away 
from the position predicted by Leverrier. 

The planet and its orbit. The actual orbit of Nep- 
tune and its mass differ notably from the values 
predicted by Adams and by Leverrier, who had 
assumed for the mean distance of the planet to the 
Sun the value given by Bode’s law, namely, 38.8 
astronomical units, whereas it is only 30.1 units, or 
2.8 X 10° miles. The eccentricity is only 0.009, the 
second smallest (after Venus) among the main 
planets; the sidereal revolution period is 164.8 
years; the mean orbital velocity is 3.4 mi/sec; 
the inclination of the 'orbital plane to the ecliptic 
is 1?8. See Planet. 

Neptune is not visible to the naked eye but can 
be seen through a small telescope as a greenish 
star of about eighth magnitude. Micrometer meas- 
urements with large telescopes give a mean ap- 
parent diameter of about 2''0 at mean opposition 
(that is, when closest to Earth), corresponding to 
a mean linear diameter of 28,000 miles with an un- 
certainty of a few per cent. The polar flattening is 
not directly observable, but the ellipticity corre- 
sponding to the rotation is 0.02. The volume is 



about 42 times that of the Earth. The mass, 17.25 
(Earth = 1), is well determined from the perturba- 
tions of Uranus and the motion of the brighter of 
its two known satellites; the corresponding mean 
density is about 2.3 g/cm 3 , the highest of the four 
major planets. The acceleration of gravity at the 
surface is about 15 m/sec 2 and the centrifugal 
force at the equator about 0.3 m/sec 2 . 

The apparent visual magnitude of the planet 
Neptune at its mean opposition is 7.6 and the 
corresponding value of the reflectivity (geometrical 
albedo) about 0.5, a value characteristic of the 
other major planets and indicating the presence 
of a dense, cloudy atmosphere. A large telescope 
shows Neptune as a greenish disk, strongly dark- 
ened near the limb, on which vague irregular mark- 
ings unlike those of Saturn and Uranus have oc- 
casionally been seen (see illustration). The rota- 
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Telescopic appearance of Neptune. 


tion period determined spectroscopically is about 
15h 45m, with an uncertainty of perhaps Ih, and 
the direction of the motion is direct. The inclina- 
tion of Neptune’s equatorial plane to its orbit is 
about 29°. 

The optical spectrum of Neptune is marked by 
very strong absorption bands of methane, CH 4 , 
which obscure the red region of the spectrum and 
are largely responsible for the greenish color of 
Neptune; the estimated amount of methane above 
the cloud level is about 2.5 km at standard tempera- 
ture and pressure. 

Any amount of ammonia present would be 
frozen out of the atmosphere at the very low tem- 
perature of about 100°K that must prevail at this 
great distance from the Sun. Theoretical considera- 
tions indicate that the bulk of the atmosphere must 
he hydrogen and helium, as is the case for the 
other three major planets; the presence of molec- 
ular hydrogen is directly confirmed by the observa- 
tion of an absorption line at 8270 A, as is also true 
in the case of Uranus. 
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Satellites. Neptune has two known satellites. The 
larger and brighter, Triton, was discovered visually 
in 1846; the second, Nereid, which is very much 
smaller and fainter, was found photographically in 
1949. Their main orbital elements are in the table. 


Mean dist. 

Sidereal 

Diam- 

Magnitude 

to Neptune, 

period. 

eter. 

at mean 

10 s miles 

days 

miles 

opposition 

I Triton 219.6 

5.877 

2500 

(vis.) 13.6 

11 Nereid 3730 ? 

500 

200 

(phot.) 19.5 


The orbit of Triton is almost exactly circular and is 
tilted about 40° to the planet's orbit ; the direction 
of the motion is retrograde. Triton is too faint to 
show a measurable apparent diameter, and its 
linear diameter can be estimated only from its ap- 
parent brightness with an assumed value of the 
albedo. 

Triton’s mass, however, can be directly deter- 
mined from the periodic oscillations of Neptune 
about the center of gravity of the system; it is 
about twice the mass of the Moon. With this 
mass and the estimated diameter, the mean density 
is about 4; a higher value is hardly plausible and 
consequently the albedo can hardly exceed the as- 
sumed value of 0.2. Triton is therefore more simi- 
lar to the brighter satellites of Jupiter than to 
those of Saturn and Uranus. It may even have 
traces of a methane atmosphere. fc.D.v.] 

Bibliography: H. N. Russell, R, S. Dugan, and 
J. Q. Stewart, Astronomy , vol. 1, rev. ed., 1945. 

Neptunium 

A chemical element, Np, atomic number 93. Nep- 
tunium is a member of the actinide series of ele- 
ments. It was first synthesized by E. M. McMillan 
and P. Abelson in 1940 by bombardment of uranium 
with neutrons to produce neptunium-239, with a 
half-life of 2.3 days. There are several isotopes of 
this element, but the one of mass 237, a long- 
lived a-emitter with half-life 2.20 X 10 6 years, is 
the most important chemically. 


In Vila 0 



The chemistry of its compounds, and conse- 
quently the oxidation states, was first .elucidated by 
microchemical methods developed at the Metal- 
lurgical Laboratory of the University of Chicago 
during 1942-1945. These methods in conjunction 
with the x-ray diffraction studies on anhydrous 
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Survey of the anhydrous compounds of uranium, neptunium, and plutonium 

Coordinat- 


ing anion 

Uranium 

Neptunium 

Plutonium 

o- 

U0 3 , (/.,()», uo 2 

NpA. NpOs 

Plutouyl salts, NaPuOjA.c 3 , 
PiiOj, PujOj 

F 

UK., IJFj, UK, 

IVpK«, (NpFis), NpF. 

PuF„, PuFs ?, PuF., PuF 3 

Cl~ 

ucu, ucu, ucu 

NpCU, NpCU 

PuCI, 

Br~ 

UBr. 

NpBr,, NpBrj 

PuBr a 

r 

in. 

Npls 

Pul, 

Oxyha lidos 

UOjCU, uocu 

NpOOU, NpOCI !*, 

PuOCU ?, PuOCI, PuOBr, 



NpOBr ?, NpOI ? 

PuOl 

s— 

IIS,, lJ s S 3 , l!OS 

NpS, ?, NpA, 

PiijSs, PiijOjS 


NpOS, Np 2 () 2 S ? 


solid neptunium compounds by W. H. Zachariasen 
provided the means of identification of most of the 
neptunium compounds now known. 

The chemistry of neptunium may be said to be 
intermediate between that of uranium and pluto- 
nium. These three elements form an interesting 
series in which to study trends in the stability of 
anhydrous compounds of the different oxidation 
states as a function of the electropositive (IJ. Np. 
Pu) and electronegative (0. F. Cl. Br. 1. S) com- 
ponents of the compounds. The small anions 0 
and F\ which polar i/e with difficulty, in general 
form compounds of higher oxidation number than 
do the more polarizable and oxidizable anions Cl , 
Br . S'”, and I . In aqueous solution, the positive 
ions of the different oxidation states are stabilized 
by solution and complex formation. In general il is 
easier to obtain the higher oxidation slates of these 
elements in aqueous solution than in the anhydrous 
state. 

In the table an attempt has been made to sum- 
marize available information with respect to the 
existence and stability of compounds of uranium, 
neptunium, and plutonium and to make estimates 
of relative stabilities. The question marks signify 
those cases which, from observed trends, seem to 
be borderline. .See Aciinidk elements; Nuclear 
chemistry; Nuclear reaction: Plutonium; Ra- 
dioactivity; Transuranium elements. |s.f.1 

Bibliography. J. J. Katz and G. T. Seaborg, The 
Chemistry of the Actinide Elements , 1958. 

Nerve 

A bundle of nerve fibers, or processes, passing to 
and from the brain and spinal cord and the body 
tissues. Functionally, motor nerves supply impulses 
to peripheral structures, such as muscles and 
glands. Sensory nerves carry impulses from periph- 
eral sense organs to the brain and cord. Both mo- 
tor and sensory fibers are commonly present in one 
nerve. In man, 12 pairs of cranial nerves and 31 
pairs of spinal nerves pass from the brain and cord, 
respectively, to definite body segments. The cranial 
nerves emerge from the brain, the spinal nerves at 
successive vertebral levels. Both sets of nerves, 
with their branches, form the peripheral nervous 
system. See Nervous system. [e.c.st.'J 


Nervous system 

A coordinating and integrating system which func- 
tions in the adaptation of an organism to its en- 
vironment. An environmental stimulus causes a re- 
sponse in an organism when specialized structures, 
receptors, are excited. Excitations are conducted 
hy nerves to effectors which act to adapt the or- 
ganism to the changed conditions of the environ- 
ment, In animals, humoral correlation is controlled 
hy the activities of the endocrine system. This 
article considers the embryology, histology, and 
morphology of the nervous system, including the 
brain and cranial nerves. 

COMPARATIVE EMBRYOLOGY 

The complicated and varying anatomy of the 
adult rj^rvous system in different vertebrates makes 
comparative emhryological studies of these struc- 
tures almost necessary for a sound understanding 
of their morphology. Few fields in experimental 
analytical embryology have proved so fruitful as 
that of neural development. A thorough study of 



Fig. 1 . Neural plate and its transformation to a neural 
tube in amphibians, (a) Dorsal view, (b) Transverse sec- 
tions. 





mitoses 
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(a) (b) 



Fig. 2. Schemes showing cellular constitution of the 
neural tube in three different stages (a-c). Ventricular 
wall is to the left in all figures. 


W 

neural epithelium peripheral layer of 



I he embryology of the structures under study in 
animals used for experiments is necessary for a 
causal analysis. The embryology may be divided 
into a gross morphogenetic part, analyzing the de- 
velopment of the external and internal features of 
the nervous system; and a histogenetie part, deal- 
ing with the differentiation of the cells of the nerv- 
ous system and their arrangement into nuclei. 

Formation of neural plate and tube. The anlage 
of the nervous system is formed in the outer germ 
layer, the ectoderm, although some later contribu- 
tions are also obtained from the middle germ layer, 
the mesoderm. In most vertebrates a neural plate 
is formed, which later folds into a neural groove, 
then closes to form a neural tube. In some verte- 
brate species, such as the lamprey and bony fishes, 
a massive cord of neural tissue is formed instead, 
which is later canalized into a neural lube. 

The formation of neural tissue within the ecto- 
derm is due to inductive influences from underlving 
chordomesodermal structures. See Fmbkyonic in- 
duction: Embryoi.ouy. experimental. 

The closing of the neural tube in most species 
starts in the middle part of the embryonic body, 
the future neck region, and continues in a rostral 
and caudal direction. Transitorily a rostral and a 
caudal neuropore exist. 

At the transition between the neural plate and 
the ectoderm, a thickening, the neural crest, is 
formed (Fig. 1). In the trunk, the ganglia of the 
spinal nerves are formed from it. In the head some 
cells from the neural crest enter mesodermal struc- 
tures. and others take part in the formation of cra- 
nial ganglia. The latter are also formed from ecto- 
dermal thickenings lying further laterally, the 
so-called placodes. See Neural crest. 

Histologic differentiation. At the site of forma- 
tion of the neural plate in the ectoderm, the ecto- 
dermal cells elongate and form a Cylindrical 
epithelium, the neural epithelium. These cells con- 
tinue mitotic division and form the primary germi- 
nal layer of the central nervous system. At a later 
stage of development f postneuromeric stage) cells 
migrate from the epithelium and form a peripheral 
layer (Fig. 2). 


Within the peripheral layer, and sometimes al- 
ready within the neural epithelium, the differentia- 
tion of the cells proceeds towards neurons and glia 
cells via ncuroblasts and spongioblasts, respec- 
tively. Also within the ganglia, formed from the 
neural crest and the plac odes, a similar process of 
differentiation occurs. 

From the surrounding mesenchyme (mesoderm) 
c ells enter the central nervous system and form mi- 
croglia cells. These cells divide mitotically within 
the brain substance even in older embryonic 
stages. Mitotic division of true neural cells outside 



Fig. 3. Microphotograph of a section through a young 
chick embryo, showing neuromeres as bulges of the 
nervous system. 
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the neural epithelium is probably of a low fre- 
quency. In the cerebellum, however, there is a thick 
proliferating layer of neural epithelial cells which 
also proliferates peripherally, the so-called embry- 
onic granular layer. 

After the formation of neurons and glia cells, the 
fibers which form give rise to the neuropile of the 
central nervous system, and to intra- and extracen- 
tral nerve bundles. The fibers emanating from the 
neurons of the ganglia grow as peripheral sensory 
fibers in peripheral nerves. 

Morphogenesis. This aspect includes a consid- 
eration of the formation of neuromeres, the longi- 
tudinal structuring of the brain and cell migration. 
See Animal morphogenesis. 

Neuromeres . When the neural tube is developing, 
a segmentation of the central nervous system oc- 
curs by the formation of transverse bulges, neuro- 
meres (Fig. 3). They are most distinctly seen in 
the hindbrain region, but can usually be identified 
in suitable embryonic stages in all parts of the cen- 
tral nervous system. They are most easily seen in 
vertebrate brains having a thin wall, for instance, 
those of sharks, birds, reptiles, and mammals. 

Three different sets of neuromeric bulges develop 
successively, called proneuromeres, neuromeres, 
and postneuromeres. They represent a primary, 
secondary, and tertiary segmentation, respectively. 
The basis of neuromerism is the presence of pro- 
liferative patterns. Each set of hulges thus corre- 
sponds to one period of increased proliferative 
activity in the neural epithelium, due to stimulative 
influences from underlying mesodermal structures. 
The proneuromeric segmentation extends from the 
neural tube into the neural crest and causes this 
to divide in the head region into portions, each cor- 
responding to a proneuromere. This condition re- 
sults in a topographic correspondence between the 
cranial ganglia and the neuromeres. 


1st ventricle 2nd ventricle 



Fig. 4. Schematic horizontal sections through a verte- 
brate brain showing the transformation of (a) a neuro- 
meric stage into (b) a brain vesicle stage. 



Fig. 5. Two sections through the chick embryonic 
hemisphere, showing the neural epithelium and cells 
migrating from it. (a) One thin migration layer exists, 
(b) Two layers can be seen lying outside each other. 

At the time of neuromeric segmentation, the 
brain is subdivided into the so-called brain vesicles 
by local widenings of its lumen. In the rostral 
end more or less well-developed hemispheres are 
formed, in the middle of the brain anlage the 
njesencephalic bulge develops, and behind the lat- 
ter the walls of the tube thicken into cerebellar 
folds. In this way the brain anlage is divided into 
five sections: the telencephalon, diencephalon, mes- 
encephalon, metencephalon, and m^elencephalon, 
and its cavity is divided into the rudiments of the 
adult ventricles (Fig. 4). The brain vesicles make 
the ^egrnental characters of the neuromeric bulges 
less conspicuous. 

When the postneuromeres develop, bulges can 
be identified only in the brain, not in the spinal 
cord. The presence of the postneuromeres influ- 
ences the early development of the internal struc- 
tures, giving them a slight segmental character. 

Longitudinal columns. When the postneuromeric 
phase is at its height, a longitudinal structuring 
of the brain wall develops, consisting of four longi- 
tudinal bands of high proliferative and migrative 
activity. In the hindbrain these four columns ap- 
proximately correspond to the anlagen of the four 
columns of functionally different qualities in the 
adult brain. In the spinal cord the two dorsal col- 
umns fuse into one and the two ventral columns 
into another. Rostrally, in the brain, the ventral- 
most columns stop at the rostral end of the mes- 
encephalon and the dorsalmost column at the tran- 
sition zone between the mesencephalon and the 
metencephalon (the isthmic region). The two mid- 
dle columns build up the rest of the brain, and the 
borderline between them ends at the optic chiasma. 
An approximate borderline between the two mid- 
dle columns in the spinal cord and the myelen- 
cephalon is found in a furrow, the so-called limit- 
ing furrow of His. It cannot be identified with 
certainty in the rostral part of the brain. 

The postneuromery and the longitudinal banding 
will give rise to a checkered pattern of prolifera- 





Fig. 6. Lateral views of embryonic brains of (a-c) a 
reptile ( Chelydra ), (d-f) a bird (Melopiittacus), (g -/) a 
mammal ( Spermophilus ). ( After K. H. Krabbe ) 


tion renters. In the rostral part of the brain the 
transverse pattern will dominate, the longitudinal 
one in the caudal part. 

Cell migration. Cell migration takes place from 
the neural epithelium into the peripheral or mantle 
layer. The presence of transverse and longitudinal 
proliferation centers will give rise to certain areas 
which are rich in cells, and cause a vivid lateral 
migration. Such areas are called migration areas, 
and their topography will he determined by post- 
neuromery and longitudinal handing. The num er 
and topography of the migration areas will be very 
similar in all vertebrate species. 

The cells, which have migrated laterally, may 
still lie in close contact with the neural epithelium 
and the ventricular wall, as in amphibians, or may 
lose contact with the epithelium and lie as a pe- 
ripheral layer (Fig. 5). In many species, especially 
higher vertebrates, successive migrations of cells 
occur, giving rise to two or more layers of sue 
cells, situated concentrically. This feature is espe- 
cially well marked in the hemispheres. 

The migration layers may fuse or further subdi- 
vide into cell clusters, which represent the anlagen 
of the future brain nuclei. Therefore, they furnish 


the basis for comparative studies and homologiza- 
tions of brain nuclei of different vertebrates. 

Whole cell groups or brain nuclei may migrate 
(group migration), and in this way the topography 
of the nuclei may shift even from one brain vesicle 

to another. ... 

Brain. In spite of the extraoidinary variation in 
adult morphology of the vertebrate brain in differ- 
ent species, the early phases of development are 
essentially similar. The brain vesicle stages of a 
reptile, bird, and mammal are much alike, but ow- 
ing to varying growth rates of different parts and 
to specialization processes the different patterns of 
the adult brains are formed ( Fig. 6) . 

In a comparison of the embryology of the brains 
of anamniotes and those of amniotes a marked dif- 
ference is seen in the so-called brain flexures. The 
originally straight brain tube is bent during devel- 
opment. In a shark or amphibian embryo the only 
marked bending is the cephalic flexure, situated in 
the same plane as the mesencephalon. This is also 
the first to develop in amniotes. In «these brains, 
however, a nuchal flexure is also formed at the 
transition between brain and spinal cord anlagen, 
and later a pontine flexure ventral to the cerebellar 
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Fig. 7. Median sections of the brains of embryos of (a) shark, (b) bony fish, (c) salamander, (d) reptile. 


region (Fig. 7). The flexures are most easily seen 
in median sections. 

Telencephalon. The morphogenesis of the telen- 
cephalon of most vertebrates occurs by a lateral 
evagination or outbulging of the wall, giving rise 
to two hemispheric* vesicles. In bony fishes, gan- 
oids, and holocephalians, however, the lateral 
evagination is only faintly marked. Instead, a lat- 
eral bending, or eversion, occurs. The topography 
of the interna] structures in the two kinds of fore- 
brain will therefore be different (Fig. 8). 

In all vertebrates two migration areas develop in 
the telencephalon — a dorsal one representing the 
embryonic origin of the pallium, and a ventral one 
representing the subpallium. Each of these areas is 
further subdivided into cell columns from which 
the different mantle regions and the septal and 
striatal nuclei develop. 

Diencephalon . The morphogenesis of the dien- 
cephalon varies little in different species. A more 
or less well-developed transverse velum is formed 
in the roof, caudal to which the epiphyseal rudi- 
ment is situated. The paraphysis, which is included 
in the telencephalon, lies rostra] to it. Part of 
the hypophysis develops from the bottom of the di- 
encephalon while from the ventrolateral parts of 
the diencephalon the eyes are formed. The lateral 


walls are divided into a dorsal thalamic and a ven- 
tral hypothalamic region, containing the mammil- 
lary bodies. The hypothalamic region grows more 
in size in lower vertebrates than the thalamic does, 
while in higher vertebrates the opposite condition 
exists. 

Mesencephalon. The original single mesence- 
phalic vesicle is divided into two vesicles which 
communicate broadly with each other. In lower ver- 
tebrates this condition remains unchanged. The 
original wide ventricular cavity in higher forms is 
reduced to form the mammalian Sylvian aqueduct. 
The evaginations are connected ventrally with an 
urievaginated part, the tegmentum. Within the lat- 
ter, the tegmenta] nuclei, oculomotor nuclei, and 
the red and black nuclei (nucleus ruber and nu- 
cleus niger) develop. The mesencephalic evagina- 
tions form the bigeminal bodies in lower forms and 
the quadrigeminal bodies in higher forms. 

Metencephalon. The cerebellum is formed in the 
dorsal part of the metencephalon. Its degree of de- 
velopment in different vertebrates varies consider- 
ably. The original raised lateral walls of the brain 
fuse to form a single plate. This is extremely com- 
pact, for example, in the bony fishes, and from its 
rostral end a so-called valvula grows rostrally. In 
Petromyzon , amphibians, and most reptiles the 




Fig. 8. Schemes showing transverse sections of fore- 
brains. (a) Primitive stage, develops via (b) to (c) ever- 
sion or (d) evagination. 

cerebellum remains as a simple transverse plate. In 
sharks birds, and mammals it develops into a 
dome, which may be more or less folded, thereby 
increasing its surface. 

In all vertebrates a secondary proliferation layer, 
the embryonic granular layer, is formed in the pe- 
riphery of the cerebellum; this layer disappears 
during later development. The superficial layers of 
the cerebellum give rise to the mantle layer with 
the deep cerebellar nuclei being formed from 
deeper layers. 

My el encephalon . This brain part remains in a 
relatively primitive state. Its roof is extended as a 
thin tela; its walls form a more or less V-shaped 
structure with only small variations. The internal 
structures are dominated in their development by 
the above-mentioned longitudinal columns. 

Spinal cord. The spinal cord remains as a com- 
paratively slightly differentiated i*>be. The primary 
lumen is secondarily reduced by the fusion of the 
side walls into a narrow central canal. In the lat- 
eral walls, the longitudinal columns, separated by 
the limiting furrow of His, develop into the dor- 
sal and ventral horns respectively. In fishes the di- 
ameter of the spinal cord tube gradually diminishes 
in a rostrocaudal direction, but in four-footed ani- 
mals intumescents develop level with the extremi- 
ties by a process of degeneration of the regions 
situated in between. 

PERIPHERAL NERVOUS SYSTEM 

Cranial nerves. The cranial nerves are of quite 
varied morphological significance which is evident 
from their embryology. 

Olfactory nerve . Fibers of the olfactory nerve 
grow out from the primary sensory cells of the epi- 
thelium of the nasal sac. They run to the lateral 
surface of the telencephalic rudiment, usually en- 
tering it on the border between the pallial and 
subpallial regions. 

Optic nerve . The eyes develop as evaginations 
from the lateral walls of the diencephalon. The 
stalks of the evaginations are the pathways of the 
future optic nerves. The neurites growing in from 
the retina within the stalk are thus really com- 
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parable to an intra-central brain fascicle. They 
reach the brain in the floor of the diencephalon to 
form the optic chiasma. See Eye. 

Ventral motor nerves . Neurites emerge from 
cells situated in the ventralmo9t longitudinal col- 
umn of the brain stem and leave the brain surface 
as motor nerves. These nerves are the oculomotor, 
trochlear, abducens, and hypoglossal. The trochlear 
nerve fibers first grow dorsad, cross in the roof of 
the brain, and leave it dorsally in the fold between 
the mesencephalon and the cerebellum. The other 
nerves leave the brain ventrally. In Petromyzon the 
trochlear nerve nucleus develops dorsally at the 
site of the future crossing. 

Dorsal nerves. The dorsal nerves (trigeminal, 
facial, statoacoustic, glossopharyngeal, and vagus) 
are all mixed nerves except the statoacoustic. The 
sensory fibers grow out from neurons differentiated 
within the cranial ganglia. The motor fibers come 
from cells lying within the brain stem. 

The cranial ganglia are formed from the head 
portions of the neural crest and from the ectoder- 
mal placodes. The neural crest is divided into four 
or five segments called the thalamic (present only 
in lower vertebrates), mesencephalic, trigeminal, 
facial, and glossopharyngeal-vagus crests. 

The placodes of lower vertebrates are made up 
of two groups, those associated with the lateral-line 
nerve system and called the dorsolateral placodes, 
and those situated further ventrally and giving rise 
to the main ganglia, the ventral placodes. A sum- 
mary of the vertebrate placodes is given below. 


Dorso- 

lateral 


Placode 
Prelab vrinthic 
Labyrinthic 
Postlabyrinthic 


Ventral 


[ Ophthalmic 
Epibranchial 


Ganglion 

Trigeminal 

Facial 

Statoacoustic 

Glossopharyngeal 

Vagus 

Trigeminal 

Glossopharyngeal 

Vagus 


Spinal nerves. The spinal ganglia are formed 
from the neural cre9t which grows out like a con- 
tinuous sheet from the dorsal margin of the neural 
tube and is secondarily split up into cell groups, 
the ganglia, by a segmentating influence from the 
somites. Fibers grow out from the ganglionic cells 
and form the sensory fibers of the spinal nerves. 
Motor nerve fibers emerge from cells situated in 
the ventral horns of the spinal cord. The ventral 
motor fibers and the dorsal sensory fibers fuse to 
form a common stem, which is again laterally di- 
vided into branches, innervating the corresponding 
segment of the body. 

Autonomic nervous system. The ganglia of the 
sympathetic nervous system develop ventrolateral 
to the spinal cord as neural crest derivatives. At 
first a continual column of sympathetic nerve cells 
is formed; it later subdivides into segmental gan- 
glia. The nerve fibers developing from these cells 
form the gray communicants to the spinal cord and 
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Fig. 9. Schematic representation of a sensory nerve 
fiber passing through the dermis and terminating in 
free nerve endings among epithelial cells in the epider- 
mis of the skin. 



Fig. 10. (a) Nerve loops developing Meissner corpuscle 
from 7-month human fetus. ( b ) Adult Meissner corpus- 
cle. (c-e) Stages in development of a Pacinian corpuscle 
in human fetuses at different approximate ages, (c) 3 
months, (d) 3% months, (e) 4 months. (From B. M. Pat- 
ten, Human Embryology, 2d ed., Blakiston-McGraw - 
Hill, 1953) 



Fig. 11. Developing neurotendinous fibers from human 
fetus of 6 months. (From B. M. Patten, Human Embry- 
ology, 2d ed ., Blakiston— McGraw-Hill, 1953 ) 


the peripheral sympathetic nerves. The white com- 
municants develop from spinal cord cells. Along 
the peripheral nerve fibers, cells migrate to form 
the secondary plexi and ganglia. 

The parasympathetic system is made up of pre- 
ganglionic fibers, emanating as general visceromo- 
tor fibers from the brain and from the sacral cord 
segments. Cells migrate to form the peripheral gan- 
glia along them. |"b.k.] 

SENSE ORGAN EMBRYOLOGY 

Sense organs. Groups of ganglion cells, con- 
nected with the brain and spinal cord, send tiny 
nerve fibers through cablelike nerves to various 
parts of the body where they pick up many kinds 
of sensations which keep the living organism in 
touch with its environment. Therefore, specialized 
receptor cells and nerve endings must be provided, 
especially over wide areas for such senses as touch, 
pressure, pain, temperature, and muscle and ten- 
don sense. Wherever possible the description of 
the development of the special senses ir. the verte- 
brates is illustrated with human material. See 
Sense organ. 



Fig. 12. Schematic drawing of a lateral-line sense or- 
gan in the skin of an adult salamander, the common 
aquatic vermillion spotted newt. Sensory receptor cells, 
surrounded by supporting cells and skin epithelium, 
terminate in hairs projecting into skin pores. Lateral- 
line nerves terminate around the bases of the sensory 
cells. 


Free nerve endings. Free nerve endings for 
pain and touch reach the skin as early as the third 
month in human fetuses. Their terminal branches 
then increase as the skin rapidly develops hair and 
nails from the fourth to sixth months (Fig. 9). 
During this time certain terminal nerve fibers 
slowly become encased with specialized layers of 
flat cells. Some near the skin, the Meissner corpus- 
cles, receive tactile stimuli. Nerve loops (Fig. 10a) 
near the skin gradually become encapsulated with 
specialized connective tissue cells (Fig. 106). Oth- 
ers, Pacinian corpuscles (Fig. 10c), receive deep 
pressure sense and consist of more elaborate con- 
centric layers of cells, like the sheaths of an onion, 
wrapped around a tiny nerve fiber. They develop 
in much the same way as the tactile organs (Fig. 
10c and d ). 



Fig. 13. (a) Camera-lucida drawing of a living sala- 

mander embryo of Amblystoma punctatum made 1 day 
after a lateral-line placode was excised and replaced 
by a similar one (shaded) taken from a Nile-blue 
stained donor, (b) Same living specimen as in (a), 24 
hours later, showing one midbody lateral-line primor- 
dium migrating in the surface ectoderm toward the tail, 
fc) Same specimen as in (a) and (b) but 24 hours later 
than (b), showing a long and a shorter lateral-line 
primordiurn migrating down the side of the body and 
depositing clusters of blue-stained cells which form the 
sense organs. XlO. (From L. S. Stone , The development 
of lateral-line sense organs in amphibians observed in 
living and vital-stained preparations , J. Comp. Neurol 
57(3h507-540, 1933) 

Continuing from the third fetal month many sen- 
sory nerve fibers spread over the body among de- 
veloping muscle and tendon fibers, and as they 
branch, tiny flat plates develop at each nerve end- 
ing (Fig. 11). A delicate fibrous network oi con- 
nective tissue finally covers them. The stimuli they 
pick up and relay to the central nervous system 
give the awareness of the position of the body and 
its parts. 

Lateral-line organs. Some organs of special 
sense, such as the eye, are extremely complicated, 
whereas others are relatively simple. In some 
aquatic vertebrates (many fishes and amphibians) 
there are lateral-line skin organs (Fig. 12) on the 
head and body, innervated by nerve trunks coming 
from cranial ganglion cells connected with the 
brain. These organs apparently acquaint the ani- 
mal with pressure changes in the surrounding wa- 
ter giving it a sense of orientation while swimming 
in a current, or a warning of an approaching ob- 
ject. There are no homologs in man or other ani- 
ntnls. These tiny pear-shaped organs possess several 
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centrally placed, club-shaped sensory cells (Fig. 
12), each of which ends in a hairlike process at 
the free surface. These cells are interspersed and 
surrounded by tall, flat, overlapping, leaflike sup- 
porting cells. Fine nerve fibers from the lateral-line 
nerve (Fig. 12) branch among the sensory cells to 
receive their stimuli. The apex of the organ com- 
municates with a microscopic pore at the skin sur- 
face in amphibians, and with a canal system in the 
skin of fishes. 

In amphihian embryos where they have been ex- 
tensively studied, ectodermal thickenings, called 
placodes, first appear un the side of the head. Any 
one of these placodes can be stained with a blue 
vital dye (Fig. 13a) and as the embryo grows one 
can follow them as they elongate, migrate on the 
surface of the head and body (Fig. 136 and c), 
and deposit at regular intervals clusters of blue 
cells that form the lateral-line organs. By this 
method one can observe the developing organs un- 
der the microscope as the blue dye particles mi- 
grate to the tips of the sensory and supporting cells 
(Fig. 14). Each of them becomes innervated by the 
lateral-line nerve that follows the migrating plac- 
ode. This nerve comes from ganglion cells which 
are also placodal in origin. A cluster of new sec- 
ondary organs arises by a budding process from 
supporting cells of the primary organs (Fig. 15a 
and 6). In practically all frogs and toads the 
lateral-line system degenerates at metamorphosis. 

Taste buds. There are special chemical recep- 
tors somewhat like a rosebud in shape, called taste 
buds (Fig. 16a) , or gustatory organs. They are com- 
mon to all classes of vertebrates and function in a 
watery environment. They are associated with parts 
in the oral cavity, especially on the fungiform and 



Fig. 14. Camera-lucida drawing of a differentiated 
living lateral-line organ surrounded by two large pig- 
ment cells in the skin of a young 16.5-mm salamander 
larva, 16 days after operation shown in Fig. 13a. 
Blue dye particles were observed during development 
as they migrated to the tips of the central sensory and 
surrounding supporting cells. X252. (From L S. Stone, 
The development of lateral-line sense organs in am- 
phibians observed in living and vital-stained prepara- 
tions, J* Comp. Neurol ., 57(31:507-540, 1933) 
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Fig. 15. Camera-lucida drawings outlining lateral-line 
organs (stippled cells) in process of budding, (a) Bud- 
ding organ at posterior pole was derived 24 hours 
earlier from organ at anterior pole in the tail of larva 
( Ambfystoma punctatum). (b) The lateral-line organ 
shown budding dorsally was observed to be derived 
by budding 24 hours earlier from the one ventral to it. 
None were observed budding anteriorly or posteriorly. 
XlOO. (From L. S. Stone, The development of lateral- 
line sense organs in amphibians observed in living and 
vital-stained preparation , J. Comp. Neurol., 57(3):507- 
540, 1933) 

circumvalate papillae in the mammalian tongue, 
but in some fishes, such as the catfish (Ameiurus ) , 
many taste buds are also found in the skin, on the 
surface of the head and body. The central, rod- 
shaped sensory cells (Fig. 16a), neuromasts, are 
embraced by slender, overlapping, flat, supporting 
cells, the outer ends of which surround a pitlike 
excavation connected through a pore with the mu- 
cous epithelium of the mouth. These neuromasts, 
which send hairlike processes into the pit, are in 
contact with a basketlike network of nerve fibers. 
They pick up the stimuli that are then carried by 
the nerve fibers to the cranial gustatory ganglia 
and on into the brain. See Tongue. 


In the tongue of the human fetus the taste buds 
first appear as clusters of epithelial cells and in- 
crease in number as the gustatory nerve fibers 
reach the epithelium. Although the taste organs are 
known to degenerate eventually after gustatory 
nerves are cut, their arrival at the epithelium in 
the first place may not be the stimulus which in- 
duces the organs to form. See Embryonic induc- 
tion. 

It has been conclusively shown by experiments 
on salamander embryos that the lining of the floor 
of the future mouth can be transplanted from one 
embryo to the side of the body of another embryo ; 
a tongue develops later with taste organs without 
having been innervated. It was also found that if 
the epibranchial ectodermal placodes on the sides 
of the head, which give rise to the gustatory gan- 
glia, are excised, the taste organs develop normally 
without a nerve supply. How these special sense 
organs arise in any vertebrate is not known. Taste 
organs, like lateral-line organs, were found to in- 
crease in number by a continuous budding process 
from the peripheral supporting cells of older taste 
organs. In many vertebrates there is a continuous 
increase in taste buds for a long period. It is quite 
possible that this is accomplished by a similar bud- 
ding process. 

Very little is known about the time at which the 
taste organs become functional. Some investigators 
believe that significant reflex resporfces can be in- 
duced in premature 7-month infants by sweet, sour, 
and bitter tastes. 

Olfactory structures. In man, the sense of smell 

also'depends upon special netirosensory epithelial 
cells functioning in a moist environment within the 
nasal cavities. The area of specialized olfactory 
epithelium lies in the upper deeper roof of the 
nasal mucous membrane and is made up of tall 
cells with bristlelike processes projecting into the 
mucus-covered surface where they act as chemical 
receptors (Fig. 166). They are surrounded by tall 
supporting cells and extend towards the brain as 
thin fibers which contact fibers of intermediate gan- 
glion or mitral cells. These in turn relay the olfac- 
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Fifl. 16. (o) Taste organ from mammalian tongue. B. M. Patten , Human Embryology, 2d ed., Blakiston- 

(b) Olfactory sensory cells of the mammalian nose re- McGraw-Hill, 1953 ) 
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Fig. 17. Drawings showing the development of the 
nose and other facial features in human embryos. ( From 
B. M. Patten, Human Embryology , 2d ed. f Blakiston - 
McGraw-Hill , 1953) 


tory impulses along the olfactory tract to the ap- 
propriate centers in the brain. 

The olfactory organs arise in a similar manner 
in all vertebrates, by an early appearance of a 
pair of surface ectodermal thickenings, nasal plac- 
odes (Fig. 17), at the front end of the head. 
Considerable evidence from experiments on am- 
phibian embryos indicates that the formation of 
nasal placodes can be induced by neighboring 
mesoderm and brain-forming cells. 

fn human embryos the nasal placodes appear 
during the fourth week. Very soon the placodes 
s 'nk inward, forming pits which become deeper as 
die frame of the nose and surrounding structures 
of the face rapidly develop. Tim nasal cavities ex- 
tend deeply and downward toward the oral cavity, 
with which they communicate shortly after the 
seventh week. The forward growth of the palate, 
nose, upper lip, and median nasal septum aid® in 
the formation of the nasal passages during the sec- 
ond month. By this time in the roof of the two 
nasal passages, specialized sensory cells of the 
olfactory epithelium become surrounded by tall 
supporting cells. 

Except for the skinlike lining at the entrance 
°f the nares, all other areas of the nasal cavities 
become covered by columnar epithelium with sur- 
face cilia and mucus-secreting cells. These cells 
keep the entire membrane covered with a moist 
^| ln that provides the environment later for 
chemical stimulus of the hairlike ends of the sen- 
s «ry cells. The rate at which full differentiation of 
this sensory mechanism takes place varies among 
the vertebrates. The normality of the framework of 
the nose as well as the face and head depends a 
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great deal upon the ability of the mesoderm to 
reach its full development. [l.s.st.] 

HISTOLOGY 

Nervous tissue. One of the four primary tissues 
of the body is the nervous tissue, by which the func- 
tions of most other tissues are regulated, the envi- 
ronment perceived, the musculoskeletal system acti- 
vated, and psychological processes generated. In 
vertebrates and in most invertebrates the nervous 
tissue is segregated into a central and a peripheral 
nervous system. The central nervous system is com- 
posed of groups of nerve cells and their incoming 
and outgoing nerve fiber connections. Each group 
or center is associated with a distinctive function. 
The peripheral nervous system in vertebrates con- 
sists of nerves, which are essentially cables of nerve 
fibers of diverse functions, and two types of nerve 
cell groups, or ganglia. The peripheral nerves con- 
tain fibers which originate in the central nervous 
system and conduct impulses to the muscles, as 
well as nerve fibers which originate in the ganglia. 

Ganglia. The sensory ganglia which transmit 
nervous impulses directly to tli£ central nervous 
system from the sense organs are considered as 
part of the peripheral nervous system. They are 
clusters of nerve cells within the course of the seg- 
mental ly arranged nerve roots of the body, close to 
the entrance of the nerve roots into the central 
nervous system. Their nerve cells give rise to sen- 
sory fibers in the peripheral nerve*? w r hich receive 
stimuli from the skin and other receptor sense or- 
gans, and transmit impulses to the central nervous 
system. This tissue in turn correlates sensory mes- 
sages and relays impulses in coordinated fashion to 
the tissues, such as muscles, which perform ap- 
propriate responses. 

The autonomic ganglia are composed of nerve 
cells which receive impulses from the central nerv- 
ous system and relay secondary impulses to the 
glands, blood vessels, and smooth muscle fibers of 
the hody wall and internal organs. Unlike the skele- 
tal musculature, these effector structures are not 
under direct voluntary control, but respond to re- 
flex stimulation and to strong emotional activa- 
tion 

Cellular components. The tissue of the central 
and peripheral nervous systems has important com- 
mon structural and functional characteristics, as 
well as certain differences. In the central nervous 
system the basic pattern is that of elaborately struc- 
tured neurons, communicating with each other in 
both simple and complex patterns, and embedded 
in a matrix of specialized supporting cells. Both of 
these cell types are derived from the embryonic 
skin or ectoderm. 

Neuroglia. The neuroglial matrix forms a support- 
ing skeleton which extends from the central fluid- 
filled cavities or ventricles of the central nervous 
system to its outer membrane. This is covered by 
connective tissue similar to that found elsewhere 
in the body. 'Hie neuroglia cells are in large part 
intimately associated with the blood vessels and in- 
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Fig. 78. A nerve cell and surrounding neuroglia cells. 

vest these as well as the nerve cells with their proc- 
esses. Several types have been described: the astro- 
cytes, oligodendroglia, and the ependymal cells 
which line the cavities or ventricles of the central 
nervous system. The so-called microglia, like the 
blood vessels, is derived from embryonic mesoderm, 
and invades the ectodermal neural tube in early 
embryonic development. The microglia cells be- 
come phagocytic during pathologic reactions of 
nervous tissue. A rich network of blood vessels 
constitutes the third important element of nervous 
tissues; this network invades the developing embry- 
onic nervous tissue from the outer membranes, and 
is especially well developed in the nerve cell cen- 
ters, or gray matter, whereas the white matter, 
which consists of bundles of nerve fibers like those 
of the peripheral nerves, is less well supplied with 
blood capillaries. See Phagocytosis. 

Nerve cells. Nerve cells are described as having a 
cell body and cytoplasmic extensions or processes. 
The nucleated portion of the nerve cell, as distinct 
from its protoplasmic extensions, is called the cell 
body (Fig. 18). Nerve cell bodies may vary in di- 
ameter from about 7 to over 70 /x. The single 
threadlike axon process, however, may range in 
size from a millimeter or less to many feet in 
length, as for example the axons of the motor 
nerve cells in the spinal cord which extend as far 
as the muscles of the foot. 

Nerve cells differ from other cells in several other 
respects. After reaching maturity before or soon 
after birth, they never again undergo cell division. 
This means that nerve cells destroyed by disease 
can never be replaced, but it is this inability to re- 
produce which makes possible stable patterns of 
communications within the nerve fiber pathways of 
the nervous system. 

The cytoplasm of the cell body is characterized 
by the presence of nucleoprotein aggregates of the 
pentose type, called Nissl bodies, or chromophilic 
substance. These are more conspicuous than in most 
other cells, and their stainability with basic aniline 
dyes permits a convenient identification of nerve 
cells and cell groups. Moreover, the chromophilic 
substance is highly responsive to cell injury and iR 
therefore a useful indicator of damage to the nerve 


cell by noxious agents such as viruses or toxic ma- 
terials, by mechanical trauma, or by nutritional de- 
ficiencies. The pentose nucleoprotein of the cyto- 
plasm of nerve cells is believed to play a role in 
the growth and maintenance of the axon process. 

As distinct from the growth and maintenance 
functions of the nerve cell, the specific function of 
transmission of the nervous impulse is subserved 
by electrochemical processes which take place at 
the nerve cell membrane. This membrane, as seen 
by electron microscopy, is a specific differentiation 
of the nerve cell cytoplasm, and resembles the 
boundaries of other cell types. 

Within all parts of the cytoplasm of nerve cells 
are found delicate parallel arrays of fibrillar struc- 
tures, the neurofibrils. These have been observed in 
living nerve cells,, and have an affinity for silver 
salts which makes possible the selective staining of 
nerve cells with a variety of silver impregnation 
methods. The functional role of the neurofibrils is 
unknown. 

Nerve fibers. The threadlike outgrowth of the 
cell body in embryonic life, the nerve fiber, or 
axon, remains dependent upon the cell body sub- 
sequently, in the sense that interruption of con- 
tinuity of the axon results in death of the fiber 
beyond the point of interruption. In fibers of the 
peripheral nervous system, the portion of the fiber 
still connected to the cell body may. however, re- 
generate, and in favorable instance# may reinner- 
vate the structure to which it was previously con- 
nected, such as muscle or skin. Nerve fibers may be 
less than 1 /x or as large as 1 mm in diameter. 
The*rate of conduction of nerve impulses varies in 
proportion to the diameter of the nerve fiber. The 
nervous impulse is a wave of excitation which is 
accompanied by changes in electrical potential 
which have been measured and studied in detail by 
means of the oscilloscope, a modern recording and 
amplifying device based on the development of the 
cathode-ray tube. The conducted excitation is be- 
lieved to be the result of local permeability changes 



reinforcement (simple feedback circuit) 


Fig. 19. Diagram of certain patterns of nerve-cell cir- 
cuits. 
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Fig. 20. Lateral views of the brains of several verte- 
brates drawn approximately the same size, instead of 
to scale, to show relative development of various parts. 

in the axon membrane which produce differences 
in concentration of ions across the surface bound- 
ary. 

Neurolemma. Nerve fibers are sheathed in a seg- 
mental fashion by rows of neuroglialike cells which 
in the peripheral nerves are known as < ells of 
Schwann. These cells form the neiirolemma sheath. 
The larger fibers are also encased by a lipoprotein 
or myelin sheath which is produced by the Schwann 
cell and is therefore also segmentally arranged 
along the nerve fiber. Recent studies with the elec- 
tron microscope have clearly revealed a laminated 
structure of the myelin sheath, and have suggested 
that this is formed in embryonic development by a 
wrapping of the Schwann cell cytoplasm around 
the axon, almost as one would wrap a bolt of cloth. 
The ends of the myelin segments are not quite in 
contact with each other, and the interruptions of 
the insulating sheath, or nodes of Ranvier, are be- 
lieved to play an important role in the conduction 
of the nervous impulse. External to the myelin 
sheath is found a delicate sheath of connective tis- 
sue origin, the endoneurial sheath. This is continu- 
ous with the connective tissue sheaths of bundles 
of nerve fibers (perineurium) and with the outer- 
most connective tissue sheath of the nerve, the 
epineurium. 

Dendrites . The receptive processes of a nerve cell, 
the dendrites, are encased by neuroglia cells in the 
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central nervous system, but when such processes ex- 
tend into peripheral nerves, they too may be en- 
sheathed by myelin, as are the axon processes. Such 
sensory dendrites extend into the skin, muscular 
tissue, and viscera, where they terminate as non- 
encapsulated sensory endings or as encapsulated 
endings, such as Merkel’s corpuscles, Pacinian cor- 
puscles, Meissner’s corpuscles, muscle spindles, 
and the tendon organs of Golgi. In such endings 
the capsule is formed by cells related in origin 
to the Schwann cells of the nerve fiber. 

Patterns and connections. Nerve fibers tend to 
be unbranched, but usually arborize widely before 
terminating. The termination of each arborization 
is usually knoblike as it makes contact with den- 
drites or cell bodies of other nerve cells, or with 
the membrane of muscle cells. Whereas nervous im- 
pulses may be transmitted in either direction along 
a fiber, impulse conduction is possible in only one 
direction at the points of contact of one nerve cell 
with another. The surfaces of contact or synaptic 
junctions also make possible the modulation of 
nervous transmission, because the properties of the 
receptive surfaces, the pattern of discharge of im- 
pulses among the synaptic endings on a nerve 
cell, and the physiological state of the nerve cell 
determine whether it will or will not become ex- 
cited by incoming signals (Fig. 19). Thus the firing 
of a nervous impulse by a nerve cell is determined 
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by synaptically transmitted signals arriving from 
several or many sources. The number of nerve cells, 
number and variety of sources of signals arriving 
within it, and the array of synaptic patterns within 
it determine the complexity and characteristics of 
its functional role. The cnd-to-end linked neuron 
chains in the following examples of neuron pat- 
terns can be seen to make possible the conver- 
gence, dispersion, delay, or reinforcement of nerv- 
ous impulses passing from one relay center to 
another. Additional modulation of function is made 
possible by the fact that synaptic axon terminals 
may be related to dendrites, to nerve cell bodies, 
or even to the axons of other nerve cells. The latter 
relationship is less common than the others, but 
makes possible the bypassing of dendrite or cell 
body of the receptive nerve cell. 

The nervous tissue is thus composed of nerve 
cells separated from each other by an equal or 
greater number of supporting neuroglia cells, ex- 
cept at special points of contact of nerve cell with 
nerve cell. Since the nerve cells in the human brain 
are numbered in the billions, and their relation- 
ships with each other are complex, an infinite va- 
riety of sensory and behavioral experience can be 
assumed to be represented within the organ of 
cerebration or sentience. At the present time, how- 
ever, the differences between human experience and 
behavior and that of other mammals cannot be ex- 
plained by observable differences in the basic 
structure of their respective nervous tissues, nor 
by brain size and numbers of nerve cells and their 
connections. Accumulating evidence rather suggests 
that behavior differences among various species of 
animals may be the reflection of higher levels of 
organization of cerebral centers as related to each 
other and to sensory and effector organs of the 
body. See Biopotentials and electrophysiology; 
Regeneration f biology); Sensation. | d.ii.J 

COMPARATIVE MORPHOLOGY 

General principles of structure. The nervous 
system of man has essentially the same pattern as 
that of other vertebrates and the nervous system of 
this large group is in many fundamentals like that 
of lower forms, although the external shapes vary 
widely (Fig. 20 ) . 

In all animals that are made of more than a few 
cells there is a specialized type termed the neuron, 
or nerve cell, which is characterized by having long 
processes capable of conducting stimuli. Such cells 
do not occur in the plant world or in the simplest 
animals. The entire nervous system of vertebrates 
is made of neurons and certain supporting elements 
plus numerous necessary blood vessels. 

Neurons are primarily concerned with the trans- 
mission of impulses between different parts of the 
body as required in the coordination of the animal’s 
activity. Through the nervous system an animal 
can receive stimuli (that is. information about 
changes in the environment, external or internal), 
by way of its various sensory receptors, and re- 
sponds to them by excitation of effectors (volun- 
tary, involuntary, and cardiac muscle and glands). 


Structure and function of neurons. Neurons 
vary in size but most are comparatively large cells. 
They may be rounded or irregular, and are named 
by shape or by the number of processes they pos- 
sess. Of processes there is usually one axon (some- 
times two ) and there may be one or more dendrites. 
The cell body of a neuron, although its material 
substance inay be changed in normal function, is 
remarkably designed to persist throughout the life 
of the individual. Once laid down in the final state 
of development in the fetus, neurons may grow and 
extend the length of their processes, but are not 
reproduced if destroyed. 

Each neuron has a large clear nucleus and promi- 
nent nucleolus, both of which are intimately in- 
volved in t lie metabolism of the cell and especially 
in the synthesis of nucleoprnteins. 

The processes ot* nerve cells, axons, and dendrites 
have different structure; dendrites are mostly short 
(though at times elaborate in form) protoplasmic 
extensions of the cell body, whereas axons may run 
for long distances and are the true nerve fibers of 
central nervous pathways and peripheral nerves. 
The axons may be bare or covered with either 011 c 
or both of two different tubular sheaths: the myelin 
sheath, a laminated lipid layer, and the neurilemma, 
a nucleated cellular tube. Only fibers in the periph- 
eral nervous system possess a neurilemma. 

Synapse. S\n apses between neurons occur in 
several morphological patterns, but ^ssentiallv the 
connection is one of close contact between the ends 
of branching axons and the body, dendriles. or base 
of the axon of another neuron; the separation of 
the ys o neuronal membranes is about .02 /j. Sensory 
endings vary in form with the function of the recep- 
tor and the histologic type of axon involved. Cer- 
tain of them are ban* (as endings concerned with 
pain) and others are covered by specialized cells 
(as tactile endings). The most elaborate types of 
specialization occur in llie eye and the car with 
accessory structures to aid in the activation of the 
nerve fibers that finally conduct the impulses of 
sight and sound. Endings of nerve fibers that supply 
motor impulses to muscles and glands vary with the 
tissue innervated. See Ear; Eye; Phonohkcep- 
tk>n; Vision. 

Reflex arc. The neuron is c onsidered the struc- 
tural unit of the nervous system; it is customary, 
however, to consider a simple reflex path (arc) as 
the functional unit because it involves a complete 
mechanism for response to stimuli. The simplest 
form of reflex arc consists of (1) a primary sen- 
sory neuron with sensory endings, for example, in 
the skin, and (2) a primary motor neuron with end- 
ings on voluntary muscle; the two neurons are in 
communication in the central nervous system by 
contact at synapses. But most reflex paths include 
more than two neurons, there being one or more 
association neurons placed between the primary 
motor and sensory ones, and having synaptic con- 
tact. This arrangement allows spreading of the sen- 
sory impulses not only to more motor neurons but 
makes possible bringing into action higher levels of 
the nervous system where many association neu- 
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Fig. 21. Diagram of general structure of nervous sys- 
tem. Sensory neurons innervate the skin and send cen- 
trally directed fibers into the central nervous system to 
synapse with association neurons. Through some of the 
latter, lower-level reflex connection is made to motor 
neurons, innervating muscles, while through ascending 
nerve fibers the brain is supplied with information, and 
descending fibers bring other influences to bear on the 
motor neurons. 

runs are available for the organisation of more 
varied types of response to stimuli (Fig. 21). In 
these higher levels the hereditary stamp of species 
behavior (instinctive) as well as the accumulated 
experience (memory) of the individual mav cause 
modification of activity, reflex or otherwise. .See 
Behavior ano heredity: Behavior, ontogeny 
oi ; Instinctive behavior. 

Information which is collected hv various types 
of sensory endings exclusive of special senses can 
he described in familiar terms. The extern t I *ur- 
ftiee of the body is sensitive to pain, tern per .dure 
changes, touch, and pressure, and these are usually 
well discriminated as to location and quality. To a 
lesser degree these sensations are received within 
the interior of the body and although certain parts 
of the viscera can be cut or burned without pain 
being felt, stretching or tension is an adequate 
stimulus for pain of visceral areas. Localization of 
touch, pressure, or pain from viscera is relatively 
inaccurate. Within muscles, joints, and tendons 
there are nerve endings called proprioceptive 
which give accurate information as to the position 
a part. Such sensations enable one to touch the 
e nd of his nose, for example, while his eyes are 
closed. The proprioceptive sense is the necessary 
source of the sensory side of much activity of 
skeletal muscle in normal movements. Vision and 
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hearing and equilibration also contribute constant 
controlling influences. See Equilibrium, biologi- 
cal; Sensation; Taxis. 

Central pathways. In the spinal cord and brain 

stem, nerve fibers carrying the various sensory 
modalities make numerous reflex connections and 
at the same time connect with long pathways 
which ascend to higher levels of the brain convey- 
ing more or less specific sensations. These long 
pathways have been late additions and are better 
developed in the higher vertebrates, hut this does 
not diminish the basic functional pattern of activity 
represented by more diffuse local reflex connec- 
tions, or more widespread connections such as oc- 
cur in the reticular formation. The reticular for- 
mation can be considered as the great background 
of central nervous system paths, both ascending 
and descending, which are fundamental to all verte- 
brates, and out of which the special paths of higher 
forms are segregated. Among others, for example, 
a special pathway is provided for pain and tempera- 
ture; it ascends along the ventrolateral part ot 
the cord to the thalamus, the lateial spinothalamic 
path. This is at times cut by the neurosurgeon to 
eliminate continuous and otherwise uncontrollable 
pain. Other paths in the dorsal aspect of the cord 
carry sensations ol touch, pressure, piopriocep- 

tion. and the impulses necessary for tactile localiza- 
tion and discrimination (Fig. 22). These and the 
spinothalamic paths are relayed through the thala- 
mus to sensory areas of the cerebral cortex for 
conscious appreciation of sensations. Additional 
paths carry similar types of impulses to the cere- 
bellum. which is not involved with consciousness 
but with prop* i fine adjustment of the muscles dur- 
ing activity. .See Reticular formation (brain): 
Sense organ. 

In general the pattern of the sensory side of 
spinal nerves is duplicated by the cranial nerves 
with due allowance for specialization in function 
and anatomical arrangement. By somewhat similar 
patterns all the sensory impulses destined for con- 
scious appreciation eventually reach the level of 
the thalamus and then are relayed to the basal 
ganglia and to several different areas of the cere- 
bral cortex. From these higher levels impulses 
descend to the motor neurons activating effectors 
that produce the responses. See Cranial nerve; 
Neuron. 

Cortical representation. A discussion of higher 
levels in the brain therefore involves the areas of 
arrival of the ascending impulses, the areas of de- 
parture of desc ending impulses, and the intermedi- 
ate areas of association (for lack of a better termL 
These are not all sharply separated and in the 
brain of man certain areas have more representa- 
tion than they do in lower vertebrates where the 
cortex is proportionately smaller. The cerebral cor- 
tex at the back of the head, the occipital lobe, is the 
receiving area for visual impulses. The cortex of 
part of the temporal lobe on the side of the cere- 
brum receives auditory impulses. In an area roughly 
superior to this, extending to the top of the head, in 
the parietal lobe sensations are received from the 
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opposite side of the body (somesthetic area). Ad- 
jacent to these areas are zones in which the sensory 
experiences are correlated with other cerebral func- 
tions. See Somesthesis. 

Immediately anterior to the somesthetic area 
across the central sulcus is the motor area. Within 
this zone electrical excitation elicits movements of 
various parts of the body on the opposite side. 
Definite subdivisions corresponding to fingers or 
toes can be located, and it is of significance that 
in man’s brain the hand and arm have larger repre- 
sentation than the foot and leg. In lower forms, ds 
the cat and the goat, a difference between represen- 
tation of extremities still is present but is not as 
marked in degree. With man’s hand free from lo- 
comotion there is a great increase in the variety of 
motion of its parts. Parallel with this freedom of 
the hand man has acquired mechanisms for speech 
which set him apart from lower forms and has 
made possible the storage of experiences (through 
memory and written speech) and therefore the de- 
velopment of all the artifacts of civilization. 

The speech mechanism is developed in the domi- 
nant hemisphere, that is, on the left side in right- 
handed people, although there is evidence that 
speech appears also partly represented on the 
nondominant side. See Speech. 


Control of voluntary motion. From the motor 
area of the cerebral cortex and other regions of 
the cerebrum descending fibers pass to the brain 
stem and spinal cord to end synaptically on cells 
near, but probably not on. primary motor neurons 
(the final common path), which send their axons 
through cranial or spinal nerves to skeletal mus- 
cle. While direction of voluntary activity from cere- 
bral cortical areas is conveyed over the cortico- 
spinal tract, there are other more indirect paths 
through large masses of nerve cells within the cere- 
brum, termed basal ganglia, which govern and 
steady movements. Interconnections of higher and 
lower levels with the cerebellum bring postural ad- 
justments and fine synergy of action into control 
of voluntary muscle. Furthermore, there are con- 
stant reflex influences from the vestibular appara- 
tus of the internal ear, quick adjustments to visual 
and auditory stimuli, and reflexes at intersegmental 
spinal levels from external and proprioceptive 
stimuli to assist in the final action. 

Visceral mechanisms. The control of visceral 
mechanisms goes on in the body of man or lower 
animals in rather automatic fashion with less ne- 
cessity for voluntary control than skeletal muscles, 
but distinctly regulated and affected by nervous 
mechanisms in all levels of the nervous system from 
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Fig. 23. Schematic drawing of a vertebrate hemisphere and the diencephalon is sectioned medially. Section 
in medial view with adjoining part of the diencephalon. surfaces are cross striated. 

The hemisphere is cut into two parts by a cross section. 


cerebral cortex to cord. The motor outflow to 
visceral structures is termed for convenience the 
autonomic system. It is generally slower in re- 
sponse to reflex stimuli than that of voluntary 
muscle, and visceral activity is often prolonged be- 
yond the time of the nervous action by the produc- 
tion of humoral substances, for example, epineph- 
rine, which spreads in the blood stream and main- 
tains the influence on visceral effectors. This is 
shown in a frightened animal by the dilated eyes, 
more rapid heart heat, and erection of the hair. 

Certain cerebral cortical areas have been shown 
to have marked connections with visceral mecha- 
nisms through the hypothalamus; however, the lat- 
ter has within it regulating mechanisms of great 
importance to the homeostasis of the internal en- 
vironment. In it are located nervous mechanisms 
necessary for the regulation of water intake and 
output, temperature control, metabolism of fat stor- 
age, and a variety of other functions, many of which 
are further regulated by hormones from glands of 
internal secretion. The most influential of these 
glands, the hypophysis or pituitary, is in part an 
outgrowth of the hypothalamus. See Homeosi asis; 
Thermoregulation. 

Integrative action. The responses made to 
changes in environment are usually such as to he of 
use to the whole animal. It is apparent that the 
responses to specific stimuli can thus he either 
stereotyped or varied. It is also evident that the 
fewer the association neurons involved in a re- 
sponse to stimulus the more stereotyped the re- 
sponse is likely to be. and the greater the number 
the greater the possibility for variation of the re- 
sponse. Man, as the highest on the vertebrate scale, 
has proportionately the greatest development of 
association neurons, which form the hulk of his 
brain. In man's capacity for choice, thfct is, for 
varying the response to stimuli (changes in environ- 
ment), lies the secret of his ability to adjust his 
behavior to environmental changes. Over the centu- 
ries this has assured his survival, and his constant 
attempts at adaptation to external forces have re- 
sulted in the building up of an elaborate culture. 
Within this frame of reference the principles of 
natural selection and survival of the fittest are ob- 


served to he effective. See Nkkvous system (in- 
vektkbrate) ; Neurophysioi ogy; Specialized tis- 
sue. | S.L.C.] 

BRAIN 

That part of the verte;hrate central nervous sys- 
tem lying within the skull is the brain. Compared 
with the other component of the central nervous 
system, the spinal cord, the brain is characterized 
by the enormous accumulation of nervous substance 
and its specialization in connection with the par- 
ticular sense organs present in the head. The 
boundary between the brain and ♦he spinal cord 
is fairly arbitrary, and has no sharp counterpart 
in the internal structure. 

Subdivision of the brain. For embryological 
reasons the vertebrate brain is subdivided into five 
sections, rostrally to caudally ; these are the telen- 
cephalon. diencephalon, mesencephalon, meten- 
cephalon, and myelencephaion. 

Telencephalon. In most vertebrates this region 
is represented by the two hemispheres, which in 
higher vertebrates make up the biggest part of the 
brain. A brain ventricle is present within each 
hemisphere, communicating through canals, the 
foramina of Monro, with the test of the brain 
ventricle system. In association with the olfactory 
organs, the olfactory bulbs extend from the rostro- 
ventral part of the hemisphere, usually connected 
with the rest of the hemispheres by stalks, the ol- 
factory tracts. The hemispheres are made up of 
dorsal parts, the mantle layer or pallium; and ven- 
tral parts, the striatal body laterally and the sep- 
tum formation medially ( Fig. 23). 

In higher vertebrates the great expansion of the 
hemispheres results in the development of different 
lobes. In the human brain a frontal, a parietal, an 
occipital, and a temporal lobe can be separated on 
each side. The surface of the hemisphere may be 
smooth or may develop a system of convolutions, 
gyri, separated by furrows, sulci. In this way the 
surface of the hemisphere is considerably in- 
creased. 

Diencephalon. Within the diencephalon the brain 
cavity, the third ventricle, is unpaired. Its roof is 
made up of a thin membrane, the choroid tela. 
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Fig. 24. Schematic drawing of vertebrate diencephalon 
in medial view. Section surface is cross striated. Con- 
tours of a hemisphere are indicated. 

Some structures lie within the roof. Among these 
are the transverse velum, the dorsal saccus, the 
epiphysis, the paraphysis, and in some species one 
or two parietal eyes. In the floor of the third ven- 
tricle the optic nerves cross as a so-called chiasma. 
The neurohypophysis lies caudal to it in higher 
vertebrates. A saccus vasculosus. a richly vascular- 
ized thin-walled bag, lies in this position in fishes. 
In the lateral walls the brain substance may be 
divided into a dorsal thalamic mass and a ventral 
hypothalamic mass (Fig. 24). Two pairs of genicu- 
late bodies are situated laterally in higher forms. 
Between the true diencephalic cell masses and the 
mesencephalon, a synencephalic region lies inter- 
posed, which embryologically is to he derived from 
the dieneephalon. 

Mesencephalon . The mesencephalic ventricle is 
wide in lower forms but is reduced to a narrow 
canal in mammals, the Sylvian aqueduct. The dorsal 
parts of this brain region form the so-called optic 
tectum in lower forms; in mammals the quadri- 
geminal bodies are formed here. A tegmentum is 
ventrally situated and from this region the troch- 
lear and oculomotor nerves emerge. 

Met encephalon. The dorsal part of the meten- 
cephalon is formed by the cerebellum. The ventral 
part is directly continuous with the myelencephalon 
in lower forms, hut a pons region develops at this 
junction in mammals. The cerebellum consists of 
lateral auricles and a median corpus in lower 
forms; in higher vertebrates small lateral forma- 
tions. the flocculonodular lobes, correspond to the 
auricles and carry lateral hemispheres. An un- 
paired vermis corresponds to the corpus (Fig. 25). 

Myelencephalon . This is also called the medulla 
oblongata. Its ventricle has a thin choroid tela as 
a roof. The caudal limit of this tela is a rough 
border against the spinal medulla. In dorsal view 
the ventricle of the myelencephalon, together with 
the metencephalon, has a rhomboid appearance, 


which is why this brain section is sometimes called 
the rhombencephalon. All brain nerves emerge from 
the myelencephalon except those already men- 
tioned. The cell material in the lateral walls of 
the myelencephalon is arranged into cell columns, 
orientated longitudinally, each column having a 
single functional quality. 

Function of the brain divisions. In lower verte- 
brates, such as fishes, the different brain sections 
are strongly dominated by the associated sense 
organs. The olfactory organ connects through the 
olfactory nerve to the olfactory bulb. New olfactory 
bundles extend from it. and reach secondary olfac- 
tory centers in the telencephalon. This region is 
mainly an olfactory brain in lower vertebrates. In 
the same way the mesencephalon is dominated by 
the optic radiation, and the myelencephalon by the 
nerves connected with the branchial region and the 
lateral-line system. The efferent system of the head 
is mainly located in the myelencephalon also with 
the cerebellum as a correlating organ of locomo- 
tion. This basic pattern is retained in the brains 
of higher vertebrates, including mammals and man ; 
however, a large and important shift in function 
takes plaee. The telencephalic structures lose their 
primary connection with the olfactory apparatus to 
a large extent, and develop into a superimposed 
correlating organ for more caudal levels of the 
brain. The thalamic part of the diencephalon in- 
creases, being an important relay station between 
the increasing mass of telencephalic tissue and 
more caudal levels. 

I 

mesencephalon | 



cord 

Fig. 25. Schematic drawing of caudal part of a verte- 
brate brain in medial view. Section surface is cross 
striated. 
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Fig. 26. Drawing of human braih in lateral view. 
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In higher animals a sort of centralization process 
lias thus occurred with an increase in size and sig- 
nificance of the teleneephalic part, the brain stem 
which acts as a correlation center over the rest of 
the brain. This mode of differentiation seein.-> to be 
the basis for more complex intellectual activity. 

The particular degree of development of the spe- 
cific sense organs, the varying capacity of locomo- 
tion, and finally the above-mentioned gradual cen- 
tralization process cause large modifications in size 
and degree of differentiation of the various parts of 
the brain in different species. 

Phylogenesis of the brain. The highest degree 
of teleneephalic development is reached in mam- 
mals and man, resulting in an enormous degree of 
development ot the cortical layers of the pallium. 
Impulses from the spinal cord and the brain stem 
reach this part of the brain by means of fibers pass- 
ing through the thalamus, which therefore also 
increases in size. The fibers emerging from the cor- 
tex and descending to lower brain levels form a so- 
called pyramidal system, which can be found only 
in a rudimentary state in submammalian forms. The 
part of the pallium associated with this functional 
system has been called the neopallium in contrast 
with the archipallium or hippocampal region and 
the paleopallium or olfactory pallium; the former 
is present in reptiles also and in a rudimentary 
form in amphibians, and the latter already occurs 


in fishes. Similarly a neothalamus can be separated 
from a paleothalamus, the former being associated 
only with the neopallium, the latter having sub- 
cortical connections. In the cerebellum a neocere- 
bellum may be distinguished, having cortical con- 
nections via the pons, from a paleocerebellum. 
being connected with brain stem and spinal cord 
centers. In a similar way the striatal body is sub- 
divided into a paleostriatum, an anhistriatum, and 
a neostriatum. During ontogenesis, however, rudi- 
ments of all these parts can be found in nearly all 
vertebrate species. It is thus not a question of add- 
ing new morphologic units during phylogeny, but 
of an increasing development of certain parts, to- 
gether with a shift in functional characteristics. 

Human brain. The weight ol the adult human 
brain is about 1300 g, the greatest part of which is 
made up of the hemispheres. The system of sulej 
and gyri of the hemispheric surface is very well 
developed (Fig. 26 ). It is possible to determine 
anatomical localizations for different functions. The 
cerebellum is situated behind and beyond the hemi- 
spheres. This, too, is grooved considerably and 
consists of a great number of gyri. Well-developed 
cerebellar hemispheres can be distinguished from 
the median vermis. Part of the brain stem can be 
seen at the base of the brain, that is, the medulla 
oblongata with its nerves, the thick commissural 
bundles that make up the pons, the bottom of the 
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Fig. 28. Drawing of human brain, sectioned medially. 


diencephalon with the mammillary bodies, the hy- 
pophysis, and the crossing of the optic nerves. On 
the ventral surface of the two hemispheres, the 
olfactory bulbs and tracts can he seen (Fig. 27). 

A peculiar distribution of white and gray matter 
of the cerebellum produces the so-called arbor 
vitae which can be seen in a median section of the 
brain (Fig. 28). The roof of the mesencephalon ap- 
pears as the quadrigeminal bodies. Between the 
two hemispheres lies an enormous commissural 
bundle, the corpus callosum. Two columnar fiber 
bundles, the fornices, lie on each side below and 
behind it connected by a hippocampal commis- 
sure. The fornices describe a half-circle from the; 
temporal lobes upward, forward, and downward 
to end in the mammillary bodies. They form the 
anterior limit of the foramina of Monro, which con- 
nect the ventricles of the hemispheres with that of 
the diencephalon. Between the corpus callosum and 
the fornices the brain wall is much extended to 
form a thin septum, the pellucid septum. 

Meninges. The brain is enclosed and protected 
by three membranes of connective tissue. The out- 
ermost one is called the dura mater, and also rep- 
resents the internal periosteum of the skull in the 

adu\l. T\te \imemo%t one \s caYYed tYve p'\a matex 
and is a thin membrane, lying close to the brain 
surface and extending into the grooves on the brain 
surface. The arachnoid lies between these two mem- 
branes. The space between the arachnoid and the 
filled by the cerebrospinal fluid , which fur- 


ther protects the brain. This fluid is produced in 
the brain ventricles from the choroid plexi in the 
roofs of the third and fourth (myelencephalie ) 
ventricles, fills the ventricular system, leaves it 
through openings in the myelencephalie tela, and 
flows into the subarachnoid space, where it is ab- 
sorbed. 

CRANIAL NERVES 

The cranial or cerebral nerves are the peripheral 
nerves of the head, being related to the brain. The 
number and degree of development of the nerves 
varies in different species. The functional quality 
of the different nerves also varies. Twelve pairs of 
cranial nerves have been distinguished in human 
anatomy, and these nerves have been numbered 
rostrally to caudally in the following way: 

I- Olfactory nerve, fila olfactoria 

II- -0ptic nerve, fasciculus opticus 

III- Oculomotor nerve 

IV- Trochlear nerve 

V- Trigeminal nerve, in most vertebrates di- 
vided into three branches: ophthalmic, 
maxillary, and mandibular 

VI- Abducens nerve 
VU-F acial nerve 
VUI-Statoacoustic nerve 

IX-Glossopharyngeal nerve 

X-Vagus nerve 

XI-Accessory nerve 

XII -Hypoglossal nerve 
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Cyclostomes, fishes, and amphibians lark the ac- 
cessory and hypoglossal nerves. 

In addition to these nerves a vomeronasal nerve 
has been described in lower vertebrates and ein- 
hryonirallv in man. It runs from the so-called 
Jacobson’s organ to the accessory olfactory bulb 
of the brain and may he regarded as an accessory 
olfactory nerve. Further, a terminal nerve or Pin- 
cus’s nerve has been described in most vertebrates, 
although it may lie within the olfactory nerve. It 
runs from the nasal sac to the ventral surface of 
the forebrain and contains fibers running to blood 
vessels and other structures. 

Functional subdivision. The cranial nerves, like 
the spinal nerves, contain both sensory and motor 
fibers. The former run from sensory end organs 
to cell bodies situated in the ganglia (the cranial 
ganglia), continue in the nerve roots, and resell the 
brain stem. The motor fibers emanate from cell 
bodies situated in the brain stem and then run 
peripherally to effector organs. 

The fibers may be further subdivided into a so- 
matic and a visceral system. The somatic system 
in the trunk is represented by the cross-striated 
muscles, derived from somites, as effect or organs 
and the skin with its derivatives as the sensory sys- 
tem. In the trunk the visceral system is made up 
of the gut and its derivatives, the muscles of which 
are smooth. The approximate correspondences of 
somatic muscles in the head are represented by the 
oye muscles and the tongue muscles. The rest of 
the muscles of the head are derivatives of the gill 
(branchial) arches and should therefore be re- 
garded as visceral muscles even though they are 


cross-striated. They are often called special vis- 
ceral muscles. The motor fibers of the cranial 
nerves, therefore, may be divided into somatomotor 
fibers (to eye and tongue muscles), general viscero- 
motor fibers (to dcrivathes of the gut wall), and 
special visceromotor fibers (to the musculature of 
the head, derived from the branchial arches). Sec 
Respiratory sysikm. 

The sensory fibers are partly of a general somatic 
nature, innervating the skin and also carrying deep 
sensibility, and general visceral nature, innervating 
the gut wall; they run partly from special sense 
organs, typical of the head. Thus, special somatic 
fibers emanate from the lateral-line system of 
aquatic animals and its derivative, the inner ear, 
and special visceral fibers come from the taste 
organ ( Fig. 29 ) . 

The somatomotor fibers in the head leave the 
brain as ventrally situated nerve roots; the rest of 
the fibers make up the dorsally situated roots. 
Within the brain the end nuclei of the different 
functional systems lie arranged in longitudinal rows 
or columns. 

As brain nervc\s, the nerves of the organs of smell 
and vision are included also. From a morphologic 
point of view these are, however, not comparable 
to the rest of the cranial nerves. The olfactory 
nerve is made up of fibers from the primary sensory 
cells of the olfactory organ and thus does not con- 
tain a ganglion. The optic nerve is more to be com- 
pared to a brain fascicle. 

Segmentation. The morphology of the cranial 
nerves is strongly influenced by the segmentation 
present in the pharynx, that is, the branchial 
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arches (branchiomerisni) (Fig. 30). In lower verte- 
brates every nerve root divides and sends one branch 
(pretrematic branch) in front of a pouch and 
one behind it ( posttrematic branch). In higher 
forms this pattern may be modified but can still 
be identified even in man. The ventral roots do not 
show such a strict hranchioineric arrangement but 
attempts have been made to combine each ventral 
root with a dorsal root to form a unit which would 
fit into a system of branchiomerism and represent 
a transformed spinal nerve. See Metamerism, em- 
bryonic. 

Somatomotor nerves. Three nerves run to the 
eye muscles: the oculomotor, trochlear, and abdu- 
cens nerves. The trochlear nerve leaves the brain 
stem on its dorsal surface after its fibers cross 
within the brain substance. From a morphologic 
point of view, however, it is to be regarded as a 
ventral nerve. The oculomotor and abducens nerves 
both leave the brain on its ventral surface. The 
trochlear nerve innervates the superior oblique eye 
muscle, the abducens nerve the external rectus 
eye muscle, and the oculomotor nerve the remaining 
muscles of the eye. 

The tongue muscles in man are innervated by the 
hypoglossal nerve. In fishes the so-called occipital 
nerves, which leave the spinal cord, pass through 
the posterior part of the skull, and run to the so- 
called hypobranchial muscles, correspond to the 
hypoglossal nerve. In amphibians no occipital 
nerves are present, but the corresponding nerve 
trunk is formed from the second and third spinal 
nerves. The arnniote hypoglossal nerve, too, receives 
nerve fibers from the spinal nerves. 

In amniotes another nerve appears which is lack- 
ing in lower vertebrates, the accessory nerve. In 
man it is formed as a specialization of the vagus 
nerve and also receives a root from the spinal cord. 
The vagus nerve fibers are special visceromotor 
ones and enter the vagus ganglion. The spinal 
cord portion is the true accessory nerve, and its 
fibers run to the trapezius muscle and the sterno- 
cleidomastoideus muscle. 

Special visceromotor nerves. These nerves in- 
nervate the main part of the head musculature, that 
derived from the branchial arches. The masticating 


muscles develop from the first arch (the future 
lower jaw) and arc innervated by the mandibular 
branch of the trigeminal nerve. The muscles derived 
from the second branchial arch (hyoid) are in- 
nervated by the facial nerve in all vertebrates. In 
man such muscles are found in the upper part of 
the neck, and as the stapedius muscle in the middle 
ear. In amphibians, reptiles, and mammals another 
muscle develops within the hyoid arch and is in- 
nervated by the facial nerve, the platysma muscle. 
In apes and man it develops into the mimic muscu- 
lature of the face. The pharyngeal^muscles of the 
third branchial arch are innervated by the glos- 
sopharyngeal nerve, and those of the following 
arches by the vagus nerve. 

General somatosensory nerves. The trigeminal 
nerve contains fibers of this nature in all three 
branches and innervates the areas situated in front 
of the lower jaw. The facial nerve in lower verte- 
brates sends a mandibular branch to the lower jaw 
which in higher vertebrates and man can be identi- 
fied as the tympanic cord. The cutaneous innerva- 
tion in man is represented by a small region in the 
external ear. The sensory innervation of the third 
branchial arch is carried through the glossopharyn- 
geal nerve, and that of the following arches 
through the vagus nerve. In man there is a small 
remnant of the vagus somatosensory portion as a 
branch to the external ear. 

Special somatosensory nerves. The lateral-line 
system is a well-developed special sensory organ in 
the skin of water-living lower vertebrates. It is in- 
nervated by the so-called lateral-line nerves which 
are branches from the trigeminal, facial, glosso- 
pharyngeal, and vagus nerves. In amniotes the 
lateral-line system has disappeared. The inner ear 
is usually regarded as a special differentiation of 
this system. Its nerve, the statoacoustic nerve, can 
therefore be regarded as a remnant of the lateral- 
line nerves. In amphibians, the tadpoles carry 
lateral-line nerves which are transformed into a 
static nerve of the inner ear at metamorphosis. 

Special viscerosensory nerves. The nerves from 
tHe taste organ in fishes, which extends outside the 
mouth onto the surface of the head, run as so-called 
communis fibers in the facial nerve. In amniotes 


and man such fibers run through the facial nerve 
(via the above-mentioned tympanic cord), the glos- 
sopharyngeal nerve, and the vagus nerve. 

Visceromotor and sensory nerves. These nerves 
run to the glands, muscles, and mucous membranes, 
derived from the gut. They represent the cranial 
parasympathetic system and are made up of fibers 
in the oculomotor, facial, glossopharyngeal, and 
vagus nerves. 

Cranial ganglia. These are made up of the main 
cranial ganglia, situated in the nerve trunks, and of 
the parasympathetic ganglia. The semilunar gan- 
glion is the main ganglion of the trigeminal nerve, 
the geniculate ganglion that of the facial nerve. 
The glossopharyngeal nerve carries two ganglia, 
the superior and the petrosal ganglia; the vagus 
nerve also carries two, the jugular and nodose gan- 
glia. In some lower vertebrates there is a small 
dorsal root corresponding to the hypoglossal nerve. 
Its pmglion is called Froriep’s ganglion. It might 
be found embryonically in man. The following para- 
sympathetic ganglia are present in man: the ciliary, 
pterygopalatinal, otic, and submandibular, [b.k.] 
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Nervous system (invertebrate) 

A nervous system is present in nearly all multicel- 
lular animals above the. sponges, and in eat h phy- 
lum it is organized on some distinct and character- 
istic plan. It consists of many nerve cells, each of 
which possesses one or more nerve fibers along 
which signals or nerve impulses are transmitted. 
Nerve cells connect with one another at junctions 
called synapses, across which impulses pass from 
one cell to another. At synapses the surfaces of 
nerve cells come very close to each othen but there 
is no fusion of substance. Because nerves transmit 
impulses swiftly, the nervous system is a means of 
fast regulation. Endocrine systems, secreting 
chemical messengers or hormones into the blood 
stream, produce slower and more lasting effects. 

Endocrine system; Hormone; Nervous sys- 
tem. 

Investigations of invertebrate nervous systems 
have been concerned with basic problems of nerv- 
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ous transmission, and with explaining how animals, 
or their constituent parts, behave. Knowledge of 
the functioning of simpler nervous systems often 
throws light upon events taking place in more 
complex systems of higher animals, including man. 
It also gives some insight into the evolution of 
higher mental processes. 

Transmission of a nervous impulse is a physico- 
chemical phenomenon. On arriving at the terminal 
of a fiber, the impulse usually causes the release of 
a chemical transmitter, which diffuses across the 
short gap at the synapse and excites the next ele- 
ment in the series, nerve cell, muscle cell, or other 
structure. Nerve fibers that supply muscles, chro- 
matophores, luminous organs, glands, and cilia 
are known collectively as effectors. In special in- 
stances. nerve cells have been transformed into 
neurosecretory cells, which discharge hormones 
from their endings. 

By controlling effectors, the nervous system regu- 
lates an animal’s vegetative, or visceral, and ex- 
ternal activities. In some lower animals, and in the 
viscera of higher ones, the nervous system takes 
the form of a diffiir* nerve net. There is a progres- 
sive tendency among higher animals for the nerve 
cells to be concentrated into a central nervous sys- 
tem. Higher nervous centers, such as ganglia and 
the brain, allow a greater degree of instinctive be- 
havior, more varied responses, and utilization of 
past experience, that is. memory. See Biolijmines- 
cenck; Ciihomatophore: Muscle. 

Excitation and transmission. Many kinds of cells 
can he excited, but this ability is accentuated as 
the chief function of nerve cells. In single-celled 
animalcules or Protozoa. Mich as Noctiiura , action 
potentials, recorded inside the cell, accompany 
movement of the tentacle or follow electrical stimu- 
lation. The simple multicellular sponges have no 
nervous system: yet when they are stimulated, as 
hv a pin prick, excitation is transmitted short dis- 
tances around the exhalant opening which then 
closes. Conduction takes place from one contrac- 
tile museuloepithelial cell to another, and is called 
neuroid transmission. 

The transmission of a nervous impulse along a 
neivo fiber is manifested bv the passage of an ac- 
tion potential or spike of negativity. Nervous con- 
duction can be studied cither indirectly by observ- 
ing the changes which take place in an effector 
when a nerve is stimulated, or directly, by record- 
ing the action potential with the aid of an elec- 
tronic amplifier and cathode-ray oscilloscope. 

In a resting nerve fiber there is a potential dif- 
fer enre across the surface membrane, the inside 
being negative to the outside. By making use of 
giant nerve fibers found in squid and cuttlefish, it 
has been possible to introduce an electrode into a 
fiber and measure the potential inside (Fig. 1). At 
rest, the potential inside is about 60 millivolts (tnv) 
negative; when the fiber is excited and transmit- 
ting art impulse, the potential inside falls to zero 
and reverses in sign, becoming 50 mv positive; 
that is. there is a potential change of about 110 mv. 
The resting potential is caused by differences in the 
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Fig. 1. Action potential recorded between the inside 
and outside of the giant axon of a squid. The vertical 
scale shows the potential of the internal electrode in 
millivolts, the sea water outside being taken as zero 
potential. The dots below represent time marks at 500 
cps. (From A. L. Hodgkin and A. F. Huxley, J. PhysioL, 
104(2), 1945 ) 

concentrations of ions across the fiber membrane, 
the interior of the fiber being rich in potassium 
ions, and the tissue fluid outside rich in sodium 
ions. 

When a nerve fiber is excited, as by an electric 
shock, a brief change in permeability of the sur- 
face membrane occurs, sodium ions rush in and 
potassium ions pass out. These movements of ions 
produce the action potential — the rising phase of 
the spike depends on the inward surge of sodium 
ions; the falling phase, on the outward movement 
of potassium ions, which restores the resting po- 
tential. Current flowing away from the stimulated 
region excites adjoining regions of the fiber, and 
so a self-propagating disturbance arises, which 
proceeds along the fiber to its terminus. By the 
expenditure of energy, the nerve fiber is able to 
pump out sodium ions and take in potassium ions, 
thus restoring its ionic concentrations. 

Conduction speed. The speed at which nervous 
transmission takes place depends on many factors 
such as the temperature, continuity, and diameter 
of fibers. The temperature coefficient (Ju, fur nerv- 
ous transmission is about 1.5; that is, conduction 
speed increases about 1.5 times for each rise of 
10°C. Conduction is retarded by many synapses, 
each of which imposes a slight delay. Large fibers 
conduct faster than small fibers, the velocity vary- 
ing approximately as the square root of the diam- 
eter. In the nerve nets of coelenterates, consisting 
of many small nerve cells, impulses are conducted 
at speeds ranging from U.04 to 1 meter/sec. Small 
nerves of crabs and squids, which are a few microns 
in diameter, conduct at speeds of 1 -2 m/sec. Giant 
fibers, up to 1 mm in diameter, conduct at speeds 
up to 20 m/sec in squid and annelid worms. 

Synaptic transmission. Whether judged on mor- 
phological or physiological grounds, a wide variety 
of synapses are encountered among invertebrates. 
At some synapses the areas of contact between two 
fibers are equal and transmission occurs with equal 
facility across the junction. Such synapses are said 
to be nonpolarized. Such synapses occur in through- 
conduction tracts of sea anemones, between giant 
axons of serpulid worms, and others. In other syn- 


apses, one nerve fiber terminates on another by fine 
processes, small buttons, or other specialized struc- 
tures. Transmission is unidirectional, from fine 
terminals to large fibers, and such junctions are 
polarized, as exemplified by the sensory terminals 
on first-order giant fibers in the brain of squid. 

From a functional point of view, synapses are 
further classified as relay or one-to-one, integrative 
or several-to-one, and multiplying or one-to-several. 
In the relay type each impulse in one fiber (pre- 
synaptic) evokes an impulse in the other (post- 
synaptic), such as the synapse between first- and 
second-order giant fibers of squid. In the integra- 
tive synapse several presynaptic impulses at some 
optional frequency are necessary to produce post- 
synaptic discharge, as in the stellate ganglion of 
the octopus. In multiplying synapses the postsvn- 
aptic fiber discharges repetitively to a single im- 
pulse in the presynaptic fiber, as occurs in the 
junction between the central giant fiber and motor 
fibers in crayfish. 

When electrical activity at the junctional region 
is recorded, the following electrical events are ob- 
served. Stimulation of the presynaptic fiber pro- 
duces a propagated presynaptic action potential. 
At the junction a synaptic potential arises. This, 
an elcctrotonic potential, is propagated with decre- 
ment for very short distances. From the synaptic 
potential arises a propagated all-or-nothing post- 
synaptic potential or impulse. # 

The agency or agencies of synaptic transmission 
among invertebrate animals are still uncertain. 
Despite the large volume of pharmacological in- 
vestigation, chemical identity of the transmitter 
substance has proved elusive. Acetylcholine, ad- 
renalin, and 5-hydroxytryptamine have been pos- 
tulated for various species. There is some evidence, 
based on sensitivity, that acetylcholine may be 
involved in neuromuscular transmission in some 
annelids, mollusks, and echinoderms. 

Nerve nets. These structures occur in coelenter- 
ates, echinoderms, acorn worms (balanoglossids) . 
and in the gut of annelid worms, crustaceans, and 
other groups. Among the chief physiological char- 
acteristics of the nerve net are diffuse spread of 
excitation, local and equipotentia) autonomy, spa- 
tial attenuation of conduction, and facilitation. 

In the sea anemone, for example, the nervous 
system consists of a diffuse network of nerve cells 
and processes lying underneath the epithelium. Ex- 
citation is conducted in any direction over the 
anemone from the region stimulated, that is, the 
nerve tracts are diffuse and nonpolarized. Electrical 
stimulation of the nervous system evokes one of 
two kinds of contractions in muscles surrounding 
the disk. Very slow stimulation produces slow con- 
tractions after a long interval; faster stimulation 
produces stronger contractions. The number and 
frequency of impulses determine whether the mus- 
cle will contract slowly or quickly. Usually, several 
impulses are required to elicit a quick contraction, 
and subsequent contractions increase progressively 
in strength. 
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Fig. 2. Facilitation of luminous flashes in the sea pansy 
( Renilla ). Dots above represent time scale of one per 
sec. Center line, photoelectric recording of flashes, 
appearing as peaks; line below, electric shocks. The 
first flash appears on the third shock, and the first 
eight flashes become progressively brighter because of 
facilitation. 

Some excitatory state is carried over from one 
impulse to the next, and this condition is called 
facilitation. This process may operate at the junc- 
tion between nerve and effector cell, or at the syn- 
apses between nerve cells. Some parts of the nerve 
net are organized into through-conduction tracts, in 
which an impulse quickly traverses the whole path- 
way. In others, excitation may spread gradually 
with continued stimulation, as each impulse paves 
the way for its successor, allowing it to penetrate 
further along the nerve trunk (facilitation between 
nerve cells). In addition to muscular contractions, 
the nerve net of coelenterates also controls lumi- 
nous flashes (Fig. 2). Despite the apparent struc- 
tural simplicity of the nerve net, coelenterates dis- 
play a surprisingly complex gamut of activities. 

Visceral nervous systems. Intrinsic nerve nets 
in the alimentary canal of many invertebrates 
regulate gut movements and glandular secretion. 
Usually they are connected by sympathetic nerves 
with brain and nerve cord, and the activities that 
they control are integrated with the behavior of the 
whole organism. The lugworm Arenicola , for exam- 
ple, digs in mud by thrusting out its proboscis at 
regular intervals. This regular periodic activity is 
regulated by a visceral nerve net in the esophag- 
eal wall. Excitation, originating in the latter, ra- 
diates out to the proboscis and anterior bodv wall 
through nerve tracts, and induces rhythmic muscu- 
lar contractions. 

Central nervous systems. This type of system 
consists of ganglia, or aggregations of nerve cells, 
linked by conducting tracts or cords. Activities in- 
volving these centers may be either reflex, that is, 
called forth by environmental changes, or spon- 
taneous and initiated by the nervous system itself. 

A reflex involves sensory stimulation, excitation 
of efferent nerves, and response of effectors. Sen- 
sory nerve fibers, deployed at the periphery of the 
body, feed information about the environment and 
the state of the animal’s body into the nerve cen- 
ters. Here efferent nerves that innervate the ef- 
fectors are excited, and impulses pass out again 
to the effector organs; that is, they are reflected 
back again from the nerve centers to the periph- 
er Y* This is the basis of the reflex arc, and re- 
sponses invoked in this way by internal or external 
stimuli are called reflexes. 

The reflex concerned with the shortening of an 
errant polychaete worm can serve as a simple 
example (Fig. 3). Sensory cells in the cirri, or 
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hairlike appendages of the body wall, send nerve 
fibers into the nerve cord, where they make con- 
tact with giant nerve fibers extending through 
many segments and acting as fast distributors. In 
each segment the giant fibers have synapses with 
motor nerve cells, which send fibers to the longi- 
tudinal muscles. Touching a cirrus excites the 
sensory cells, causing them to discharge nervous 
impulses, which in turn excite the giant fibers, 
then the motor fibers, and finally the longitudinal 
muscles. 

Through-conduction systems. Parts of the nerv- 
ous system are sometimes specialized as fast con- 
duction routes controlling quick responses. Usually 
only a few fibers are involved. These are large and 
extend long distances; they conduct quickly and 
innervate extensive muscle masses which they throw 
into synchronous contraction. Examples are the 
giant-fiber systems controlling the escape reactions 
of earthworms, lobsters, and squids. These ex- 
traordinarily large fibers are frequently amalgams 
of many nerve cells. 

The arrangement is fairly simple in annelid 
worms, in which one or a few giant nerve fibers 
run throughout the length of the central nervous 
system from the brain in the head to the tail. In 
each segment the giant fiber is connected with mo- 
tor fibers which supply the longitudinal muscles. 
In one fanworm, Myxicola , branches of the giant 
fiber go directly to the muscles. A single nerve im- 
pulse rapidly traverses the giant fiber, throwing all 
the longitudinal muscles into contraction at one 
time, and causing the worm to shorten suddenly. 
When a worm is repeatedly stimulated it soon 
ceases to contract. Some form of accommodation 



Fig. 3. Schematic representation of a reflex arc in an 
errant polychaete worm, such as HarmothoH. 1, cirrus; 
2, afferent fibers from sensory cells in the cirrus; 3 f 
pair of giant fibers in the ventral nerve cord; 4, motor 
nerve cell; 5, synapse of giant fiber and motor fiber; 
6, synaptic juxtaposition of motor fibers; 7, motor 
fiber; 8, contact of motor fiber with muscle; 9, longi- 
tudinal muscle. Arrows indicate direction of transmis- 
sion. 
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Fig. 4. Giant-fiber system of the squid. Ganglia and 
nerves enlarged relative to the animal. 1, first-order 
giant cells; 2, interaxonic bridge; 3, mantle connective 
nerve; 4, giant-fiber lobe of stellate ganglion; 5, fin 
nerve; 6, stellar nerve; 7, second-order giant axon; 
8, synapse between second- and third-order giant ax- 
ons; 9, cell bodies of third-order giant axon; 10, third- 
order axon. ( After J. Z. Young, Cold Spring Harbor 
Symposia Quant. Biol., vol. 4, 1936) 

takes place in the central nervous system, either 
between sensory fibers and the giant fiber, or be- 
tween the latter and motor or efferent fibers, or at 
both loci. In consequence, synaptic transmission be- 
comes temporarily blocked at these points. 

In the squid there is a chain of three giant fibers 
(Fig. 4), first-, second-, and third-order, extending 
from the brain to the muscles of the mantle or 
outer body wall on either side of the body. When 
the animal is threatened, sensory signals from the 
eyes or skin excite the first-order giant fibers in 
the head, from which nerve impulses pass via sec- 
ond- and third-order fibers to the circular muscles 
of the mantle. The third-order giant fibers are 
graded in diameter, those going the greatesl dis- 
tances generally being the largest and conducting 
most quickly. Consequently, the muscles contract 
nearly simultaneously, water is suddenly expelled 
from the mantle cavity, and the animal shoots 
away by jet propulsion. 

Neurosecretion. In the central nervous systems 
of many invertebrates there are aggregations of 
peculiar secretory cells, collectively designated 
neurosecretory cells. These cells, originally nerv- 
ous, have become transformed into endocrine cells. 
They are innervated and they respond to nervous 
stimulation by secreting hormones into the blood 
stream. Cephalopods illustrate in an interesting 
manner the transition from nervous to secretory 
function. In squids, the nerve cell bodies of the 
third-order giant fibers lie in a special lobe of a 
peripheral ganglion, the stellate ganglion. In octo- 
puses, however, giant fibers are wanting, and the 
equivalent nerve cells are represented by neuro- 
secretory cells in a lobe, the epistellar lobe of the 
stellate ganglion. 

Neurosecretory cells are found in brain, nerve 
cord, and visceral ganglia of nemertines, poly- 
chaetes, arthropods, and mollusks. Their function- 
ing has been explored most thoroughly in crusta- 
ceans and insects. The sinus gland in the eyestalks 
of. crustaceans, for example, is formed of the swol- 
len terminals of fibers coming from neurosecretory 


cells. In the organs, hormones are stored that, when 
released, regulate various activities, including 
molting, respiration, chromatophore responses, and 
retinal-pigment migration. The triggering factor 
for hormonal release may be external, as in the 
case of color changes, when afferent impulses from 
the eyes enter the brain and eventually reach the 
neurosecretory centers. Appropriate hormones are 
released from the neurosecretory terminals and 
bring about changes in the distribution of pigment 
in the color cells or chromatophores. Or, in the 
case of periodic activities such as molting or di- 
urnal changes in respiration, the releasing agency 
must be internal, originating within the higher 
nervous centers. 

Directive activities. 'I he characteristics of an an- 
imal’s behavior, spontaneous or provoked by stimu- 
lation, are governed by the organization of its 
higher nervous centers. In these centers incoming 
signals are sorted out and compared, information 
is stored, actions are initiated according to the ani- 
mal’s past history and present condition, and rhyth- 
mic activities are regulated. 

The directive capacities of the nervous system at 
an elementary level have been revealed in starfish. 
In these animals there is a c entral nerve ring from 
which a radial nerve cord arises which passes 
down each arm. The central ring contains five nerve 
centers, in each of which there are nerve cdlls that 
send fibers down each of the radial nerve cords. In 
the latter, the central fibers contact motor nerves, 
which supply the muscles of the tube-feet. A star- 
fish moves along by stepping movements of its tube- 
feet, one arm leading and the other arms following. 
During locomotion one of the centers in the nerve 
ring becomes dominant, coordinates the direction 
of stepping in all arms, and causes the starfish to 
move in one particular direction. 

Many of the activities of animals, although ap- 
pearing on analysis reflexly modulated, consist of 
integrated actions involving different organs and 
taking place in definite temporal sequence. Thus, 
polychaete worms move in several ways, such as 
crawling and swimming. Crawling is effected by 
means of peristaltic waves of the body muscula- 
ture and coordinated movements of the parapodia 
or a p pend ages. The nervous basis for these propa- 
gated waves of contraction depends upon several 
factors. The motor pattern responsible for this par- 
ticular kind of locomotor activity is propagated 
and established along the length of the nervous 
system; timing and sequence of the waves are de- 
termined in each segment by chain reflexes evoked 
by excitation of tactile and tensile receptors or sen- 
sory cells in consequence of the movements of 
contiguous segments. 

Central versus peripheral control. In some in- 
stances control of muscular activity is executed 
centrally, and the strength of contractions depends 
on the number of excitatory fibers thrown into ac- 
tivity and fhe number and frequency of impulses 
which they carry. More common among inverte- 



brates are situations in which muscles receive sev- 
eral kinds of excitatory fibers, each capable of call- 
ing forth a different degree of contraction. For 
example, one of the leg muscles of the cockroach 
is supplied with a fast and a slow axon. The fast 
axon produces a fast twitch contraction; the slow 
axon, a slow, smooth contraction. Crustacean limb 
muscles receive fast and slow excitatory fibers and. 
in addition, an inhibitory fiber which inhibits the re- 
sponse of the motor fibers. The characteristics of 
contraction, then, depend upon the kinds of nerve 
fibers which are active, and the way in which they 
are discharging. Resolution of excitatory and in- 
hibitory signals occurs at the periphery. 

Functioning of higher centers. The anterior end 
of bilaterally symmetrical animals, being the re- 
gion most often exposed to environmental changes, 
bears the greatest accumulation of sense organs 
and. simultaneously with these, have appeared the 
cephalic or head ganglia. Primitively, these are 
relay centers for incoming sensory signals from the 
head. In the flatworm Yuri gift, for example, the 
brain is a sensory center of low threshold, impulses 
from which initiate peristaltic swimming move- 
ments. When the brain is removed, as in decapita- 
tion. the animal becomes still; stimulation of the 
cut end renews swimming movements. 

Secondarily, cephalic ganglia have become as- 
sociation centers, for correlating incoming mes- 
sages and for storing information, and are the seat 
t»f instinctive and plastic behavior. 

Even simple animals, such as sea anemones, 
change their responses to rontinued stimulation, 
for instance, repeated feeding. Such altered re- 
sponses are attributed to adaptation or accommoda- 
tion in sensory elements, rather than to true learn- 
ing. The latter involves some lasting change in the 
central nervous system, wherebv the behavior of an 
animal in a given situation heroines dependent on 
previous experience of a similar situation. Learn- 
ing, including conditioned reflexes, occurs in lower 
animals such as flatwonns, annelid worms, and 
snails. In the earthworm, associations are still re- 
tained after removal of the cephalic ganglia. The 
brain becomes dominant in the behavior of higher 
animals such as crustaceans, insects, and cephalo- 
pods. 

The brain is very complex in many arthropods 
and in cephalopods. Much work has been carried 
out linking brain structure and function with learn- 
ing and behavior in the octopus. These animals feed 
upon crabs. By showing a crab, together with a 
visual stimulus, and giving an electric shock, and 
showing a crab alone, octopuses can be taught to 
discriminate, and will then attack the crab only 
when the visual stimulus is absent. The brains of 
trained octopuses have been injured in various ways 
to test the effect on ability to control attacks on 
orabs and to retain visual impressions. For exam- 
ple, removal of one region, the verticalis complex, 
has shown that this part is necessary for long-term 
memories, those lasting several days. Short-term 
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memories, lasting a few minutes only, are a func- 
tion of another region, the optic lobes. The verti- 
calis-lobe system appears to prolong visual memo- 
ries set up in the optic lobes by presenting these 
again, from within, and thus causing them to per- 
sist for a sufficiently long time to bring about some 
change of a more permanent nature. 

Very little is known about the functioning of the 
complex insec t brain to correlate with the intricate 
behavioral activities of insects. Peculiar mushroom 
bodies, the corpora pedunculata, which cap the 
brain, are thought to be ('enters in which incoming 
sensorv messages interact in bees and ants. See 
Bkiiawoh, ontogeny ok; Learning theories. 

| J.A.C.N.] 
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Nervous system disorders 

Pathology of the nervous system. KnoVledge of the 
functional and structural properties of the normal 
human nervous tismie is necessary for an under- 
standing of ils changes under pathological condi- 
tions. 

Neuron. The anatomical and functional unit of 
the nervous system is the neuron. Each netiron con- 
sists of a cell body and its processes. Those proc- 
esses receiving impulses through contact (synapse) 
with other neurons are called dendrites and the 
process conveying a nervous impulse to other neu- 
rons or end organs is called an axon. The shape of 
the cell body (nerve cell) varies considerably, and 
its size ranges from a few to over 100 p.. In the 
central nervous system (brain and spinal cord) the 
nerve cells are accumulated in the gray matter 
whereas their axons are surrounded by fatty sub- 
stances (myelin), have a white appearance, and 
form the white matter of the nervous tissue. The 
nerve cells are located in the outer surface of the 
brain (cortex) and in the subcortical or basal 
nuclei; in the spinal cord they are centrally lo- 
cated. In most parts of the cerebral cortex the 
nerve cells are distributed in seven layers; the 
number, size, shape, and distribution (cvtoarchi- 
tecture) vary from cortical field to field depend- 
ing upon that field’s special function. See Nervous 
system; Nucleic acid. 

The nucleus of the nerve cell is usually spherical 
and contains one or more nucleoli. In the cytoplasm 
there are granules or clumps that stain blue with 
basic dyes; this is the Nissl substance or tigroid. 
The Nissl substance is composed of ribonucleic 
acid, is sensitive to pathological changes, and 
therein reveals varying degrees of dissolution, (chro- 
matolysis). This phenomenon may be associated 
with swelling, vacuolization, or ultimately death 
(liquefaction) of the nerve cell. When the cell 
bodies show shrinkage, the Nissl substance is con- 
densed and the nucleus becomes pyknotic. Neuro- 
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fibrils may be demonstrated in the cytoplasm and 
in the processes of neurons with silver stains. 

Glia. In addition to the vessels and connective 
tissue that are found in all organs of the human 
body, the central nervous system has another type 
of supporting tissue known as the glia. The glia is 
composed of three elements: astrocytes, which are 
large cells; oligodendroglia cells, which are smuller 
(both are ectodermal in origin); and microglia 
cells, which are mesodermal in origin. The exact 
function of the glial cells under physiological and 
pathological conditions is still not completely un- 
derstood. The astrocytes may proliferate (gliosis) 
and participate in the formation of scars. Further- 
more, they may undergo reactive and regressive 
changes such as swelling and shrinkage. They may 
form gemistocytes, and in this condition their cyto- 
plasm. which is normally not demonstrable, rnay 
become visible using routine stains. Oligodendrog- 
lia cells have something to do with the formation 
and metabolism of myelin. They proliferate in cer- 
tain toxic diseases and are seen around nerve cells 
(satellitosis) . Microglia cells proliferate very ac- 
tively in disease and become hypertrophic. They 
participate in the removal of nuclear and myelin 
debris (phagocytosis). Focal accumulations of 
glial cells, predominantly microglia cells, are 
called glial nodules and are commonly found in 
viral and rickettsial encephalitides. 

Myelin. Pathological changes of myelin may 
ultimately result in the complete loss of this struc- 
ture ( demyelination ) . This may occui in infections, 
intoxications, deficiency diseases (lack of vita- 
mins), anoxia, after destruction of the axon, and 
for unknown reasons. Regardless of the etiology, 
the degeneration follows a standard scheme which 
was experimentally studied by interruption of 
nerve fibers in peripheral nerves (Wallerian degen- 
eration). The Marchi technique stains the altered 
myelin. Old demyelinated regions do not stain with 
hematoxylin dyes as does the normal myelin. The 
axon of a peripheral nerve distal to the injury be- 
comes swollen, fragmented, and undergoes dissolu- 
tion; the same phenomenon occurs in the myelin 
structures. Proximal to the injury the myelin be- 
comes degenerated for short distances only and the 
neurofibrils show proliferation within hours after 
the injury. When proximal and distal stumps of an 
injured peripheral nerve are brought together, a 
regeneration of the myelin and axon is possible 
and recovery of complete function may follow. On 
the other hand, no regeneration of neurons, axons, 
or myelin is possible in the central nervous system. 

The reaction of vessels, hhioblasls. and collagen 

in the central nervous system is not different from 

\w bxvn vaNact organ of \Yie body. These struc- 
tures respond. aUmg with the gVial cei\s, and par- 
ticipate in all pathological processes of the central 
nervous systein. Their degree of participation in 
injury , cellular death , repair , and scarring varies 
t from disease to disease . 

leninfft*. The coverings of the brain and spinal 
\are called the meninges; these consist of the 


pachymeninx or dura and the underlying lepto- 
meninges. The latter are divided into the pia, 
which is firmly attached to the configurations or 
gyri of the brain and to the external layer of the 
spinal cord, and the arachnoid. Between the pia and 
arachnoid is the subarachnoid space in which the 
cerebrospinal fluid circulates. Between the dura 
and arachnoid is the subdural space. 

Ventricular system. The cerebrospinal fluid is 
produced by the choroid plexus and is secreted 
into the cavities of the brain, the ventricular sys- 
tem. The ventricular system consists of four ven- 
tricles. The two lateral ventricles communicate with 
the third ventricle by the foramen of Monro. The 
communication between the third and fourth ven- 
tricles is through the aqueduct of Sylvius. The 
cerebrospinal fluid leaves the fourth ventricle via 
the foramina of Luschka and Magendie to reach 
the subarachnoid space from which it is ultimately 
absorbed by the Pacchionian granulations. The ven- 
tricular system of the brain is lined by ependymal 
cells. 

ATROPHY 

This term means a decrease in the size or numbei 
of individual cells or in the size of a tissue or an 
organ. Atrophy of one neuron may oecur when an- 
other functionally and synaptically related neuron 
is destroyed. This type of atrophy is knowiPas the 
transsynaptic type of atrophy or degeneration. If 
many neurons are destroyed, the brain and spinal 
cord may appear smaller. The spinal cord is 
atrophic injrtiealed cases of poliomyelitis, because 
this disease destroys the anterior horn cells of the 
spinal cord. The brain is atrophic or smaller in 
cases of senile and arteriosclerotic dementia. In the 
latter the destruction of the neurons is due to a 
vascular process. In cases of senile dementia, the 
atrophy of the brain is due to degeneration of the 
neurons characterized by alterations of the neuro- 
fibrils (Alzheimer’s neurofibrillary changes). In 
addition, amorphous argentophilic deposits, the so- 
called senile plaques, are observed in such cases. 
Neurofibrillary changes and senile plaques are 
demonstrable w'ith silver carbonate stain. In rases 
of presenile dementia (Alzheimer’s disease) the 
pathological substrate is similar to that of senile 
dementia; the only difference is the age of the 
patient (third or fourth decade in presenile de- 
mentia). In arteriosclerotic, senile, and presenile 
dementia the gyri of the brain appear smaller, the 
sulci larger, and the whole ventricular systein is en- 
larged as a result of the reduction in the amount 
of nervous tissue. See Sf.nilf. of.mf.ntu. 

In degenerative \rcocesfces ol live central nervous 
system the atrophic process does not afiect all 
part* of the brain equally, but has a certain predi- 
lection for functional regions or functional systems 
of the cortex , basal nuclei , or spinal cord* This 
atrophy is symmetrical and affects both sides of 
the central nervous system. Most of these diseases 
are hereditary. For unknown reasons the nerve cells 
undergo a slow degenerative process covering a 



span of many years and ultimately leading to the 
complete destruction of the neurons. In Pick’s dis- 
ease atrophy predominantly occurs in the frontal 
lobes of the brain, often associated with atrophy of 
the temporal or parietal lobes. In Huntington’s 
chorea the process affects predominantly the cau- 
date nucleus. In Friedreich’s ataxia and spino- 
cerebellar atrophies the nervous tissue of the spinal 
cord and of the cerebellum undergoes progressive 
degeneration. In amyotrophic lateral sclerosis the 
motor cortex of the brain, the anterior horns of the 
spinal cord, and often the bulbar nuclei are af- 
fected. In spinal atrophies the destruction of the 
anterior horn cells causes secondary degeneration 
of the innervated muscles of the extremities. See 
Huntington’s chorea. 

MALFORMATIONS 

These diseases are due to developmental defects 
originating in the prenatal and postnatal life. 

Hydrocephalus. The most common malforma- 
tion is the congenital hydrocephalus which results 
from lack of communication of the cerebrospinal 
fluid between the ventricular system and the sub- 
arachnoid space over the convexity of the brain. 
The ventricular system is maximally enlarged be- 
cause of accumulation of cerebrospinal fluid. This 
<auses pressure upon and atrophy of the brain. 
Obstruction of the circulation of the cerebrospinal 
fluid may occur at the level of the aqueduct of 
Sylvius or in the foramina of Luschka and Ma- 
gendie (noncommunicating hydrocephalus). Often 
I he obstruction of the circulation of the cerebro- 
spinal fluid is around the subarachnoid spaces of 
the cerebellum; this is called communicating hy- 
drocephalus because the cerebrospinal fluid has an 
exit from the ventricular system to the subarach- 
noid space of the cerebellum and spinal cord, but 
cannot gain access to the subarachnoid space over 
the convexity of the brain, where it may be ab- 
sorbed. 

Spinal cord malformations. Often congenital 
hydrocephalus is associated with a malformation of 
the spinal cord. The bony structures of the spine 
may not close at birth (spina bifida) ; the meninges 
may herniate out of the bony defect (meningo- 
cele) ; or the meninges plus the spinal cord may 
protrude out of the defect (meningomyelocele). 
Similar bony defects with herniation of the menin- 
ges and the brain tissue may occur in the occipital 
region (meningoencephalocele). In the Arnold- 
Chiari malformation the cerebellum and medulla 
tre present in the enlarged upper cervical cord and 
there is usually an associated spina bifida and hy- 
drocephalus; the bony structures in the posterior 
fossa are shallow (platybasia). 

Other malformations. Other types of malforma- 
tion are characterized by a very small brain 
(microcephalus) or a very large brain (megalo- 

cephalus), or the configuration of the brain may 
appear too small (microgyria) or too broad 
(pachygyria). Regions of the central nervous sys- 
em ma V fail to develop (agenesis) ; for example, 
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the cerebellum may be absent. In some rare in- 
stances only rudimentary brain tissue may be pres- 
ent (anencephaly), associated with agenesis of 
most of the bones of the calvaria. In porencephaly 
cavities extend from the surface of the cerebral 
hemisphere to the ventricular system. In another 
malformation, syringomyelia, there is character- 
istic tubular cavitation of the spinal cord; this 
process may also affect the medulla (syringo- 
bulbia). Tuberous sclerosis (Bourneville’s disease) 
is characterized hy focal proliferation and accumu- 
lations of abnormal cells which cannot be defined 
either as nerve cells or as glial elements. Tumors 
of the heart, kidneys, and other visceral organs 
have been described associated with this disease. 
In addition, cutaneous abnormalities and bony de- 
fects are present. 

Mongolism is one of the most common malforma- 
tions of the central nervous system. In this disease 
the brain may he grossly and microscopically nor- 
mal. There are approximately 300,000 mongoloid 
idiots in the United States and the individuals af- 
fected have mongoloid features. The cause of this 
malformation is not known; however, chromosomal 
aberrations have recently been reported in mon- 
goloid idiots. In addition to the neurological dis- 
order, some mongoloid idiots have abnormalities of 
the heart. In some instances familial occurrence of 
this disease has been reported. Amaurotic familial 
idiocy (Tay-Sachs disease) is a familial condition 
occurring predominantly in the Jewish race. The in- 
dividuals affected are blind (amaurosis) and have 
progressive muscular weakness and subnormal men- 
tal development. The characteristic histologic fea- 
ture of this condition is an abnormal accumula- 
tion of a lipid, lecithin, in the cytoplasm of the 
nerve cells. Degeneration of the neurons bearing 
the lipid is followed by scarring (gliosis). Spastic 
diplegia (Little’s disease! which is characterized 
by spasticity of the lower extremities is not due to 
the same cause as amaurosis. This disease offers a 
variety of pathological findings, such as degener- 
ative and atrophic changes, as well as malforma- 
tion of thr brain. See Moncoi.oid idiocy. 

The cause of malformations of the central nerv- 
ous system is obscure. In some rare instances, 
infections, such as German measles of the preg- 
nant mother, are the cause of malformations. Ex- 
perimentally, cerebral malformations in newborn 
animals can be produced by x-rays or by anoxia 
of the pregnant mother. See Teratogenesis. 

INFLAMMATORY DISEASES 

Meningitis, encephalitis, and myelitis are terms 
which imply inflammatory diseases of the brain 
coverings (meningitis), the brain (encephalitis), 
or of the spinal cord (myelitis). The causative 
agents vary ; they may be parasites, bacteria, fungi, 
rickettsiae, or viruses. 

Meningitis. The term leptomeningitis or menin- 
gitis refers to an inflammation of the pia-arachnoid 
in which the exudate accumulates in the sub- 
arachnoid space. The exudate may be composed 
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predominantly of polymorphonuclear leukocytes 
and fibrin (purulent meningitis) or predominantly 
of lymphocytes (nonpurulent meningitis). Purulent 
meningitides are due to meningococci, pneumo- 
cocci, streptococci, staphylococci, gonococci, in- 
fluenza B bacillus, actinomycetic infections, and 
also often by mixed infections. Often the process 
extends into the ventricular system or into the 
underlying brain tissue (meningoencephalitis). So- 
called epidemic meningitis is a purulent menin- 
gitis caused by meningococci ; very severe cases are 
also characterized by the presence of petechiae 
(hemorrhages of the skin). Examples of nonpuru- 
lent meningitides are the tuberculous, syphilitic, 
torula, and coccidioidal meningitides and lympho- 
cytic choriomeningitis. All these meningitides are 
caused by bacteria or fungi, with the exception of 
lymphocytic choriomeningitis which is caused by a 
virus. See Hemorrhage. 

Encephalitis. This inflammatory condition may 
be caused by bacteria, parasites, fungi, rickettsiae, 
or viruses. An encephalitis may be associated with 
inflammation of the meninges (meningoencephali- 
tis) or of the spinal cord (encephalomyelitis) or 
of both (nieningoencephalomyelitis). The lesions 
of encephalitis may occur predominantly either in 
the gray matter (polioencephalitis) or in the white 
matter (leukoencephalitis). 

Bacteria. An example of a bacterial infection of 
the brain is the so-called metastatic or embolic 
encephalitis, characterized by the presence of small 
miliary abscesses in the brain. This disease repre- 
sents a secondary infection of the brain through 
infectious emboli following primary infectious dis- 
eases of the lung, such as pneumonia-empyema, or 
of the heart, as in subacute bacterial endocarditis. 
The bacteria causing the abscesses can be demon- 
strated in the brain, and the exudate is predomi- 
nantly composed of polymorphonuclear leukocytes 
(purulent encephalitis). The meninges reveal simi- 
lar inflammatory changes to the brain (purulent 
meningoencephalitis). A similar infection of the 
brain may occur after trauma and in all instances 
in which the nervous tissue is reached with the 
blood stream by infectious material. Large solitary 
abscesses may occur in the central nervous system 
after trauma, otitis media, or other conditions. 
There are encephalitides in which granulomas are 
prominent histological findings (granulomatous 
encephalitis). Thus, in tuberculosis and syphilis, 
tuberculomas and gununas, respectively, rnay be 
found in the central nervous system. In both dis- 
eases the histological characteristics of the granu- 
lomas of the brain are similar to the tuberculomas 
or gummas occurring elsewhere. 

Parasites . Examples of parasitic encephalitides 
are trypanosomiasis or African sleeping sickness, 
toxoplasmosis, and trichinosis. Infections of the 
nervous system caused by cysticercus and by 
malaria organisms may occur. See Cysticercosis; 
Malaria; Sleeping sickness, African; Toxo- 
plasmosis; Trichinosis. 


Rickettsia . In rickettsial encephalitides such as 
epidemic typhus, scrub typhus, and Rocky Moun- 
tain spotted fever the most characteristic histologi- 
cal lesions are the so-called glial nodules or typhus 
nodules. These are composed of lymphocytes, peri- 
thelia! cells, plasma cells, and macrophages, as well 
as microglia cells. Occasionally polymorphonu- 
clear leukocytes are present. In Rocky Mountain 
spotted fever these glial nodules occur predomi- 
nantly in the white matter. In rickettsial encepha- 
litides changes in the capillaries and small arteries 
are present. See Spotted fever, Rocky Moun- 
tain; Typhus fever, epidemic (louse-borne); 
Typhus, scrub. 

Viral encephalornyelitides. In most instances a 
virus has been isolated in these diseases. In epi- 
demic encephalitis (encephalitis A. lethargic en- 
cephalitis. or von Economo encephalitis) a viral 
agent was never demonstrated. However, the in- 
volvement of the nervous tissue and the histologic 
changes of this disease are so characteristic for a 
viral encephalitis that a viral etiology is suspected. 
The same holds true for the inclusion encephalitis. 
In this condition characteristic intranuclear in- 
clusions, similar to those seen in herpes encepha- 
litis, are observed in glial and nerve cells. 

There are histologic changes common to all viral 
encephalitides. One of the earliest and most promi- 
nent features is the destruction of the nfcrve cells. 
Later the affected areas are infiltrated with poly- 
morphonuclear leukocytes. At the height of the 
disease, proliferating microglia cells and lympho- 
cytes rejffface the vanishing polymorphonuclear 
leukocytes. Thick lymphocytic infiltrates are seen 
around vessels. Microglia cells and lymphocytes 
form circumscribed lesions, the glial nodules. The 
dead neurons are cither dissolved or phagocytized 
by polymorphonuclear leukocytes and later by 
microglia cells (neuronophagia) . Some character- 
istic features may be found in a few viral encepha- 
litides. Thus, in rabies, cytoplasmic inclusion 
bodies (Negri bodies) enable the histologist to 
diagnose this disease more specifically. 

Intranuclear inclusions are encountered in viral 
infections such as inclusion encephalitis and herpes 
simplex encephalitis. Although the nature of the 
lesions is always the same in viral encephalitides, 
their distribution in brain and spinal cord is differ- 
ent from one patient to another. This phenomenon 
is helpful in diagnosing and classifying these infec- 
tions of the nervous system. According to the 
distribution of the lesions A. Wolf classifies the 
viral encephalitides into the following three groups. 
In the first group the involvement occurs pre- 
dominantly in the brain stem, for example, epidemic 
encephalitis and rabies. In the second group the 
lesions are distributed all over the cerebral cortex 
and the basal nuclei; practically no part of the 
central nervous system is spared in these encepha- 
litides. In this group are included the Japanese 
B encephalitis (the second type of encephalitis 
occurring in Japan; the first encephalitis described 



in Japan was the epidemic encephalitis or encepha- 
litis A), the Eastern and Western equine eneepha- 
litides, the St. Louis encephalitis, the Venezuelan 
encephalitis, and the Russian spring-summer en- 
cephalitis. In the third group of encephalitides. the 
process is predominantly located in the cerebral 
cortex. Examples of these diseases are the herpes 
encephalitis and the inclusion encephalitis; the 
latter may occur as an acute, subacute, or chronic 
type, often lasting for months. In the first and 
second groups the spinal cord is usually affected 
and the lesions are located exactly as in polio- 
myelitis, in the anterior horn cells. Therefore, it is 
impossible to distinguish one encephalitis from 
another on the basis of an examination of the spinal 
cord alone. It is not known why the lesions have a 
different distribution in the central nervous system 
in different encephalitides. See Arbor viral en- 
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Poliomyelitis. The most common and most im- 
portant viral infection of the central nervous sys- 
tem is poliomyelitis (infantile paralysis or Heine- 
Medin disease). In this condition the nerve cells of 
the anterior horns in the spinal cord suffer the brunt 
of the attack. The lumbar region of the spinal cord 
iv more often affected. The disease may severely 
attack the medulla (bulbar polio). Important 
nervous control centers such as the center con- 
trolling respiration are located in the medulla. In 
all cases of poliomyelitis there is some involvement 
of the brain. This is usually restricted to the motor 
cortex; however, the cerebellar nuclei and the 
vermis which lies in the midline of the cerebellum 
arc also affected. Not all individuals who come in 
contact with polio virus develop paralysis. Some 
people have as the only manifestation of this con- 
tact antibodies in their blood against the virus, 
whereas others for unknown reasons develop polio- 
myelitis. See Poliomyelitis. 

For a long time it was thought that the viruses 
causing the viral encephalitides were able to multi- 
ply only in the nervous tissue. It is now known that 
these agents may multiply in tissue cultures of non- 
nervous tissues, such as the kidneys or testicular 
tissue. 

The postinfectious or perivenous encephalitis 
may develop as a complication during and shortly 
after measles, chickenpox, or mumps, and after 
vaccination with cowpox or rabies vaccine. This 
encephalitis is characterized by perivenous foci of 
demyelination and infiltrates which are composed 
predominantly of microglia cells. 

Syphilitic infections. These infections may be 
manifested in different forms in the nervous system. 
It has already been mentioned that syphilis" may 
cause a nonpurulent leptomeningitis or granulom- 
atous encephalitis. Syphilis may affect the vessels 
°f the brain, causing inflammatory changes and 
thickening of their walls (syphilitic arteritis or 
endarteritis). Further manifestations of tertiary 
syphilis in nervous tissue are genera] paresis or 
paralysis and tabes dorsalis. General paresis is an 
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encephalitis characterized by perivascular infil- 
trates composed of lymphocytes and plasma cells 
and by proliferation of the microglia cells (rod 
cells). The lesions are present in the cortex of the 
brain where the nerve cells undergo degenerative 
changes leading to their destruction. In tabes 
dorsalis a degeneration of the posterior columns 
of the spinal cord is seen, associated with demyeli- 
nation and subsequent gliosis. See Paresis, gen- 
eral. 

DEMYELINATING DISEASES 

In this group are the rare cases of diffuse leuko- 
dystrophy or Schilder’s disease and the important 
disease disseminated sclerosis or multiple sclerosis. 

Multiple sclerosis. There is hardly an agent 
that has not been held responsible for multiple 
sclerosis which is, after the cerebral vascular 
accidents, the most common neurological disease. 
At present nothing is known about the etiology of 
multiple sclerosis, which has a chronic course with 
periods of remissions and exacerbations. Multiple 
sclerosis is characterized by lesions of varying size 
in which the myelin is destroyed; in such areas the 
axons are more resistant to the disease and may be 
preserved. In older foci the destroyed myelin is 
replaced by glial scars which appear brown and 
firm. Many inflammatory cells (lymphocytes and 
plasma cells) may be seen in recent lesions. There- 
fore some investigators believe that multiple scle- 
rosis belongs to the group of encephalitides and 
may be called disseminated encephalomyelitis 
with demyelination. There is no region of the cen- 
tral nervous system which cannot be affected in 
multiple sclerosis. In some rare instances multiple 
sclerosis may run an acute fulminant course 
leading to the death of the patient (acute dis- 
seminated sclerosis) within a few weeks’ time. 

Extrapyramidal motor system. Two prominent 
diseases of the extrapyramidal motor system are 
Wilson’s disease (hepatolenticular degeneration) 
and Parkinson's disease (paralysis agitans). In the 
diseases of the extrapyramidal system the basal 
nuclei are predominantly affected. In Wilson’s 
disease a necrosis of the putamen and caudate 
nucleus (lenticular nucleus) occurs, associated 
with cirrhosis of the liver. In addition, a greenish 
pigmentation is present along the corneal margins 
of the eye (Kayser- Fleischer ring). Hepatolentic- 
ular degeneration is due to a disturbance of copper 
metabolism. Paralysis agitans is a progressive dis- 
ease characterized by coarse tremors and muscular 
rigidity. Degenerative changes of the neurons are 
present in the basal nuclei and in the substantia 
nigra, which is markedly degenerated in this condi- 
tion. 

Diseases that affect the central nervous system 
primarily have been discussed in this article. In 
addition, the nervous tissue is affected by many 
diseases occurring in the other organs of the body. 
In many infections and intoxications the central 
nervous system reacts with degeneration of the 
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neurons and changes of the supporting tissues, 
both glial and mesenchymal. Many of the diseases 
of the peripheral nervous system (polyneuritides 
or polyneuropathies) are secondary to generalized 
diseases of the human body. In diseases of the liver 
such as cirrhosis, changes of the glial cells are 
described. In erythroblastosis fetalis which is as- 
sociated with icterus, an icteric discoloration of the 
basal nuclei (kernicterus) is observed in newborns 
suffering from this disease. In pernicious anemia, a 
degeneration of the white matter of the spinal cord 
may occur (subacute combined degeneration). 

• These are only a few examples indicating that a 
close relationship exists between the central nerv- 
ous system and the other organs of the body. See 
Liver disorders. | k.e.m.] 
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Network theory, electrical 

Network theory includes both analysis and synthe- 
sis. In analysis, the network is given, and the prob- 
lem is to determine the response for specified exci- 
tation functions or to determine the excitation func- 
tion for a specified response. In synthesis, the re- 
sponse and excitation functions are specified, and 
the problem is to find a network which will satisfy 
the prescribed conditions. 

In both analysis and synthesis, it is important to 
have a good understanding of circuit laws and net- 
work theorems. This article describes the more com- 
mon and, perhaps, more important laws and theo- 
rems. 

Ohm's law. In dc circuits, Ohm’s law states that 
the applied voltage V equals the product of the 
current / and the resistance R 

V = Rl (1) 

In ac circuits, it is common practice to consider 
Ohm’s law as 

V = ZI (2) 

where Z is the impedance of the circuit and all 
quantities are phasors. See Alternating-current 
circuit theory; Ohm’s law. 

Kirchhoff’s laws. Kirchhoff’s laws dealing with 
electric circuits may be stated as follows : 

Voltage law . The phasor sum (or algebraic sum 
for instantaneous values or dc values) of voltages 
around any closed loop of a network is zero. 

Current law. The phasor sum (or algebraic sum 
for instantaneous values or dc values) of the cur- 
rents at any junction point of a network is zero. 
See Kirchhoff’s laws of electric circuits. 

Methods of solution. A network may be solved 
when it is possible to set up a number of independ- 
ent equations equal to the number of unknown 
quantities. Therefore, to solve circuit problems it is 
necessary to be able to identify the specific physical 


principles involved in the problem and to use these 
principles to write equations expressing the rela- 
tions among the unknowns. These expressions may 
be differentia] equations or steady-state equations. 
The form used will depend on the particular prob- 
lem and the results desired. 

For simplicity, this article primarily discusses 
the setting up of the steady-state equations. The 
methods of setting up the differential equations are 
similar to those of setting up the steady-state equa- 
tions. Examples are given to illustrate this. For 
clearness, all generators in the same network are 
considered to have the same frequency. 

Ohm’s law and Kirchhoff’s laws furnish the 
basic information for writing the independent equa- 
tions. Two common procedures for writing the in- 
dependent equations are the loop method and the 
node method. Essentially, the loop method uses 
loop voltage equations while the node method 
uses node current equations. The method used is 
usually the one which has the fewer simultaneous 
equations to solve. 

Network topology. The mathematical science of 
elements and connections is known as topology. 
This branch of mathematics gives useful informa- 
tion on how to obtain the necessary number of in- 
dependent equations. 

When both the branch currents and the branch 
voltages are unknown, a network of h Ifranches 
will require 2b equations. The b branch currents 
may be determined from a combination of loop 
equations and node equations. The b branch volt- 
ages may rthen be found by applying V = ZI to 
each branch. 

For simplicity, assume that only currents are re- 
quired. This requires b equations. Topology de- 
termines the proper number of loop equations and 
the proper number of node equations for finding 
the currents. In Fig. j the branch currents (the 
current flowing through a branch, such as be or 
eab) are /i, /a, /», / 4 , h and the major nodes (a 
junction of more than two branches) are 6 , r, e. 



Fig. 1. 
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Fig. 2. 

If n w is the number of major nodes, n = (n m — 1 ) 
is the number of independent major nodes, using 
one major node as reference, and / is the number of 
independent loops, then 

b - l f- n = number of independent equations (3) 
/-(/>— n) = number of independent loop 

equations (4) 

n = (n m — 1) = number of independent node 

equations (5) 

Tn a network diagram which is properly marked, 
it is easy to count the number of branches to de- 
termine b and to count the number of major nodes 
n„, to find n = (n m — 1 1. The number of independ- 
ent loops is / = {b — n) . 

Loop method. The loop method consists of writ- 
ing onlv the / loop voltage equations with loop cur- 
rents. The solution for the loop currents will give 
the branch currents by comparison of current ar- 
rows in the circuit diagram. 

If in Fig. 2. the solution for the three branch 
currents I R , lj, and lr is required, the loop method 
inav be used to find the loop currents /i and / 2 , 
and the branch currents may be found from the 
relations 

Ih-Ii Ir = -I 2 Il = Ii-I 2 (6) 

The loop method may he outlined in the following 
steps: 

Step 1. Determine the number of independent 
loop equations 

/ = b-n = 3- 1 = 2 (7) 

Step 2. Arbitrarily choose the loop currents l\ 
and / 2 and write the independent loop equations 

E.i= (R + jX L )h-jX L I 2 (8) 

-E„ 2 - -jX L h 4 j(X L - X c ) h ' (9) 

Step 3. Solve the loop equations simultaneously 
by the method of determinants. Thus. 

j(Xi — Xc)¥* g \ — jX L E g2 
X L X C + jR(X l - X c ) 

* — (/t + jX L )E g2 4 jXi JE ff i 

2 " ~Y[Xc + jR(Xl- X c r 
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Step 4. Find the branch currents by the relations 
given in Eq. (6). 

Judgment in choosing the loop currents can re- 
duce the algebraic work. For example, if only II 
in Fig. 2 is required, then I\ could be chosen as 
shown and / 2 chosen around the outer loop cdabc. 
Then I/, = Ii and it would not be necessary to 
find I 2 . 

To find the instantaneous loop currents i’i and t 2 
in Fig. 2, the procedure is the same as in the steady- 
state cases, except that differential equations are 
required. 



Figure 3 shows a network wiih two known ideal 
current generators. The number of independent 
loop equations is 

/ = = 5 _ 2 = 3 

Since Ii = I„ and I3 = I> ( are known, then only one 
loop equation will he needed to find I 2 . To find the 
instantaneous value 

0=1 + Hit 4 ", J (it - it) dt 

- L 4 Rit + ±f (k - it) dt 

The steady-state current may he found as follows: 

0 — ju)L(l 2 — 1 1) 4 RI 2 ~ j (I 2 — I a) 

== juL(h - la) 4 Rh - j~(h - It) 

Sometimes it is convenient to write the loop 
equations in the so-called standard form with loop 
currents. This will be useful in the analysis and 
solution of network problems. 
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Fig. 3. 
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Two-loop network . For the two-loop network in 
Fig. 2, the loop equations (8) and (9) may be 
written in the standard form 

E] = Znli + Z 12 I 2 (12) 

E 2 * Z 21 I 1 + Z 22 I 2 (13) 

where Ei « E^i * total emf in loop 1 

E 2 — — E(, 2 — total emf in loop 2 

11 = loop current in loop l 

1 2 ® loop current in loop 2 

Z n * R -f- JXl =* total self-impedance in loop 
1 with all other loops open- 
circuited 

Z 22 ™ j(%L — X c ) * total self-impedance in 
loop 2 with all other 
loops open -circuited 

Z 12 =” ~jX l 5=5 mutual impedance between 
loops 1 and 2 

Z 21 = —jX L = mutual impedance between 
loops 2 and 1 

For a bilateral network (one which contains ele- 
ments that transmit energy equally in either direc- 
tion in a circuit ) , 

Z12 = Z21 ( 14 ) 

Zt 2 is equal to —jX/, in this particular problem be- 
cause l\ and 1 2 were chosen opposite through the 
mutual branch L. 

L-loop network. By induction, the standard form 
for the loop equations in an L-loop network may he 
written 

Ei * Znli 4 - Z12I2 4 - Z13I3 4 - ■ • 4 - ZizJl 

E2 ** Z2J1 4 - Z22I2 4 ' Z23I3 4 - * ■ 4 - Z2z.lL 

F3 = Z31I1 4 - Z32I2 4 - Z33I3 + • ■ 4 " Z3/J/. ( 13 ) 


El ^ ZliIi 4- ZL 2 I 2 4* ZlsIs 4- * • 4 Z r.iJi. 

where Ei, E*j, . . . , El are the total emfs in each 
of the loops; I 1? Ij, . . . , I/, are the loop cur- 
rents; Zi 2 . . . . , Ztl Zli, Zl-j, • • . are 

the mutual impedances. For bilateral networks 

Z P „ — Z f jp (lb) 



Fig. 4. 


where p and q represent adjacent loops with mutual 
impedance. 

Node method. Before illustrating the node 
method of organizing the algebraic work for find- 
ing the branch currents, it is desirable to indicate 
how the branch currents may be expressed in 
terms of node voltages (see Fig. 4). 

The junction points a, b , c, d , and e are called 
nodes. Nodes with more than two branches, such 
as 6, c, and e, are called major nodes. If e is chosen 
arbitrarily as the reference node for voltages, then 
V fl = V«, is the node voltage drop (4- to — ) from 
a to e ; similarly for the node voltages V* = V h „ 
V, = V„. and V d ~ The branch currents in 
terms of node voltages are 


f v„-v 6 w v* ¥ v fe -v c 

t/ei = — D Ili = 77 1 c = — 

/ti ywLi 1 


-J 

. v r V„-V f 

17,2 = lft2 = 


a )C (17) 


ju>L 2 R 2 

The current or node equation at major node b is 


or 


I/ei =* l/.i 4 I c 
\a - V* = V 6 V 6 - V r 
R\ 1 . 1 


uC * 

The node equation at major node r is 
Ic 4- \r2 ~ Il2 

/ 

V c 


or 


v& - V c v *- _ v_ f 

. 1 R 2 juL 2 


- J 


ojC 


(18) 

(19) 


( 20 ) 

( 21 ) 


The node voltages are the unknowns in the node 
equations (19) and (21). 

The node method consists of writing only the 
node equations with branch currents expressed in 
terms of node voltages. The node voltages now are 
the unknowns in the node equations. Solving the 
node equations simultaneously will give values for 
the node voltages which can be substituted in the 
expressions for the branch currents, such as those 
in Eq. (17). The node method may be outlined in 
the following steps: 

Step 1. Determine the number of independent 
node equations by the relation n = (n,„ — 1). 

Step 2. Write the node equations at the major 
nodes in the form such as (19) or (21). 

Step 3. Substitute known values for as many node 
voltages as possible. The number of remaining un- 
known node voltages should be equal to n in step 1. 

Step 4. Solve the node equations simultaneously 
for the node voltages. 

Step 5. Substitute in Eq. (17) and obtain the 
branch currents. 

The circuit of Fig. 4 is solved as follows: 

Step 1. The number of major nodes in n m = 3 
and the number of independent node equations is 
n = (n m — 1) =2. That is, only two independent 



node equations are needed to determine the cur- 
rents. 

Step 2. Since the major node e is used as the 
reference, the node equations at the major nodes 
ft and c are 


V a - V 6 _ \b Vfc- V c 
Ri jo)L\ . 1 

~ J .c 


( 22 ) 


V>- v. v„ - V, = V. 

1 + juLi 

J uC 


(23) 


Stop 3. Since, by inspection of Fig. 4, V„ = F,„i = 
100/0° and Vrf = E„ 2 - 50/90°, then (22) and (23) 

become 


100/0° - V* _ v ( , v 6 - v r 

"f,/0° ~ 10/90° 4 10 /— 90° 

\ b -\ r 50/90° -V^ Vr 

10/- 90° + ' 10/0° 10/90° 


(24) 


(25) 


The expressions of (24) and (25) are two inde- 
pendent node equations with two node voltages Vh 
and V, as unknowns. For description of the com- 
plex notations used here, see Altf.rn ating-cijr- 
Hl NT < IKCITIT THEORY. 

Step 4. SoKing (24) and (25) simultaneously 
gives 

V,, - 69.5/— 19.4° V r = 83.33/123.8° 

Step 5. Substitution of values in (17) gives 


100, 0° - 69. 5/— 19.4° 
l*i- ' r,7oT— -=6.92 4/4.61 

69.5/- 19. r 

1,.!= „ =-2.31-/6.53 

10,90° 1 

69.5/- 1 9.4° - 83.33/123.8° 

l c , — = 9.23 \- i\ 1 .14 

10/- 90° 7 

83.33/123.8° 

50. 00° - 83.35/123.8° 

■„ . _ . 4 . 61 _ ,1.92 


Judgment in selecting the reference node may 
reduce algebraic work. For example, if only lc in 
Fig. 4 is required, then using node c (a node at 
either end of the branch) as reference requires that 
only \ h need he found for determining 


i r = _ 

Y and A sections. Figure 5 a shows a Y section 
power circuits. In communication networks, 
this is more commonly called a T section and is ar- 
ranged as shown in Fig. 56 . Figure 6 a gives a A 
section in power circuits; while Fig. 66 shows the 
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A section as a ir section in communication net- 
works. 

The Y or T section and the A or ir section are 
sometimes classified as three-terminal networks. 

In the analysis and solution of a network, it is 
sometimes desirable to transform a Y section into 
an equivalent A section or vice versa. For methods 
of transformation see Y-dklta transformations. 

Network theorems. In the solution of specific, 
problems, much time can often be saved by making 
use of special methods or relations, known as net- 
work theorems, instead of stalling with Ohm’s law 
and KirchholFs voltage and current laws. In analy- 
sis, network theorems often give a better insight 
into the behavior of networks. 

There are many network theorems. To use some 
of these theorems, it is neeessary only to reeognize 
certain fundamental similarities between new com- 
plicated structures and other established simpler 
networks. Some of the more common and useful 
theorems are introduced here. 

Superposition theorem. In any linear, bilateral 
netw r ork containing generators, the current flowing 
in any branch is the sum of the currents which 
would result from each generator acting independ- 
ently, while all other generators are replaced at the 
time by their internal impedances. 

The principle of superposition, one of the most 
important theorems in network analysis, is also use- 
ful in proving other theorems. Other theorems are 
more useful for numerical calculations. See Super- 
position THEOREM (ELECTRIC NETWORKS). 

Thevenins theorem . The current in any. imped- 
ance Z/„ between terminals a-b of a linear, bilateral 
network containing generators of the same fre- 
quency, is equal to the current in the same Z& 
when it is connected to a voltage generator whose 
generated voltage is the voltage at terminals a-6 
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with Z& removed and whose series impedance is the 
impedance of the network looking back from termi- 
nals a-b into the network with all generators re- 
placed by their internal impedances. 

Thevenin’s theorem is useful in complicated net- 
works where Z & is being varied, as in the case of 
maximum power transfer. It should be understood 
that the Thevenin generator is equivalent only so 
far as the current through Z l is concerned. See 
Thevenin’s theorem (electric networks). 

Norton 9 s theorem. The current in any impedance 
Z h between terminals a-b of a linear bilateral net- 
work containing generators of the same frequency 
is equal to the current in the same Zl when it is 
connected to a current generator whose generated 
current I.<?c is that current which flows through 
terminals a-b when these terminals arc short-cir- 
cuited, and whose shunt impedance is the imped- 
ance of the network looking back from terminals 
a-b into the network with all generators replaced 
by their internal impedances. 

In many respects, Norton’s theorem is similar to 
Thevenin’s theorem. The Norton generator is equiv- 
alent only so far as the current through Zj, is con- 
cerned. Thevenin’s theorem and Norton's theorem 
indicate that a Thevenin generator may he trans- 
formed into a Norton generator; and a Norton 
generator into a Thevenin generator. 

Maximum power transfer theorem . A linear bi- 
lateral network containing generators of the same 
frequency can be represented, from Thevenin’s 
theorem, by a voltage generator such as that to the 
left of a-b in Fig. 7. The relations between Z/, and 
Z ab for maximum power transfer to Zl given here 
are for the conditions that Z is a fixed impedance, 
Z l is a variable impedance, and E 0 is a constant 
voltage. 

When Z„h = R nb and Z l = Rl* then for maxi- 
mum power transfer, 

Rl = Rnh 

When Zab = Rab ± jX ab and Zl = Rl =fc jXl* 
then 

Zl - Z\ b 

where Z* ab is the conjugate of Z ab ( = R ab jX nb ) . 



Fig. 7. 



When Zab — Z nb /0, lb and Z L = Zl/Oj, where 0 t . 
is fixed, then 

Z L = Z nb 

Reciprocity theorem. In any passive, linear, bi- 
lateral network, the current I, flowing in any 
branch a as a result of an emf E Q applied in a sec- 
ond branch b , is equal to the current that would be 
produced in the second branch b if E„ were trans- 
ferred to the first branch a, provided that either 
equal impedances or no impedances are inter- 
changed in this transfer of the source of emf E 0 . 

This theorem shows that any linear, bilateral 
network transmits power with equal effectiveness 
in both directions, if the generator and the load 
being interchanged have the same impedance. 
The theorem says nothing about network currents 
or voltages not involved in the reciprocity. 

The so-called dual of this theorem may be stated 
as follows; if a current applied at node A pro- 
duces a voltage at node B, the same current applied 
at node B will produce the same voltage at node A, 
as illustrated in Fig. 8. See Reciprocity, princi- 
ple of. [k.y.t.J 

Neural crest 

A strip of ectodermal material in the early verte- 
brate embryo inserted between the prospective 
neural plate and epidermis. After closure of the 
neural tube the crest cells migrate into the body 
and give rise to parts of the neural system, the 
main part of the visceral cranium, mesenchyme, 
chromaffin cells, and to pigment cells. The true 
nature of the neural crest was revealed only recently 
because this primary organ has a temporary exist- 
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ence; its cells and derivatives are difficult to analyze 
when dispersed throughout the body. The fact that 
mesenchyme arises from this ectodermal organ was 
directly contrary to the doctrine of the specificity 
of the germ layers. See Germ layers. 

Neural crest no doubt exists, with similar quali- 
ties, in all vertebrate groups, including the cyclo- 
stomes. It has been most thoroughly studied in 
ain phibians. 

Crest cells. The dorsal ectoderm of a vertebrate 
gastrula forms the pear-shaped neural plate which 
is surrounded by the neural ridge (Fig. 1). When 
the neural plate rolls up to form the neural tube, 
the ridges from each side meet and fuse, tem- 
porarily forming a wedge-shaped cell mass in the 
dorsal midline of the prospective brain and spinal 
cord. In Fig. 1 the head part of the ridge of an 
urodele neurula is divided into eight zones. Zones 
1 and 2 may be called the transverse ridge. Zone 
8 and the posterior parts are the trunk ridge. The 
neural crest cells are situated in the ridge hut do 
not occupy the whole ridge. For example, the 
posterioi slope of the transverse ridge consists of 
material for the forebrain, and the anterior slope 
tor ms epidermis. Investigations have confirmed 
that probably no crest cells emanate from the 
transverse ridge (C. Jacobson, 1959; P. Nieuwkoop, 
I. Oikawa, and J. Boddingius. 1958). Concerning 
the main parts of the neural ridge it is still doubt- 
ful whether the crest is located only in the periph- 
eral part of the thick plate or in the adjacent part 
of the thinner ectoderm as well. At least in zones 
1-4 of the Amblystorna neurula the line of coa- 
lescence of the epidermis coincides with the mid- 
line of the ridge, the crest material thus forming 
the proximal slope of the ridge (Fig. 1, hatched 
area). The exact position of the material in the 
posterior parts and in other vertebrate groups is 
not known. 

The crest cells do not remain long in the dorsal 
midline of the neural tube. They migrate in a 



Fig. 1 . Diagram of open neural-plate stage of a uro- 
dele, Amblystorna mexicanum. Left side, epidermal line 
of coalescence (broken line), line of coalescence of 
the brain (dotted line), presumptive ectomesenchyme 
(hatched area). Right side, position of presumptive an- 
* er,or trabeculae, mandibular arch, hyoid arch, and 
branchial arches in relation to zones 1-8. (From 
S- Hdrstadius, The Neural Crest ; Its Properties and De- 
rivatives in the Light of Experimental Research , Oxford, 
1950) 


Neural crest 

lateral direction between the tube and epidermis, 
first as rather coherent sheets, then in groups, 
strands, or as single cells, both proximal and distal 
to the somites. Because they are similar to the 
mesenchymal cells originating from the mesoderm, 
their fate has been ascertained only by vital stain- 
ing, extirpation, or transplantation experiments in 
many cases. One method has been to replace a part 
of the ridge by a corresponding piece from another 
species with cell nuclei of different size which are 
thus recognizable in sections. Most extirpations 
and transplantations must be made bilaterally be- 
cause after unilateral operation, crest cells migrate 
down in great quantities from the intact to the 
operated side, and extirpations must also include 
rather long pieces of the ridge because the gap may 
he filled by cells from the crest anterior and poste- 
rior to the excision. Transplantation of neural 
crest to another part of the body as well as ex- 
plantation have been used in order to determine 
what it can give rise to in new surroundings. In 
spite of all efforts, however, the problem of the fate 
of the neural crest is still not solved In all its de- 
tails. See Fate mats, embryonic. 

Contributions to the neural system. Parts of 
the migrating bilateral cell masses settle in clusters 
and give rise to the spinal ganglia. The segmental 
arrangement of the dorsal nerve roots and the 
ganglia is not intrinsic to the cells but is deter- 
mined hy the segmental arrangement of the somites. 
There seems to he no doubt at the present time 
that the spinal ganglia are formed entirely of 
neural crest cells. Concerning the origin of the 
cranial ganglia, there has been much controversy. 
Placodes of the lateral epidermis of the head are 
one source of their cells; the other is the neural 
crest, namely for the sensory components of the 
ganglia of the nerves V, VII, IX, and X, although to 
different degrees in different groups of animals. 
See Nervous system. 

According to both histological observations and 
experiments, the sympathetic trunk seems to be 
derived not only from the crest but also from the 
ventral part of the spinal cord; however, crest 
contribution has been denied by some. Excision 
experiments on chicks support crest origin 
(C. Nawar, 1956). Cells from the sympathetic 
trunks migrate farther away to form the neurons 
of the prevertebral ganglia (celiac and mesenteric). 
Whether crest cells also contribute to the para- 
sympathetic system is disputed. 

The cellular sheath of Schwann enclosing pe- 
ripheral nerves is probably formed mainly of crest 
cells, but it seems that in later stages neurilemma] 
cells may also emerge from the neural tube by way 
of ventral roots. However, heteroplastic transplan- 
tations with nuclei of different size lead to the 
belief that the lateral walls of the spinal cord are 
their sole source. The majority of the leptomeninx 
(pia and arachnoidea) cells are derived from the 
neural crest whereas the pachymeninx (dura) is 
composed chiefly of endomesodermal cells. For 
differentiation of crest cells into cells of Schwann 
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and meninges the presence of neural material seems 
indispensable (T. Seno and P. Nieuwkoop. 1958). 

Chromaffin cells. The chromaffin cells of the 
suprarenal organs of lower vertebrates as well as 
the medullary zone of the suprarenal gland in 
mammals, and also those of the paraganglia, that is, 
the aortic bodies of Zuckerkandl and the carotid 
bodies, are all considered to be formed by cells 
emanating from the sympathetic system, thus 
probably mainly from the crest. See Adrenal 
gi.and; Aortic body. 

Mesenchyme and skeleton. The statement by 
J. B. Platt in the 1880s that mesenchyme could 
arise from ectoderm (mescctoderm, ectomesoderm, 
or ectomesenchyme ) raised a vivid discussion for 
several decades. Experiments on amphibian larvae 
have confirmed that of the chondrocraniiim. the 
anterior half of the trabeculae, all visceral arches, 
and the first basibranchial are of neural crest 
origin, whereas the main part of the ncurocranium 
and the second basibranchial are endomesodermal 
(Fig. 2). In addition membrane bones, namely the 
tooth-bearing premaxilla, vomeropalatine, dentary, 
and splenial, as well as the odontoblasts and den- 
tine, are formed by cells emanating from the neural 
crest. Moreover, the ectomesenchyme of the teeth 
induces the formation of enamel organs. Crest 
origin of the mandibular arches has been described 
in marsupials by J. Hill and K. Watson in 1958. 
Sec Skeletal system. 

The transverse ridge, zones 1 and 2 in Fig. 1, has 
no cartilage-forming capacity. The trabecular ma- 
terial is situated in zone 3, which cannot partake in 
formation of the visceral arches. The mandibular 
ectomesenchyme is located in zone 4 and perhaps 
also in the adjacent part of zone 3, which cannot 
form trabeculae but is capable of forming other 
visceral arches, although there is no fusion with the 
hasibranchials: the material of the hyoid arch and 
the gill arches in zones 5-8 shows such capacity 
to fuse. In zone 5 the trunk crest begins; it has no 
faculty to form cartilage but differentiates to form 
spinal and sympathetic ganglia as well as chromaf- 
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Fig. 2. Chondrocranium from left of larva of Amblys- 
toma mexicanum. Cartilage of endomesodermal origin 
dotted. ( Modified from S. Horstadius, The Neural Crest; 
Its Properties and Derivatives in the Light of Experi- 
mental Research , Oxford , 7950) 


fin, pigment, and other mesenchymal cells. Crest 
cells in the neural ridge of the head are not yet 
determined to form cartilage. No cartilage is 
formed when they are transplanted to the trunk 
unless they are activated by certain tissues, such 
as the pharyngeal endoderm and to some extent 
the gastric endoderm, gill region endomesoderm, 
chorda, and wounds in somites. 

To what extent corium cells are of crest origin is 
not clearly established. Head mesenchyme is also 
formed by the crest. In urodele larvae no dorsal fin 
is formed, nor do the larval gills develop normally 
in absence of the crest. 

Pigment cells. With the exception of the retinal 
pigment, which is formed in situ, probably all 
chromatophores in vertebrates are derived from 
the neural crest. Such an origin has been observed 
in fishes, amphibians, birds, and mammals. Pigment 
cells are found in both dermis and epidermis, 
feathers, hair, the perineural and perivascular 
layers, the coeloinic wall, and the choroid and iris 
of the eye. The origin of pigment cells was first 
traced in this century. Because the pigment is 
formed rather late in embryonic development, the 
presumptive pigment cells cannot be distinguished 
from other mesenchyme cells in early stages. There 
are brown to black melanophores. yellow lipo- 
phores (xanthophores ) , reddish ervthrophores 
(allophores), and guanophores and iridofytes with 
resplendent crystals. Bilateral extirpation of suffi- 
ciently large pieces of neural crest results in 
unpigmented regions of the body. Following extir- 
pation of dill the neural ridges, urodele larvae sub- 
sequently obtain pigment cells emerging from tht 
brain and the tail-bud part of the neural plate. 
Normally the reserve in these regions is probably 
inhibited by the pigment cells from the crest. Ex- 
plants of neural crest may give pigment cells in 
vitro. Implantation of neural crest into a larva of 
another species has produced pigment of the type 
of the donor in amphibians, birds, and mammals. 
The development of pigment in the chromatophore 
is no self-differentiation but is dependent upon 
factors in surrounding cells. For example, chro- 
matophores of the black axolotl produce no pig- 
ment in white specimens, whereas chromatophores 
from the white race are activated and form melanin 
granules in the skin of a black specimen. Some 
prospective pigment cells in amphibians may re- 
main dormant during larval development and be- 
come activated at metamorphosis. The activation 
of the propigment is evidently brought about by an 
oxidase. The pigment pattern depends both on 
properties intrinsic in the propigment cells and 
on the surrounding tissues. Also, when transplanted 
to a host of very distant relationship as from 
anuran to urodele, the single cells differentiate in 
size, shape, and color as they would have done in 
the donor. However, their distribution may vary. 

In reciprocal exchange of neural crest between 
some urodele species the pattern in the respective 
regions becomes that of the donor, but in less re- 
lated forms influence of the host is more or less 
recognizable. Grafting of epidermis from another 
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Fig. 3. A schematic representation of the possible 
developmental fates of a neural crest cell. (From W. J. 

species has hardly any effect. In some urodele spe- 
cies there is an intrinsic tendency in the crest cells 
to aggregate at certain levels, for example, along 
the dorsal border of the somites. Melanoblasts 
invade developing feathers, producing their specific 
color and pattern. They also invade growing hair 
giving pigment granules to it. But in some cases, 
both in the bird and mammal, the color is a differ- 
entiation dependent upon the epidermis. The black 
and white stripes in the Barred Plymouth Rock 
feather pattern are probably the result of an in- 
hibitory action from each black stripe on the 
melanoblasts of the prospective white stripe during 
feather growth. See Chromatotiiore ; Embryonic 
induction; Eye. 

It is not known what factor influences the path- 
way of the migrating pigment ceils. Grafted ceils 
may move against or perpendicular to their normal 
path. rs.H.] 
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Neuromyasthenia, epidemic 

A disease sometimes confused with mild poliomye- 
litis, as well as with other diseases in which there 
appears to he involvement of the nervous system. 
Various names (Iceland disease. Akureyri disease, 
benign myalgic encephalomyelitis, epidemic vege- 
tative neuritis, acute infective encephalomyelitis) 
have been applied to the illness in different out- 
breaks reported first in Iceland, then in Europe 
and the United Stales, during the years 1950-1960. 

The main features of the illness are fatigue, 
headache, intense muscle pain, slight and transient 
paresis, emotional and mental disturbances, and 
objective evidence of diffuse involvement of the 
central nervous system. Sensory disturbance (pares- 
thesia ) may occur. The disease often takes a course 
which is unaccountably prolonged and debilitating, 
sometimes with recrudescences of the acute symp- 
toms over a period of months following onset. No 
etiologic agent has been isolated, although viruses 
are believed to play a role. Unlike poliomyelitis, 
the disease affliets adults far more frequently 
than children; sensory, emotional, and mental dis- 
turbances are frequent; and the muscle pain and 
paresthesia characteristically shift in location in a 
manner not corresponding to nerve or root distribu- 
tion. The mode of transmission is not known, 
but it appears to be related to close contact with 
patients. Over half the epidemics have occurred in 
late summer and fall. See Poliomyelitis. 

The proportion of the community affected in a 
local outbreak (up to 7 per cent of the population), 
as well as the confusion in diagnosis caused by its 
superficial resemblance to other diseases, make fur- 
thur intensive investigations important. [j.l.m.] 

Neuron 

The developmental, structural, and functional unit 
of the nervous system. It is composed of a nerve 
cell body, containing the nucleus, and two types of 
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processes, or nerve fiber. The first type, the den- 
drites, carry the unidirectional nerve impulse to the 
cell body; the second type, ordinarily a single 
process, is the axon or axis cylinder which carries 
the impulse away from the cell body. Nerve im- 
pulses pass from one neuron to another at dis- 
continuous junctions where the nerve processes of 
one neuron impinge upon another nerve cell or its 
processes. The nervous system contains an enor- 
mous number of neurons of specific shapes, sizes, 
and location for each anatomic or functional group. 
See Nervous system. [e.g.st.] 

Neurophysiology 

The sum of the facts and generalizations which 
describe the activities of the nervous system and its 
parts. 

An organism’s nervous system is its principal 
means of rapidly coordinating its activities to meet 
the demands of both the external and internal en- 
vironment. The organism’s reactions to the external 
world take place by means of striped (striated) 
muscles which are activated by nerves coming di- 
rectly from the spinal cord. The physical well-be- 
ing of an organism (its internal environment) is 
regulated by smooth muscles and glands whose 
stimulation comes from ganglia which are in turn 
activated by nerves from the spinal cord. The 
nerves to all muscles and glands leave the spinal 
cord on the side nearest the intestines (ventral), 
whereas the nerves from sense organs enter through 
roots close to the back (dorsal). The spinal cord 
together with its sensory and motor nerves is capa- 
ble of regulating blood flow and mediating such 
behavior as scratching, the maintenance of posture, 
standing, and elements of walking. Other forms of 
activity, however, depend on the integrity of some 
portion of the brain. See Spinal cord. 

The brain may be divided into the hindbrain, 
midbrain, and forebrain. The forebrain is further 
divided into the between-brain and endbrain. 
Breathing and vomiting depend upon structures in 
the ventral part of the hindbrain, the part closest to 
the spinal cord. The maintenance of posture and 
position, adjustment of gait, and the detection of 
differences between spatial cues are activities me- 
diated in part by the cerebellum, the dorsal part 
of the hindbrain. In the ventral part of the midbrain 
there are structures needed for maintenance of 
wakefulness, which are also possibly basic to atten- 
tion and consciousness. Temperature regulation, 
food and water intake, and the production of some 
hormones are mediated by a structure in the lower 
part of the between-brain called the hypothalamus. 
The hypothalamus and some anatomically related 
areas are sites which a rat or a monkey will re- 
peatedly stimulate electrically, if the stimulation 
is under the animal’s control. See Brain ; Electro- 
encephalography. 

The cerebral cortex, a part of the endbrain, is 
more developed in man and primates than in other 
vertebrates and is considered to mediate the most 
advanced forms of behavior. The limited activities 
of an animal deprived of cortex confirm this. The 


cortex is the end station of most sensory pathways 
and the place of origin of a primary motor tract. 
The functions of the sensory cortex are exempli- 
fied by the auditory cortex, which mediates locali- 
zation of sound in space and the discrimination of 
sound patterns. Besides the motor cortex and sen- 
sory cortex, there are large areas of cortex whose 
functions are not accurately known. See Psychol- 
ogy, PHYSIOLOGICAL AND EXPERIMENTAL. |_J.P.F.) 

Neuroptera 

An order of rather fragile insects with complete 
metamorphosis and chewing mouthparts. They are 
small to rather large-sized, soft-bodied organisms. 
Common names for members of this group are the 
lacewings, ant lions, dobson flies, and raphidids. 
The order is rather small, consisting of some 40 
families, approximately 350 genera, and about 
4000 species. It is world-wide in distribution, being 
found in practically all localities where plant and 
animal life exists. The oldest member of the order 
dates from the upper Permian of Belmont, Aus- 
tralia. 

Members of the order are mostly terrestrial and 
are considered beneficial because of their carnivo- 
rous habits. The larvae and adults of some families 
are voracious predators upon many types of small 
insects and mites. 

The adults have long antennae and four^similar, 
large, membranous wings with many cross veins. 



Chrysopidae, adult European pearly lacewing, Chrys- 
o pa per/a (L). (From E. O. Essig, College Entomology , 
Macmillan , 1942) 


Most members, in repose, hold their wings rooflike 
over the back. Cerci are absent. Larvae are thy- 
sanuriform, robust, or spindle-shaped, with biting- 
type mouthparts modified for piercing and suck- 
ing. 

Pupation occurs in silken cocoons, and the adults 
escape through a hole made in the cocoon by 
cutting out a disk with their well-developed man- 
dibles. See Insecta; Pterygota; see also Ant 
lion; Hellgramite. [e.o.e.] 

Bibliography : E. O. Essig, College Entomology , 
1942. 

Neurosis. 

A term generally used to refer to disabling psy- 
chological states that impair normal mental func- 
tioning but at the same time do not totally disrupt 
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and disorganize the person’s grasp of the realities 
with which he must cope. The processes that lead 
to neurosis are regarded as aggravated reactions 
to life problems, the aggravated nature of the reac- 
tion being attributable to internal conflicts and 
inappropriate defenses that make it extremely diffi- 
cult for the person to cope with either external 
demands or the demands of his own needs. 

The symptoms expressed in the neurosis may 
often be desperate attempts to deal with these 
problems — attempts that do not or cannot resolve 
the difficulties. In the sense that neurotic symp- 
tomatology is consistent with the pattern of the 
person’s general mode of functioning, neurosis 
may be conceived of as reflecting a continuation 
of the psychodynamic pattern responsible for char- 
acter formation in the individual (see Person- 
ality theory). Neurosis is not a disease entity 
but an exaggerated continuation of mental func- 
tioning in the face of internal and external trouble 
and stress. In short, the kinds of behaviors that are 
found in extreme form in the neurotic are found in 
less extreme form in the normal person. 

R. W. White has stated that “the core of a 
neurosis lies at the point where anxiety has blocked 
or distorted the learning process so that new learn- 
ing essential to adjustment cannot take place.” 
When the person is confronted by deeply threaten- 
ing demands in the sense of their being unaccept- 
able to him, anxiety results. Severe anxiety, marked 
by the absence of any discernible appropriate 
cause, has the effect of producing emergency re- 
action whose object is to bring the disrupting state 
to an end as rapidly as possible. This reaction may 
lake various forms, and the form that it does take 
defines the symptomatology of the neurosis. Be- 
cause anxiety makes it virtually impossible for the 
person to learn directly how to cope with his diffi- 
cult v, the reaction that develops becomes self-de- 
featingly maladaptive. Because the neurotic reac- 
tion has at least the effect of reducing the terrors of 
anxiety, it has a gain feature to it that leads the 
person to cling to his symptoms, and indeed, to 
resist their removal. This fixity of the neurosis is 
further reinforced by the secondary gains obtained 
through the development of a sick role with attend- 
ant sympathy and special care. 

Four general patterns of neurotic reaction, cor- 
responding to different, though overlapping, modes 
of defense, may be distinguished: the hysteric, the 
phobic and the counterphobic, the neuroses in- 
volving somatization, and the obsessional-compul- 
sive. These neurotic patterns may be either pre- 
cipitated by chronic conditions or seemingly trau- 
matic in origin. 

The major forms of therapy used in dealing with 
neurotic problems are psychological rather than 
physiological in nature, although mild tranquilizers 
ft nd sedatives are occasionally used to alleviate 
disruptive anxiety states. At the base of most psy- 
chotherapy, usually strongly influenced by psy- 
choanalytic theory and practice, is the formation of 
a relationship between the therapist and patient 
that makes it possible for the latter to verbalize 


freely the nature of his difficulties and, with the 
help of the therapist, to search for some insight as 
to the origins and meaning of his difficulties. The 
process of psychotherapy tends to be slow because 
of the operation of defenses on the part of the 
patient and because there are secondary gains that 
lead the patient, as Freud once said, to “cling to 
the neurosis” in spite of his conscious and often 
ardently expressed wish to get well. See Abnormal 
behavior; Hysteria; Obsessive compulsive re- 
action; Phobic reaction; Somatization. 

fj.s.B.; w.ms.] 

Bibliography : O. Fenichel, The Psychoanalytic 
Theory of the Neuroses , 1945; S. Freud, Collected 
Papers , vols. 1-5, 1953; D. Henderson and R. D. 
Gillespie, Textbook of Psychiatry for Students and 
Practitioners , 1927; J. McV. Hunt (ed.). Person - 
ality and the Behavior Disorders , 1944; R. W. 
White, The Abnormal Personality , 2d ed., 1956. 

Neurulation 

The process by which the vertebrate neural tube is 
formed. The primordium of the central nervous sys- 
tem is the neural plate, which arises at the close of 
gastrulation by inductive action of the chorda- 
mesoderm on the overlying ectoderm. The axial 
mesodermal substratum causes the neural ectoderm 
to thicken into a distinct plate across the dorsal 
midline and influences both its size and shape. Its 
shield like appearance, broader anteriorly and nar- 
rower posteriorly, presages the future areas of 
brain and spinal cord, respectively. 

The lateral edges of the neural plate then rise as 
neural folds which meet first at the level of the 
future midbrain, above the dorsal midline, then fuse 
anteriorly and posteriorly to form the neural tube. 
The body ectoderm becomes confident above the 
closing neural tube and separates from it. Upon 
closure, the cells (known as neural crest cells) 
which occupied the crest of the neural folds leave 
the roof of the tube and migrate through the mes- 
enchyme to all parts of the embryo, forming diverse 
structures. 

The neural tube thus formed gives rise to the 
brain and about half of the spinal cord. The re- 
mainder of the neural tube is added by the tail bud, 
which proliferates a solid nerve cord that second- 
arily hollows into a tube. 

The closure of the neural tube confines secretions 
from its inner wall, which dilate the central c&nal 
by their turgor and help to expand the brain vesi- 
cles and excavate the solid cord in the tail bud. The 
total mass and kind of neighboring tissues control 
thickness or thinness of the neural wall. Adjacent 
to the notochord there are few mitoses and the 
floor of the tube remains thin, while in the somite 
region, the lateral walls are actively mitotic and be- 
come thick. 

The contour is also passively molded by ad- 
jacent structures. The distribution and extent of 
the peripheral tissues to be innervated influence the 
position and number of nerves which form at any 
level and the proportion of neural cells differenti- 
ating into neurons. 
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Neuromeres are temporary constrictions in the 
hindbrain resulting from localized growth proc- 
esses. They were once thought to have evolutionary 
significance as vestiges of metamerism, but the 
plasticity of the neural tube with respect to its 
mesodermal surroundings makes this interpretation 
doubtful. 

Neural folds never form in teleost fish. The neural 
plate concentrates into a solid neural keel which 
then hollows out secondarily as in the tail hud of 
other vertebrates. See Embryology; Embryonic 
induction; Castrulation; Nervous system; 
Neural crest. Th. l. Hamilton] 

Neutralization 

In chemical literature, processes in which the 
acidity or basicity of a solution is destroyed (neu- 
tralized) by the reaction of hydrogen ion with 
hydroxide ion to produce water. 

When a solution containing exactly 1 mole of 
hydrochloric acid in aqueous solution is mixed with 
an aqueous solution containing exactly 1 mole of 
sodium hydroxide, the result is a solution contain- 
ing 1 mole of the salt sodium chloride and the 
water which was present in both of the solutions 
before mixing plus 1 mole produced by the reac- 
tion. The resulting solution is said to be neutral be- 
cause the hydrogen ion and hydroxide ion con- 
centrations are equal. 

When, on the other hand. 1 mole of acetic acid 
is mixed with exactly 1 mole of sodium hydroxide, 
the final solution is slightly basic because the salt 
produced is hydrolyzed (see Hydrolysis). Tn this 
example neutralization does not produce a perfectly 
neutral solution. A common analytical procedure 
is the determination of the amount of an acid or 
base present by neutralization of some unknown 
amount of that substance with a carefully measured 
volume (or weight) of a standardized solution (one 
containing a known amount of reagent in a speci- 
fied volume or weight). The end of such a titration 
is usually indicated by a very rapid change in the 
pH. A rapid change in pH can be detected accu- 
rately either by electrical methods or by indicators 
(chemical substances which change color when pH 
is altered within a fairly narrow range). 

The word neutralize is sometimes used in the 
general sense of nullify. The effects of many chemi- 
cals or of change of conditions may he nullified by 
appropriate action of the experimenter, such as 
addition of other chemicals or appropriate change 
of conditions. See Acid and base; Titration. 

[t. f. young] 

Bibliography : W. C. Pierce, E. L. Haenisch. and 
D. T. Sawyer. Quantitative Analysis , 1958. 

Neutralization reaction (antibody) 

A procedure in which the chemical or biological 
activity of a reagent or a living organism is in- 
hibited, usuully by a specific neutralizing antibody. 
As an example, the lethal or the dermonecrotic ac- 
tions of diphtheria toxin on animals may be com- 
pletely neutralized by an equivalent amount of 
diphtheria antitoxin — an antibody produced in ani- 


mals or in humans after contact with diphtheria 
toxin or toxoid. Lesser amounts of antitoxin pro- 
vide intermediate degrees of inhibition. These facts 
provide the basis for the Schick test for suscepti- 
bility to diphtheria. Tetanus and hotulinus toxins 
may he similarly inhibited hy their specific anti- 
toxins. In contrast, the typical toxins of dysentery 
and other gram-negative bacteria are only slightly 
neutralized, even by large excesses of antibody. 
Antibodies to bacterial, snake venom, and other 
enzyme preparations regularly precipitate them 
from solution so that the supernates are devoid of 
enzyme activity; however, the neutralization of 
activity in the precipitate may range from com- 
plete to negligible. See Bacillary dysentery; 
Botulism; Immunology; Neutralizing anti- 
body; Serology; Tetanus. 

Infection of a host hy a living bacterium, virus, 
or other microorganism may also be inhibited or 
mitigated hy the corresponding antibodies, and 
such neutralization tests are used in the diagnostic 
examination of sera or of infective agents recovered 
from such infections as poliomyelitis and yellow 
fever. Tn some instances, the antibody may he 
injected into a test animal before, or occasionally 
shortly after, challenge with the living agent. In 
other instances, the neutralization of the microbial 
infectivity hv the antibody is permittee^, to take 
place in the test tube, and its degree determined In 
subsequent injection of the mixture into an appro- 
priate test animal. [*H. t*. treft krs' ] 

Bibliography: W. C. Boyd, Fundamentals of Im- 
munotogy , .‘Id ed., 1956; T. M. Rivers and F. L. 
Horsfall. Jr. (eds. ). Viral and Rickettsial Infec- 
tions of Man , .‘kl ed.. 1959. 

Neutralizing antibody 

An antibody that reduces or abolishes some biologi- 
cal activity of a soluble antigen or of a living micro- 
organism. Thus, diphtheria antitoxin is a neutral- 
izing antibody that, in adequate amounts, abolishes 
the pathological effects of diphtheria toxin in ani- 
mals. 

Analogous neutralizing effects of antibodies 
can be demonstrated for the lytic effects of many 
lysins and, most important, for the pathogenic ef- 
fects of viruses and the rickettsiac. Since the latter 
are complex bodies containing multiple antigens, 
not all of the resulting antibodies need have neu- 
tralizing activities, although they may display a 
variety of other serological properties. Antibodies 
to enzymes constitute a special case; in all in- 
stances, they precipitate their corresponding en- 
zyme, but the degree of neutralization may range 
from 0 to 100%. Antibodies to the endotoxins of 
the gram-negative bacteria regularly neutralize 
their toxicity only to a low degree. See Antigen; 
Antitoxin; Diphtheria; Lysin; Neutralization 
reaction (antibody); Rickettsioses ; Toxin, 
bacteria^. [h. p. treffers] 

Neutrino 

A neutral particle having zero rest mass and spin 
Vz(h/2 7r), where h is Planck’s constant. It is 
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emitted in j8-decay and other weak decays. The 
existence of the neutrino was originally postulated 
to account for the energy, linear momentum, and 
angular momentum which is missing from the ob- 
served particles (the residual nucleus and I he elec- 
tron) resulting from a /?-decay. The neutrino, de- 
noted by the Greek letter v, is a lepton which 
obeys Fermi-Dirae statistics; its only known in- 
teraction is the ^-interaction, which is so weak 
that the direct observation of the neutrino is very 
difficult. See Elementary particle; Lepton; 
Radioactivity. 

The antineutrino (V) is distinct from the neu- 
trino: it is an antilepton. A neutrino is emitted in 
positron /?-deray (for example. A 17 — »C! ,r + 
e -f v) ; an antineutrino is emitted in electron 
/J-deeay (for example, n — * p f e~ f v). 

The neutrino is massless, like the photon, and 
travels at the speed of light. Its masslessness also 
implies that in a pure spin state its spin can he 
directed only along its motion or opposite to its 
motion. In the former case the neutrino is said to 
have a right-hand polarization, or briefly, to lie 
right-handed. (If the extended thumb of a right 
hand is taken to point in the direction of motion of 
the neutrino, the fingers, partially closed toward 
the palm, indicate the sense of spin of the right- 
handed neutrino). Conversely, a neutrino whose 
spin is directed oppositely to its motion is polar- 
ized left-handed. Because of its masslessness, the 
handedness of a neutrino is an intrinsic property, 
like its charge or rest mass. (The apparent handed- 
ness nf a massive particle, however, depends on the 
observer. If the observer travels faster than the par- 
title. he will sre its momentum, and therefore its 


handedness, reversed. A synonym of handedness is 
helirity; positive helicity = right-handed.) 

Two-component theory. It is found by experi- 
ment that only left-handed neutrinos exist, and 
that the antineutrino is right-handed. Thus the 
neutrino field has only two possible quanta (left- 
handed. r, and right-handed, i'). rather than the 
four ordinarily possible for a spin 1 2 particle 
(right- and left-handed particle and untiparticleL 
Therefore the neutrino field need only have two 
components, rather than the four specified by the 
T>irac equation (see Quantum theory, relativ- 
istic). This possibility for a massless fermion was 
noticed by W. Pauli in 1933. but was immediately 
dLcardcd because conservation of parity would 
then he violated. For upon inversion of space, the 
neutrino becomes right-handed, which thus dis- 
tinguishes the inverted world, T. D. Lee and C. N. 
Yang exploited this fact in their theory of parity 


nonconservation in weak interactions, conjecturing 
dial only neutrinos of one handedness exist. See 
Parity (quantum mechanics); Quantum field 


theory ; Symmetry laws (physics). 

Inverse beta decay. This provides the direct 
evidence for the neutrino and was observed by 
. ^ e ines and C. L. Cowan in spite of the exceed- 
,n gly small interaction cross section of the neu- 
trino, ^ 10-44 cm 2 . A nuclear reactor is a strong 
source of antineutrinos, which may undergo the 


reaction v + p— » n + To identify this event, 
both a y-ray from the annihilation of the positron 
and a y-ray from the nuclear capture of the neutron 
a sufficiently short time later must be detected. The 
imposition of both these requirements reduces 
sufficiently the background (determined by turning 
off the reactor) so that the rate of true antineutrino 
interactions is observable. 

A convenient reaction through which to observe 
neutrinos is v -f- CP 7 — > Ar 37 + e~. If a reactor is 
used as a source of neutrinos (in fact, antineutri- 
nos), this reaction is not observed, and the ac- 
curacy is sufficient thus to demonstrate that the 
antineutrino is distinct from the neutrino. Un- 
fortunately the sensitivity of the experiment 
(H. Davis, 1955) is too small at present by a 
factor of 1000 to observe the expected neutrino 
flux from the sun, which emits neutrinos by the 
process 

— » ( intermediate steps) —+ iTe 4 -f 2e + + 2v 

Two neutrinos. Inverse beta processes have also 
been observed for high-energy neutrinos coming 
from the decay of high-energy pi mesons. tt + — > 
l i% + 1 . An important observation is that the lepton 
to which the neutrino transforms is always u muon, 
never an electron. This indicates that the neutrino 
which is created in association with a muon (in 
the pion decay) is distinct from the neutrino which 
is emitted in association with an electron (for in- 
stance. in ordinary beta decay). 'These neutrinos 
are denoted by the terms /<.- neutrino (v„) and 
e-neutrino (17), rc-pectively. Except for the re- 
striction regarding which charged lepton they may 
transform into, the two neutrinos have identical 
properties, so far as is known. |"c. J. coehki | 

Bibliography : J. S. Allen, The Neutrino , 1958; 
L. M. Lederman, The two-neutrino experiment, Sri. 
Am., 208(3) :60-70. March, 1963. 

Neutron 

An elementary particle having approximately the 
same mass as the proton, but lacking electric 
charge It is indispensable in the structure of the 
elements, and in the free state it is an important 
reactant in nuclear research and the propagating 
agent of fission chain reactions. 

Neutrons in nuclei. Neutrons and protons are the 
constituents of atomic nuclei. The role of neutrons 
in nuclei is in a way an indirect one, for although it 
is the number of protons in the nucleus that deter- 
mines the chemical nature of an atom, nevertheless 
without neutrons, it would be impossible for two or 
more protons to exist stably together within nuclear 
dimensions, which arc of the order of 10 -13 cm. 
The protons, being positively charged, repel one 
another by virtue of their electrostatic interactions. 
The presence of neutrons weakens the electrostatic 
repulsion, without weakening the nuclear forces of 
cohesion. In light nuclei, the resulting balanced, 
stable configurations contain protons and neutrons 
in almost equal numbers, but in heavier elements, 
the neutrons outnumber the protons; in uranium- 
238 (U 238 ), for exairiple, 146 neutrons are joined 
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with 92 protons. Only one nucleus, hydrogen- 1, 
contains no neutrons. For a given number of pro- 
tons. neutrons in several different numbers within a 
restricted range often yield nuclear stability — 
hence the isotopes of an element. 

Sources of free neutrons. Free neutrons have to 
be generated from nuclei, and since they are bound 
therein by cohesive forces, an amount of energy 
equal to the binding energy must he expended to 
get them out. Conversely, upon capture by a nu- 
cleus. the binding energy is released, and appears 
as capture y-ravs. Usually the binding energy for 
each neutron amounts to 6-8 Mev (see Binding 
energy. nuclear; Nuclear reaction). Nuclear 
machines such as cyclotrons and electrostatic gen- 
erators induce many nuclear reactions when their 
ion beams strike target material: among the reac- 
tions are almost inevitably some which release 
neutrons, and these machines are sources of high 
neutron flux. 

A portable type of neutron source consists of 
radium mixed with hcrvllium. The radium emits 
alpha particles, and when these strike ber> Ilium 
nuclei, neutrons are released in the reaction 
Be ! * (nr,w ) C 1 J . This is the reaction with which the 
neutron was discovered in 1932. A source contain- 
ing 1 g of radium bromide in a pellet with beryl- 
lium powder, suitably encased, measures about 1 in. 
in diameter bv 1 in. long, and emits about 10 7 
neutrons per second. Another compact source takes 
advantage of the fact that the y-ravs emitted by a 
number of radioactive nuclei exceed in energy the 
exceptionally low binding energx of neutrons in 
beryllium (1.67 Mev) and deuterium (2.23 Mev). 
For example, the illustration shows a piece of 
radioactive antimony encased in beryllium. Some 
of the 1.70- Mev y-ravs resulting from the decay of 
antimony interact with ber\ Ilium nuclei to release 
neutrons, which are generated with an energy of 
1.70 — 1.67 ~ 0.03 Mev. Neutrons liberated bv the 



Diagram of antimony-beryllium photoneutron source of 
the type distributed by the Atomic Energy Commission 
from the Oak Ridge National Laboratory. The cone at 
the top is for remote handling. 


action of y-rays or x-rays are called photoneutrons. 

Neutrons are released in the act of fission, and 
nuclear reactors are unexcelled as intense neutron 
sources. The absorption of one neutron by a ura- 
nium-235 (U- 35 ) nucleus is required to induce 
fission, but 2.5 neutrons are on the average re- 
leased; this regeneration makes possible the nu- 
clear chain reaction. A powerful research reactor 
may generate neutrons in such abundance that 
1 cm- of a sample placed therein would be trav- 
ersed by 10 u neutrons per second. A hole through 
the surrounding shield can yield a collimated beam 
having a unidirectional flux of 10 s neutrons/ (cm- ) 
(sec). The explosion of a 10-kiloton nuclear bomb 
releases about 10 ;<0 neutrons in about 1 /xsec. See 
Atomic bomd; CiiaIn reaction, nuclear; Fis- 
sion. NUCLEAR. 

Neutrons occur in cosmic rays, being liberated 
from atomic nuclei in the atmosphere by collisions 
of the high-energy primary or secondary charged 
particles. Thev do not themselves come from outer- 
space ( see Cosmic rays). For information on neu- 
trons of another origin, see Neutron, delayed. 

Penetrating power. Neutrons resulting from nu- 
clear reactions usually possess kinetic energies of 
the order of 1 Mev. Having no electric charge, thc\ 
interact so slightly with atomic electrons in matter 
that energy loss by ionization and atomic excitation 
is essentially absent. Consequently. they # are vasth 
more penetrating than charged particles of the 
same energy. The main energy loss mechanism oc- 
curs when they strike nuclei. As with rolling halls, 
the moJt efficient slowing-down occurs when the 
bodies that are struck in an elastic collision haw 
the same mass as the moving bodies; hence, the 
most efficient neutron moderator is hydrogen, fol- 
lowed by other light elements: deuterium, beryl- 
lium, and carbon. The struck nucleus loses energy 
bv ionizing surrounding atoms, eventually produc- 
ing heat, and in living tissue, biological damage. 

The great penetrating power of neutrons imposes 
severe shielding problems for reactors and other 
nuclear machines, and it is necessary to provide 
walls, usually of concrete, several feet in thickness 
to piotect personnel. The currently accepted health 
tolerance levels for a 40-hour week are. for fast 
neutrons, 40 neutrons/ (cm-) (sec) ; for slow neu- 
trons, 2000/ (cm 2 ) (sec). See Radiation injury 
(biology) ; Radiation shielding. 

Detection of neutrons. Tn pulse counting, neu- 
trons are allowed to produce exothermic (energy- 
releasing) nuclear reactions, the ionizing products 
of which are made to generate electrical impulses 
that can be amplified for individual counting. A 
proportional counter containing boron, either as a 
coating on the inner walls or as a filling gas (boron 
trifluoride), counts neutrons by virtue of the re- 
action B 1 0 ( ;i,nr ) Li 7 + 2.78 Mev. An ionization 
chamber coated internally with U 23a gives ioniza- 
tion pulses from the energy of fission fragments as 
they travel through the gus. A lithium iodide crystal 
(europium activated) scintillates because of the 
energy released by the reuction Li r ‘ (n,a)H 3 + 4.78 
Mev. The light pulses (scintillations) are reflected 




onto a photomultiplier, which transforms them to 
electrical pulses. Capture y-rays emitted from 
strong neutron absorbers such as cadmium can 
similarly be registered by scintillation counting. 
Large and sensitive neutron detectors have been 
made by dissolving cadmium or boron salts in tanks 
containing scintillating liquids. See Scintillation 
detector, liquid; see also Particle detector. 

In detection by activation, advantage is taken of 
the fact that many elements become radioactive 
under neutron irradiation. A sample is exposed, 
and its radioactive strength is subsequently meas- 
ured by conventional counting equipment. Gold and 
indium foils are convenient and sensitive detectors 
of this kind. See Radioactivity (applications). 

If the neutrons are originally fast, the foregoing 
methods gain sensitivity if the detector is sur- 
rounded by a few inches of hydrogenous material, 
such as paraffin, for this moderates (decreases) 
the speed of the neutrons and makes their rapture 
hv nuclei more probable. 

Detection by recoil is particularly applicable to 
the counting of fast neutrons. A counter with hy- 
drogenous walls or filling gas, for example, meth- 
ane. gives pulses because the protons produce ioni- 
zation when they recoil after being struck by the 
fast neutrons. 

Intrinsic properties. Free neutrons are them- 
-clves radioactive, each transforming spontaneously 
into a proton, an electron (ft -particle), and an 
antineutrino. The energy release is 0.786 Mev per 
event, and the half-life is 11.3 ±0.5 min. This in- 
*>tahilitv is a reflection of the fact that neutrons 
are slightly heavier than hydrogen atoms. The neu- 
tron’s rest mass is 1.008082 atomic mass units, 
(1.674-82 X 10 - 1 g). as compared with 1.008142 
atomic mass units for the hydrogen atom. 

Neutrons are. individually, small magnets. Thn 
property permits the production of beams of polar- 
ized neutrons, that is, beams of neutrons the mag- 
netic dipoles of which are aligned predominantly 
parallel to one direction in space. The magnetic 
moment is —1.913141 nuclear magnetons. The mag- 
netic structure has a finite size, being roughly ex- 
ponential in intensity, with a root-mean-square ra- 
dius of 0.9 X 10 1:1 cm. Neutrons spin with an 
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angular momentum of % in units of h/2ir , where 
h is Planck’s constant. The negative sign attached 
to the magnetic moment indicates that the mag- 
netic moment vector and the angular momentum 
vector are oppositely directed. See Antineutron; 
Elementary particle; Neutron cross section; 
Neutron diffraction; Nuclear structure; 
Thermal neutrons. [a. h. snell] 

Bibliography : L. F. Curtiss, Introduction to Neu- 
tron Physics , 1959. 

Neutron, delayed 

A neutron emitted spontaneously from a nucleus as 
a consequence of excitation left from a preceding 
radioactive-decay event. Delayed neutrons are of 
interest as an unusual phenomenon in radioactivity 
and are of practical importance in the control of 
nuclear chain reactors. 

Radioactive transformation by /?-dcray often 
leaves a product nucleus with internal energy in 
excess of that associated with its stable state, and 
customarily the energy is radiated as y-ray quanta. 
In exceptional cases the energy may 'exceed that 
required to remove one of the constituent neutrons 
from the product nucleus; when this happens, 
spontaneous neutron emission takes place and 
serves very rapidly to de-excite the nucleus. The 
delayed neutrons are accordingly a kind of radio- 
aclivilv, observable at the time of decay of the 
/^-emitting precursor, and since the appearance 
of each neutron is delayed by the slowness of the 
preceding /?-decav, the half-lives and the chemical 
behavior of the delayed neutron radioactivities are 
in practice those of the precursors.. 

In fission, the delayed neutrons afford a contrast 
with the prompt-fission neutrons; the latter cease 
when fissioning ceases, blit delayed neutrons are 
emitted from fission products for minutes there- 
after. The energetic conditions required for delayed 
neutron emission are most likely to be fulfilled 
when the neutron is weakly bound to its containing 
nucleus, and hence the chemical occurrence of de- 
layed neutron emission is related to the neutron 
shell structure of nuclei. 

The table enumerates the delayed neutron emit- 
ters now known. For the importance of delayed 


Precursor 
(0 “-emitter) 

Half-life of 
precursor, 
see* 

Product of 

0 emission 
(delayed neutron 
emitter) 

Product of 
delayed 
neutron 
emission 

Remarks 

- 

Li 9 

0.168 

Be” 

Be 8 — 2He< 

Not a fission product 


N 17 

4.14 

O 17 

016 

Not a fission product 


Br* 7 

54.2 

Kr 87 

Kr 88 

Fission product 


Br 88 

16.3 

Kr 88 

Kr 87 

Fission product 


Br 88 

4.4 

Kr 89 

Kr 88 ! 

Fission products; mass 


Br 90 

1.6 

Kr 90 

Kr 89 j 

assignment surmised 


2 187 

24.4 

Xe 137 

Xe l3fl 

Fission product 


2 13# 

6.3 

Xe 138 

Xe 137 

Fission product 


2139 

2.0 

Xe 139 

Xe 138 

Fission product 


P 

0.6 

? 

n 

Fission products; may be 


P 

0.23 

? 


a complex of activities 

1 



1 Half-lives of precursors are effective half-lives of delayed neutron radioactivities. 
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neutrons in the control of fission reactors, see 
Reactor physics. See also Fission, nuclear; Neu- 
tron; Radioactivity. [ a.h.s.J 

Bibliography. D. J. Hughes et al. (eds. ), Prog- 
ress in Nuclear Energy, Series 1 : Physics and 
Mathematics , vol. 1. 1956; A. F. Stehney and G. .1. 
Perlow, Proc. 1958 Geneva Conference on Peace- 
ful Uses of Atomic Energy , Paper 15(P)691, 1959. 

Neutron cross section 

The effective target area presented by a nucleus to 
an incident neutron, expressing the probability 
that an interaction of a given kind will take place. 
Neutron cross sections are commonly expressed 
in units of 10'~ M cm-, or barns. They enter into all 
quantitative considerations of neutron-nucleus in- 
teractions. 

Description. Consider a parallel beam of neu- 
trons impinging perpendicularly upon matter, as in 
Fig. 1. Let the beam have a cross-sectional area of 
1 cm-'; let the density of neutrons in the beam be 
n per cm 3 , and let their velocity be v. Then a flux 
nv of neutrons will fall upon the sample per square 
centimeter of surface area per second. Many of the 
neutrons will pass straight through the sample, but 
some will not; the beam will be attenuated by the 
processes of nuclear absorption and scattering. 
Considering the neutrons as infinitesimal, suppose 
that each nucleus in the sample presents a target 
area, cr. without overlap, such that a collision will 
remove that neutron from the beam, and suppose 
that the sample is thin enough to make second col- 
lisions improbable. Then, if there are N nuclei per 
cm 3 in the sample, and if the thickness of the sam- 
ple is At cm, the opacity of the sample will be 
expressed by the product aN A.r. The number of 
neutrons lost per second from the beam will be pro- 
portional to this and to the incident flux; 

— £{nv) = aN Ax • (nv) (1) 

whence, by integration, the attenuation factor is 
seen to be e~ Nff * x . The quantity cr is called the cross 
section; in this case it is the total cross section inas- 
much as it expresses the effective target area per 
nucleus for removal of neutrons from the beam 
without specifying the process involved in the re- 
moval. 

Generalization of concept. Another way to look 
at Eq. (1) is to consider that a is a constant of 
proportionality, with dimensions of an area, which 
relates the number of removal events A(ni>) with 
the number of target nuclei N£x and the neutron 
flux nv. This broader concept enables one to gen- 
eralize and to apply the relationship to a situation 
in which neutrons are going in all directions, pro- 
vided that nv is then understood to designate the 
number of neutrons per second traversing a sphere 
with a maximum cross-sectional area of 1 cm 2 . If 
more than one piocess can function in removing 
neutrons from the beam, the total cross section 
can be subdivided; for example, if absorption and 
elastic scattering are the only two processes in 
question, then <rtotai “ + <r»cat- If scattering is 


capture * am P la 



Fig. 1. The concept of effective target area in colli- 
sions between neutrons and atomic nuclei in matter. 
Three neutrons are scattered, and one is absorbed by 
the sample; the transmitted neutron beam is thus at- 
tenuated. 

three times as probable as absorption, then <r, r „ f =■ 
3c r n f, H - Cross-section values can be attached to all 
forms of interaction of neutrons with nuclei: elas- 
tic scattering, absorption, inelastic scattering, spe- 
cial reactions such as fission, in.p). (n,2n). etc. 
In the case of scattering, cross sections can lx 1 
used to express the probability of deflection 
through given angle: such cross sections are 
called differential cross sections. Integration of 
the differential cross section over the solid angle 
yields the cross section for scattering. 

The concept of cross sections is not necessarily 
related to the geometrical size of the nucleus. This 
would indeed be the case if the nuclei were hard 
spheres, in which case the effective target area 
would be 7r /■-, with r designating the radius of the 
nucleus. Actually, the wave character of both the 
nucleus and the neutron modifies the interaction so 
strongly that the various cross sections often vary 
sharply with neutron energy, going through maxima 
and minima in a sometimes spectacular manner. 
For neutrons of a given energy — for example, 
thermal neutrons (neutrons in thermal equilibrium 
with the substance in which they exist) ---the ab- 
sorption cross sections vary over a tremendous 
range in magnitude, as shown in the table, and 
change unpredictably from element to element. 

The practical usefulness of cross-section informa- 
tion lies in the reverse use of Eq. (1), for, knowing 
the cross section for a given process, one can calcu- 

Thermal neutron absorption cross sections for a neutron 
velocity of 2200 m/sec (energy: 0.023 ev) 


Nuclide 

0ab*t barns 

Nuclide 

Gab* barns 

H* 

0.332 

Cd 11 * 

20,000 

Be 9 

0.010 

1 127 

7.0 

Bio 

3813 

Xe>« 

2,720,000 

N 1 * 

0.000024 

Bi 20 

0.034 
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Fig. 2. Schematic diagram of a neutron chopper and time-of-flight apparatus. 


laic directly the number of events that will he pro- 
duced in a given sumplc when it is placed in a given 
neutron flux. The scientific usefulness lies in the 
fad that cross sections are a meeting ground for 
theory and experiment. 

Measurement. One important method of measur- 
ing cioss sections involves the use of a pulsed neu- 
tron source together with time-of-flight techniques, 
in which the difference in velocities of neutrons in 
known, narrow energy hands is used to determine 
the energies. In the example to he discussed, a neu- 
tron chopper is used to produce the pulses of neu- 
trons. 

At the left (Fig. 2), a narrow slit through the 
'‘bidding wall of a reactor permits a collimated 
beam of neutrons of mixed energy to emerge, fly- 
ing toward the right. Just outside the shield, a 
heavy metal rotor with one or more diametrical 
dots (Fig. 3) is spun so that when the slot is in line 
with the collimator, a pulse of neutrons can pass 
through. The neutrons then traverse a flight path, 
perhaps 100 in long, and the faster neutrons in the 
pulse reach the detector at A before the slower 
neutrons. The detector, typically a boron-contain- 
ing counter or scintillator, generates electrical 
pulses promptly when neutrons fall upon it. The 
pulses are amplified and routed to a series of reg- 
isters, which are arranged to record at successive 
time intervals following the instant of opening of 
die rotor; for example, channel 13 might register 
neutrons that take from 5.0 to 5.2 /<,sec to travel 
from rotor to detector, and so on. As the rotor 
s pins, the counts in the various channels accumu- 
late, and the registers record a representation of 
the velocity spectrum of the neutrons coming from 
the reactor. For measurement of total cross section, 
a sample is introduced at A ; it causes attenuation 
°i v *e transmitted neutron beam by the factor 
c *• If o is particularly large for any one neu- 
tron velocity, then the time channels associated 
^ith that velocity will receive fewer counts, and a 
will appear in the registered velocity spectrum, 
the dips are interpreted inversely as peaks in <r; 


N A* is determined by weighing the sample, and 
thus measurement of suffices to determine 

<t absolutely. The data of Fig. 4 were obtained in 
this way. 

The time-of-flight method is capable in principle 
of measuring differential, scattering, and absorp- 
tion cross sections also. If the sample and a sec- 
ond detector are at positions B of Fig. 2. then the 
detector will register neutrons scattered through 
the angle 0. If the detector is provided with time- 
delayed counting channels like detector A, and if 
the relative efficiencies of detectors A and B are 
known, then one derives from the fraction of 
neutrons of a given velocity that are scattered by 
the known number of atoms in the sample. The 
value of (r H rat can be obtained by integration of 
(T,;,f over the scattering angle, or alternatively, de- 
tector B can he made so that it nearly surrounds 
the sample. To obtain cr«b„, a scintillator at posi- 
tion C in Fig. 2, with time-delayed channels, can 
register the capture y-ray.s produced when neu- 



Fig. 3. Photograph of chopper rotor at Oak Ridge Na- 
tional Laboratory. The rotor is shown suspended over 
its housing, which will later be covered and evacuated 
to reduce air drag. The axis of spin is vertical. Diamet- 
rical slots in this rotor are arranged in groups, one of 
which can be seen at the center. 
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trons are absorbed. If the geometrical interception 
factor and the efficiency of the gamma counter are 
known, the fraction of neutrons of any velocity 
that are absorbed by the known number of atoms 
in the sample can be derived, and hence <r a f>« may 
be obtained. 

The time-of-flight method can use cyclotrons, 
linear accelerators, or high-voltage generators as 
pulsed neutron sources instead of a chopper. In 
various embodiments, this method can cover the 
neutron energy range from roughly 10 3 ev to 10 e 
ev or more. It is, however, only one of a number of 
neutron-energy selection methods that are used in 
cross-section investigations. 

Energy dependence. At neutron energies of less 
than about 1 ev, ototai for many nuclides shows a 
regular behavior, frequently varying inversely as 
the velocity of the neutron. For boron- 10, this 1/v 
dependence is followed from 0.001 to 100 ev. At 
energies in the range 10 to 10 6 or 10 7 ev, the cross 
sections for nearly all nuclides exhibit remarkable 
peaks and valleys, known as resonances. Figure 4 
shows resonances for neptunium-237. There are 
resonances both in a a hs and in o HCaU which may or 
may not occur at the same energy. At neutron en- 
ergies of the order of 10 H ev. the resonances fade 
out. 

The heights, widths, and spacings of resonances 
are revealing in nuclear theory, because resonances 
are associated with nuclear energy levels. Absorp- 
tion of a zero-energy neutron into a nucleus with 
atomic number Z and weight A results in the nu- 
cleus Z A 41 in a state having surplus energy 
corresponding to the binding energy (see Binding 
energy, nuclear). Suppose, for example, that 
this surplus energy amounts to exactly 6,000,000.0 



Fig. 4. Variation of crtot&i with neutron energy for nep- 
tunium-237, showing resonances. The data were taken 
with the apparatus shown in Fig. 3. 


ev. At this state of excitation, nuclear energy level* 
are abundant and narrowly spaced. If there hap. 
pens to be a level at 6,000,000.5 ev, then it would be 
matched exactly if the incident neutron carried 
with it 0.5 ev of kinetic energy. An interaction 
would be especially probable, as in the first peak in 
Fig. 4, and one would say that nucleus (Z A ) shows 
a resonance at a neutron energy of 0.5 ev. The 
resonances, which can be examined in great detail 
by the methods of cross-section measurements, are 
accordingly directly informative about the energy, 
level structure of nuclei. See Neutron; Reactor 
physics; Scattering experiments, nuclear. 

Ta.K-S-I 

Bibliography : D. J. Hughes, Pile Neutron Re- 
search , 1953; D. J. Hughes and R. B. Schwartz. 
Neutron Cross Sections , 2d ed., 1958; J. B. Marion 
and J. L. Fowler (eds.). Fast Neutron Physics , 
1959. 

Neutron diffraction 

The phenomenon associated with the interference 
processes which occur when neutrons are scattered 
by the atoms within solids, liquids, and gases. 'Flip 
use of neutron diffraction as an experimental tech- 
nique is relatively new compared to electron and 
x-ray diffraction, since successful application re- 
quires high thermal neutron fluxes which can hr 
obtained only from nuclear reactors. •( A thermal 
neutron is defined as a neutron possessing a kinetic 
energy of about 0.025 electron volts.) Although ex 
periments have been performed which contributed 
basic information in nuclear physics, the most im- 
portant contributions from this technique are in 
solid-state studies of magnetism and the structuip 
of matter. These investigations are possible because* 
the thermal neutrons from nuclear reactors have 
energies with equivalent wavelengths near 1 A and 
are therefore ideally suited for interatomic inter- 
ference studies. In its applications to solid-state 
problems, neutron diffraction is very similar in 
both theory and experiment to x-ray diffraction, 
but its importance arises from the significant dif- 
ferences in the scattering of these two types of 
radiation. 

The scattering of x-rays by atoms results from a 
scattering interaction with the atomic electrons, 
and the scattering amplitudes are approximately 
proportional to the atomic number of the scatterer. 
Since the electrons are distributed within the atom 
at distances comparable to the x-ray wavelength, 
interference effects occur which produce an angular 
distribution of the scattering, usually referred to 
as a form factor, that is descriptive of the spatial 
distribution of the electrons. In the scattering of 
neutrons by atoms, there are two important inter- 
actions. One is the short range, nuclear interaction 
of the neutron with the atomic nucleus. This inter- 
action produces isotropic scattering, because the 
nucleus is essentially a point scatterer relative to 
the wavelengths of thermal neutrons. There is no 
regular variation of the nuclear scattering ainpli* 
tudes with atomic number because strong reso- 
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scattering angle (degrees) 

Fig 1 . Neutron diffraction patterns from (a) poly- patterns are caused primarily by differences in the 

crystalline thorium hydride, ThH 2 , and (b) polycrys- nuclear scattering from hydrogen and deuterium 

talline thorium deuteride, ThD 2 . Differences in the atoms. 

nances are associated with the scattering process. tering experiments, that is, experiments involving a 

Moreover, these resonances affect the phase changes change in the neutron energy, the energy distribu- 

lu tween the incident and scattered neutron wave.,, tion must also be measured with an additional crys- 

so that the scattering amplitudes can be positive tal spectrometer or a neutron velocity selector. Both 

or negative. The second process for the scattering polycrystalline and single crystal specimens can be 

of neutrons by atoms is the interaction of the examined, and auxiliary eefuipment for controlling 

magnetic moment of the neutron with the spin and the sample conditions can be constructed easily be- 

orbital magnetic moments of the atom, and there- cause of the relatively low neutron c ross sections, 

fore this magnetic scattering occurs only when the Since the thermal neutrons from a reactor have a 

Mattering specimen possesses an atomic magnetic continuous energy distribution with no pronounced 

moment. The amplitude of the interaction varies peaks, the monochromatic beams used in these 

with the size and orientation of the atomic mag- experiments must be obtained by isolating a narrow 

netic moment, and the intensity of scattering has a slice of the neutron spectrum. This is usually ac- 

form factor angular dependence that is repre- coniplished by diffraction of the reactor neutrons 

tentative of the magnetic electrons. from large single crystals, but filters and neutron 

Techniques. Although thermal neutron beams velocity selectors can also be used. In certain in- 

from nuclear reactors have intensities that are vestigations of magnetic scattering, polarized neu- 

1‘oxer than those obtained from efficient x-ray tron beams are required. Such beams can be db- 

hibes. most of the x-ray diffraction methods can he tained in the monochromating process involving 

used with neutrons. Furthermore, since the neu- diffraction from single crystals, because the neu- 
tron absorption cross section for many materials is trons scattered under specific conditions from par- 

Vfi rv small, diffraction effects can also be invest*- ticular ferromagnetic crystals are almost com- 

gated by observations of the neutrons transmitted pletely polarized. 

through a sample. In most experiments, however. Chemical crystallography. Since the nuclear 
the sample is irradiated with monochromatic neu- scattering amplitudes for neutrons do not vary *ni- 

trons. and the scattered radiation is measured with formly with atomic number, there are certain types 

a neutron detector such as a proportional counter of chemical structures which can be investigated 

filled with boron trifluoride, BF 3 , gas. In structure more readily by neutron diffraction than by x-ray 

determinations, only the angular distribution of the diffraction. Moreover, since neutron scattering is a 

bartered neutrons is required; but in inelastic scat- nuclear process, a particular isotope can frequently 
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Fig. 2. Neutron diffraction patterns from polycrystal- 
iine manganese oxide, MnO, at temperatures (a) be- 
low and (b) above the antiferromagnetic transition at 
122°K. At 293°K, only nuclear reflections are ob- 


served, while at 80°K, additional reflections are ob- 
tained from the indicated antiferromagnetic structure. 
The atomic magnetic moments in this structure are di- 
rected along a magnetic axis within the (111) planes. 


be substituted for the normal element if it has a 
more favorable scattering amplitude. The most im- 
portant application of neutron diffraction in chemi- 
cal crystallography is the structure determination 
of composite crystals which contain both heavy and 
light atoms, such as compounds containing hydro- 
gen. Since hydrogen and deuterium have neutron 
scattering amplitudes which are comparable to 
those of other atoms, their positions in crystals can 
be determined by this technique, whereas x-ray dif- 
fraction usually gives little information about them 
(see Fig. 1). The order and disorder in many alloy 
systems comprising atoms with almost the same 
atomic number can also be determined. Further- 
more, since the scattering of neutrons by the nu- 
cleus is isotropic, the neutron technique is advan- 
tageous in investigations of liquids, gases, amor- 
phous materials, and other structures where the 
features of the diffraction pattern at large scatter- 
ing angles are significant. 

Magnetic scattering. The magnetic scattering of 
neutrons furnishes information on the magnetic 
properties of the individual atoms in a material 


and offers a unique approach to the study of mag- 
netic phenomena. Each type of magnetic lattice in 
a solid which displays magnetic properties has a 
characteristic diffraction pattern from which the 
magnitude and specific orientation of the atomic 
magnetic moments can be determined. For para- 
magnetic materials, where the atomic moments are 
uncoupled and randomly oriented in direclion, the 
magnetic scattering is diffuse. For ordered mag- 
netic lattices, the magnetic scattering is found in 
Bragg reflections. (For a discussion of Bragg re- 
flections, see X-ray diffraction.) Magnetic re- 
flections from ferromagnetic materials occur super- 
imposed on the nuclear reflections, but for anti- 
ferromagnetic materials, in which the atomic mo- 
ments are oriented with no net magnetization per 
unit volume, 9uperlattice reflections are observed at 
other angles, as shown in Fig. 2. Since ferrimag* 
netic materials have atomic moments with antipar- 
allel components but also possess a net ferromag- 
netic moment, magnetic reflections are observed at 
both ifuclear and other positions. Consequently* 
neutron diffraction investigations at various sample 
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temperatures can determine the ordering transition 
temperature, the type of magnetic ordering, and 
the nature of the magnetic coupling which exists 
jn the ordered lattice. Furthermore, the form fac- 
tor for the magnetic scattering of neutrons can he 
interpreted in terms of the spatial distribution and 
angular momentum characteristics of the magnetic 
electrons within the atoms. Information can also be 
obtained on ferromagnetic and antiferromagnetic 
domains and on the magnetic anisotropy which ex- 
ists within magnetic structures. See Antiferro- 
magnetism ; Ferrimagnetism ; Ferromagnetism ; 
Paramagnetism. 

Inelastic scattering. Diffraction effects caused by 
the inelastic scattering of neutrons are more pro- 
nounced than those observed in x-ray scattering 
because of the different momentum-energy ratios. 
Moreover, with thermal neutrons, the energy 
changes can occur either by an interaction with the 
iattice vibrations or by a magnetic interaction with 
the atomic magnetic moments. Analyses of in- 
elastic neutron scattering by the former process 
can he interpreted directly in terms of the disper- 
sion relations of the normal modes of the crystal 
and do not require the large corrections necessary 
in ‘similar x-ray investigations. Analyses of the in- 
elastic interaction of neutrons with magnetic spin- 
waves in crystals are capable of giving important 
mionnation on the energy levels which exist in 
magnetic materials. .See Electron hiFFRAf tion : 
Neutron cross section. | m.k.w. | 

Bibliography : G. E. Bacon, Neutron Diffraction , 
1955 : D. J. Hughes, Neutron Optics , 1954; E. .Seitz 
and I). Turnbull (eds. ), Solid State Physics, vol. 2. 
1956. 

Neutron optics 

A title-by-analogy of certain phases of neutron 
physics in which the wave character of neutioos 
dominates and leads to behavior similar to that >f 
light. Neutrons can he reflected at small glancing 
angles from plane surfaces; they show various 
scattering phenomena with similarity to light, and 
they can be diffracted by crystals (.see Neutron 
diffraction). Although they can also he polarized, 
the analogy with light is in this case invalid be- 
cause the polarization of neutrons depends upon 
their possession of a constant magnetic moment, 
which light waves lack. .See Neutron. [a.ii.s.J 

Bibliography : D. J. Hughes, Neutron Optics , 
1954. 

Newcastle disease 

An epizootic viral disease of fowls, with respira- 
tory, gastrointestinal, and central nervous system 
involvement ; it may be transmitted to human be- 
ings who work with fowls, usually appearing as a 

conjunctivitis. 

The virus is related to influenza virus and other 
Diyxoviruses in size, host range, and hemagglutina- 
tion characteristics. See Influenza; Myxovirijs. 

The disease in adult fowls is influenzalike; in 
young birds, pnetxnaoencephalitis is frequent. Mor- 


tality rates vary. A live, attenuated virus is avail- 
able for prevention of the disease in birds. See 
BlOLOGICALS. [ J.L.M.] 

Bibliography : T. M. Rivers and F. L. Horsfall, 
Jr. (eds.). Viral and Rickettsial Infections of Man , 
3d ed.. 1959. 

Newton 

A unit of force in the meter-kilogram-second system 
of units. One newton is the force which will impart 
1 m/sec' J acceleration to the International Prototype 
Kilogram mass. The International Prototype Meter 
is the standard unit of length. See Force. [g.e.p.~| 

Newton’s laws of motion 

Three fundamental principles which form the basis 
of classical, or Newtonian, mechanics. They are 
stated as follows: 

First law . A particle not subjected to external 
forces remains at rest or moves with constant speed 
in a straight line. 

Second law . The acceleration of a particle is di- 
rectly proportional to the resultant external force 
acting on the particle and is inversely proportional 
to the mass of the particle. 

Third law. If two particles interact, the force ex- 
erted by the first particle on the second particle 
(called the action force) is equal in magnitude and 
opposite in direction to the force exerted by the 
second particle on the first particle (called the re- 
action force). 

The first law. sometimes called Galileo’s law of 
inertia, can now he regarded as contained in the 
second. At the time of its enunciation, however, it 
was important as a negation of the Aristotelian 
doctrines of natural placement and continuing 
force. 

The third law, sometimes called the law of 
action and reaction, was also to some extent es- 
tablished prior to Newton’s statement of it. How- 
ever, Newton’s formulation of the three laws as a 
mutually consistent set, with the nature of force 
clearly defined in the second law, piovided the 
basis for classical dynamics. 

The Newtonian laws have proved valid for all 
mechanical problems not involving speeds compa- 
rable with the speed of light (approximately 300,- 
000 kilometers/ sec) and not involving atomic or 
subatomic particles. The more general classical 
methods of Lagrange and Hamilton are elabora- 
tions of Newtonian principles. See Hamilton’s 
equations of motion; Lagrange’s equations; see 
also Dynamics; Force; Kinetics (classical 
mechanics); Motion. [d.wl] 

Newtonian fluid 

A fluid in which the state of stress at any point is a 
linear function of the time rate of strain ac that 
point. The fluid thus bears a direct analogy to a 
Hookean solid, for which the state of stress is a 
linear function of the strain. Many gases and liq- 
uids are closely Newtonian over a wide range of 
pressures and temperatures. 
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Top plate moves relative to bottom plate to produce 
Couette flow of intervening viscous fluid. 


The simplest example of Newtonian fluid flow is 
Couette flow, the low-speed steady motion of a vis- 
cous fluid between two infinite plates moving paral- 
lel to each other with relative velocity V as illus- 
trated. The shear stress T 21 in the fluid is constant 
and equals / dx 2) = /jl ( f/ / 8 ) . The time rate 

of strain at a point is a tensor quantity 




1 /dui duj\ 

2 \d*, dx t ) 


where are velocity components of fluid and 
x t are rectangular Cartesian coordinates with 
i = 1,2,3. Fluids are inherently isotropic so that 
the most general linear relationship between stress 
T X j and f ij is 


T\j = P 8ij "f“ (X H” 

where p. is the ordinary viscosity coefficient, A is 
the bulk or volume viscosity coefficient, and P is the 
pressure. In gases, A = 0 if the molecules have no 
internal degrees of freedom or if the internal mo- 
tions are not excited. For low Mach numbers. 
Fmm = 0, so A does not appear in the stress rela- 
tionship. For most liquids, p. decreases with tem- 
perature and increases with pressure; for gases it 
increases with temperature and is almost independ- 
ent of pressure. See Fluid-flow principles. 

[a.e.br.] 

Niacin 

A vitamin also known as nicotinic acid. It is a white 
water-soluble powder stable to heat, acid, and 
alkali, with the following structural formula: 

N 

/\ 

H— C CH 

II I 

H-C C— COOH 

\ 

H 

Niacin 

It is found in biochemically active combinations 
as the amide, niacinamide. Analyses for niacin are 
usually done microbiologically using Lactobacillus 
arabinosus as the test organism. Chemical methods 
of analysis are not usually satisfactory. All living 
cells studied have enzymic systems involving niacin. 



Many animals, including man, are capable of 
synthesizing niacin in varying degrees from the 
amino acid tryptophan. Niacin is widely distributed 
in foods. Yeasts, wheat germ, and meats, particu- 
larly organ meats, are rich sources of the vitamin. 
Some foods such as milk are relatively poor sources 
of niacin but contain generous quantities of tryp. 
tophan. See Tryptophan. 

Niacin-deficiency disease is known as pellagra 
and is particularly prevalent among the poor peo- 
ple whose diet is largely corn. Pellagra is character- 
ized by dermatitis, dementia, diarrhea, and death. 
Skin lesions are usually observed in areas exposed 
to the sun. The disease is accompanied by large 
gastrointestinal lesions. See Pellagra. 

Niacin is present ip enzymes in the form of two 
coenzymes, diphosphopyridine nucleotide (DPN) 
or coenzyme I and triphosphopyridine nucleotide 
(TPN) or coenzyme II. Enzymes containing DPN 
or TPN function in oxidation-reduction systems by 
virtue of their ability to accept hydrogen ions 
(protons) and electrons from substrates and trans- 
fer them to other hydrogen acceptors, such as the 
flavoproteins (see Riboflavin). Niacin-containing 
enzymes catalyze about 40 reversible biochemical 
reactions, many of different types, as illustrated 
by the following: acetaldehyde ethanol ; 1,3-di- 
phosphoglyceric acid ;=± 3-phosphoglyceraldehyde: 
pyruvic acid ;=± lactic acid; imino glutarjf acid 
L-glutamic acid; acetic acid acetaldehyde. 

Unlike the other B vitamins, little niacin is ex- 
creted in the urine. Excess niac is ex- 
creted uy man mostly as A^-methylnicolinamide 
and the 6-pyridone of /V^-methylnicotinamide. 
The pellagra-preventive potency of a diet is related 
not only to its niacin and tryptophan content, 
but also to the availability of its niacin. There is 
evidence that some of the niacin of foods cannot 
be released by digestive enzymes. The existence of 
an antiniacin material in corn has been suggested. 
The effect of the carbohydrate content of the diet 
on the synthesis of niacin by intestinal bacteria 
may also be of some importance. The use of urinary 
excretion data to determine nutritional status with 
regard to niacin has been disappointing. The 
recommended dietary allowances of the National 
Research Council for niacin are 10 times the 
thiamine allowances. This provides considerably 
more than average needs. See Diphosphopyridine 
Nucleotide (DPN) ; Triphosphopyridine nu- 
cleotide (TPN) ; Vitamin. [s.n.g.] 

Industrial production. Niacin is produced to U.S. 
Pharmacopeia (USP) requirements. The principal 
route for manufacture of niacin is oxidation of 
quinoline, obtained from coal tar. Oxidation of 2- 
methyl-5-ethylpyridine is nearly as important ; 
other processes involve oxidation of 3-picoline, 
hydrolysis of 3-cyanopyridine, or oxidation and 
hydrolysis of nicotine. Many patents cover the field. 
Nicotinamide is produced by amidation of niacin or 
its esters^ and by hydrolysis of 3-cyanopyridine 
(see illustration). 

Over 3,000,000 lb of niacin were produced in 
1957 in the United States; less than one-third was 
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ainide. Niacin, the least expensive vitamin, is used 
in foods, feeds, and pharmaceutical preparations 
to supplement limited amounts available naturally. 

A major outlet for niacin is swine and poultry 
feeds, especially those based on corn. In human 
nutrition, enrichment of flour and bread with niacin 
N required in most states. Rice and corn products, 
alimentary pastes, and milk are fortified with nia- 
rin in some areas. Both niacin and nicotinamide are 
used in single and multivitamin capsules and tab- 
lets, and are prescribed for various clinical ap- 
plications. [a.h.c.] 

Nibbling 

The cutting of material by the action of a recipro- 
cating punch. The nibbler takes repeated small 
bites as the work is passed beneath it. The work- 
piece must be backed up by a support or die. Fer- 



Nibbling machine being used to cut a cam. ( Wilson 
Mechanical Instrument Qjvhion of American Chain and 
Cable Co.) 


rous and nonferrous metals as well as some non- 
metallic compositions may be cut by nibbling. Cuts 
may be made in mild steel up to approximately 
h in. thick. 

Nibbling machines are constructed with con- 
siderable distance or throat hetween the punch 
and its supporting upright. This distance, plus the 
use of a round punch which allows the workpiece 
to he moved about, permits the cutting of irregular 
shapes. Duplicate pieces may he made by using 
templates as guides for the punch. Tubing may 
also be cut. Internal holes must be started from 
previously made holes. See Machining operations. 

[A.T.I 

Niccolite 

A minor ore of nickel. Niccolite is a mineral hav- 
ing composition NiAs and crystallizing in the hex- 
agonal system. Crystals are rare and it usually oc- 
curs in massive aggregates with metallic luster and 
pale copper-red color. Because of the color, not the 
composition, it is called copper nickel. The hard- 
ness is 5.5 (Mohs scale) and the specific gravity is 
7.78. Niccolite is frequently associated with other 
nickel arsenides and sulfides in massive pyrrhotite. 
It is also found in vein deposits with cobalt and sil- 
ver minerals, as in the silver mines of Saxony, Ger- 
many. and Cobalt, Ontario, Canada. See Nickel; 
Pyrrhotite. [ c.s.hu. J 

Nickel 

A chemical element, Ni, atomic number 28, and 
atomic weight 58.71. Nickel is a silver-gray metal 
that is ductile, malleable, and tough. Iron, co- 
balt, and nickel are all members of group VUIb 
of the periodic table of elements, and these three 
metals have many chemical similarities. The six 
metals of the platinum group (ruthenium, rhodium, 
palladium, osmium, iridium, and platinum) also 
belong to group VIHb, but their physical and 
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chemical properties are mostly distinct from those 
of iron, cobalt, and nickel. 

Nickel consists of five natural isotopes having 
atomic masses of 58 (68% of natural nickel), 60 
(26%), 61 (1%,), 62 (4%), and 64 (1%,). Six 

radioactive isotopes have also been identified, 
having mass numbers of 56, 57, 59, 63, 65, and 66. 

Uses of the metal. Nickel alloys use most of the 
nickel of commerce. Some of the metal is used in 
plating to give hard, tarnish-resistant, polishable 
surfaces. Finely divided nickel is used as a catalyst. 
Nickel is also used in coinage, in fabrication of 
special chemical equipment, and in the prepara- 
tion of nickel compounds. Metallic nickel is .some- 
times used in the European nickel-cadmium storage 
battery. 

Occurrence. Nickel is a fairiy plentiful element, 
comprising about 0.01 % of the igneous rocks. Ap- 
preciable quantities of nickel are present in some 


kinds of meteorite, and large quantities are thought 
to exist in the earth’s core. The two commercially 
important nickel minerals are pentlandite (Nj. 
FelrSy, found principally in Ontario, and gami- 
erite (NiJVfgjSiOa-nH^O, found principally i n 
New Caledonia. Other nickel minerals, of less im- 
portance, are the red nickel ore (NiAs), millerite 
or yellow nickel ore (NiS), breithauptite (NiSh). 
niccolite or white nickel ore (NiAs a ), gersdorfhte 
(NiAsS), and ullmannite (NiSbS). In addition to 
being very important in Canada, sulfide ores are 
fairly widely distributed in Europe and Asia, and 
some are present in South Africa and the United 
States. Some useful nickel silicate ore is found in 
Cuba. For the most part, the arsenide and anti- 
monide minerals are not important enough to be 
classed as commercial ores. As with many other 
metals, the true chemical composition of some of 
these nickel minerals is not definitely known. 


Compounds of nickel 


Name 

Formula 

Uses 

Properties and remarks 

Nickel sulfate 

NiS0 4 611*0 

In nickel plating; in 

Green or blue soluble 1 

6-hydrate 


dip haths for eu- 

compound ; cummer- 



ameliug; prepara- 

cially most important. 



l ion of nickel com- 
|M)undx and rata- 

of nickel compounds 



lytic* nickel 

» 

Nickel chloride 

NiCb'6ll*0 

Reagent; in electro- 

Bright green soluble* 

6-hydrate 


refining of cata- 
lytic nickel 

compound 

Nickel nilrMte 

Ni(N0 3 ) 2 *6H/> 

Reagent; prepara- 
tion of nickdl com- 

Emerald given; very 

6-hydrate 


soluble 1 ; alse> exists as 



pounds and cata- 
lytic nickel 

other hydrates 

Nickel(II) oxide 

NiO 

in production of al- 

Green e>r black; green 



loys; in enamel 

fe>rin insoluble in wa- 



frits and ceramic 

te*r, soluble in acids; 



glazes; in glass 

black form insol uhlcd 



manufacture 

in water and ae*ids 

Nickel dioxide 

Ni(J 2 

Oxidizing agent, in 

Black, insoluble 



Edison storage 




battery 


Nickel ammo- 

NifNIIiWSO,),- 

Sometimes used in 

Blue-green soluble 

nium sulfate 
6-hydrate 

61 l 2 0 

nickel plating 

compound 

Nickel tetra- 

Ni(CO) 4 

Catalyst; source of 

Colorless, volatile com- 

carbonyl 


carbon monoxide 

pound; made by redac- 



in organic synthe- 

tion of nie;kel metal 



sis; source of very 

with e*arbe>n monox- 



pure nickel by de- 

ide; contains nickel in 



composition 

oxidutiem state 0; 
meire joisonous than 
carbon memoxide 

Nickel dimeth- 

Ni(C 4 H 7 N 2 0 2 ) 2 

Analytical determi- 

Red, insoluble complex 

ylgly oxime 


nation of nickel 

compound 

Nickel formate 

Ni(CIIQ,) r 

Decomposes at 200 

Green, moderately se li- 

2-hydrate 

211/) 

250°C to yield 
catalytic nickel 

able compound 

Nickel acetate 

Ni(C 2 U,0 2 ) 2 - 

Sealer for anodized 

Blue-green soluble 

4-hydrate 

4II/J 

aluminum; mor- 
dant iu textile dye- 
ing; reagent in dye 
preparation ^ 

compound 

Nickel sulfide 

NiS 

Analytical determi- 

Brown or black insolu- 



nation of nickel 

ble compound 



Nickel occurs in small quantities (0.1-3 ppm dry 
weight) in plants and animals. For a discussion of 
nickel production, see Nickei. metallurgy. 
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Nickel metal. Nickel is of moderate strength 
and hardness (3.8 on the Mohs scale). When viewed 
as very small particles, niekel appears black, as do 
metals in general, hut this finely divided state is 
particularly significant in the catalytic use of 
nickel. The density of niekel is 8.90 times that of 
water at 20°C: 1 ft ;{ of nickel would weigh about 
330 lh. Nic kel melts at 1433°C and boils at about 
2800°C. Its electrical conductivity is 1 3 r / ( that of 
copper and 14'V' that of silver; its heat conductivity 
is 1 3 r r that of silver. Nickel has a high enough 
\alue of magnetic 4 susceptibility to he classed as 
ferromagnetic, hut it does not equal iron in this 
respect. Commercial wrought nickel is 99.4^ pure. 
SfV Nl< KEL ALLOYS. 


Chemical properties. Nickel is only moderately 
reactive. It resists alkaline corrosion and does not 
hum in the massive state, although fine nickel 
wires can he ignited. Specially prepaied nickel, 
consisting of very small, porous particles (pyro- 
phoric' ni('kel), burns spontaneously when exposed 
to the air. Nickel is above hydrogen in the electro- 
chemical series, and it dissolves slowly in dilute 
ac ids. releasing hydrogen and forming the green 
dipositive niekel ion. Ni +f . With solutions of oxi- 
dizing agents, including strong nitric acid, nickel 
becomes passive and resists attack. In metallic 


h»rm. nickel is a moderately strong reducing agent. 
Through physicochemical processes, nickel can 
take up considerable amounts of hydrogen, as can 
palladium and platinum, especially when the metals 
are in the finely divided state. Release of the hydro- 
gen to other substances for chemical reaction is 
one reason for the catalytic action of these metals. 
Must compounds of nickel are green or blue. See 

Hydrogenation. 

Nickel compounds. Nickel is usually di positive 
tn its compounds, hut it can exist in the oxidation 
^ates 0. 1-f. 3-K and 4-f as well. Besides the 
"ttnple nickel compounds, or salts, nickel forms a 
variety of coordination compounds or complexes. 
* he nickel ion present in water solutions «f simple 
nirkel compounds is itself a complex. 

he compounds of dipositive nickel closely re- 
*emble those of dipositive cobalt, so that chemical 
sp Paration of the two metals is often difficult. Some 
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of the more important simple and complex com- 
pounds of nickel are listed in the table. 

Analytical methods. Nickel can be identified 
qualitatively by precipitation of either the hydrox- 
ide or the sulfide. The hydroxide is not soluble in 
excess of hydroxide ion and is only slowly soluble 
in dilute hydrochloric acid. If ammonium hydrox- 
ide is the reagent used, the precipitate is soluble in 
excess because of the formation of the blue fNi- 
(NII.-j) ( ; ]* * complex ion. The sulfide can he pre- 
cipitated in brown or black iorm by ammonium 
sulfide or hydrogen sulfide in neutral or alkaline 
solution. Cohalt undergoes similar reactions; it 
mav he separaled from nickel in acetate buffer 
solution by precipitating the nickel with dirneth- 
vlglvoxime. The red nickel diinethvlglyoxime may 
he dried and weighed for quantitative determina- 
tion. 

Other quantitative methods include precipita- 
tion of the hydroxide, which is healed and weighed 
as NiO; precipitation with Crossmann’s reagent, 
dicyandiamidine sulfate; and electrolysis followed 
by weighing of the nickel as the metal.' [w.K.c.l 

Bibliography: J. C. Bailar, Jr. (ed.). The Chem- 
istry of the Coordination Compounds , 1936; 

J. Kleinberg (ed.). Treatise on Inorganic Chem- 
istry , vol. 2. 1936; N. V. Sidgwick, The Chemical 
Clements and their Compounds , vol. 2. 1930. 

Nickel alloys 

Combinations of nickel with other metals. Nickel 
has been used in electroplating since 1843 and as 
an alloying addition to steels since about 1889. It 
was first used as a base for alloys with the introduc- 
tion of Monel nickel-copper alloy in about 1903. 
The nominal compositions of some of the currently 
available alloys containing more than 30% nickel 
are given in Table 1. 

Nickel-base alloys mav he melted in open-hearth, 
electric-arc, or induction furnaces in air, under 
inert gas. or in vacuum. Casting may also he done 
under these same ambient conditions. Cast shapes 
are made in sand or invest men! molds oi by shell 
molding. Ingots for wrought products are cast in 
metal molds and are hot worked hv forging, rolling, 
or extruding. In some instances, further work may 
be done cold by rolling or drawing. Nickel-base 
alloys, made available in this way in bar, rod, 
wire, plate, strip, sheet, and tubular forms, may be 
fabricated into finished products using conventional 
metal working and joining techniques. 

Alloyed nickels. D nickel and Duranickel, age- 
hardenable nickel, are essentially binary alloys 
with 4.73% manganese and 4.3% aluminum, respec- 
tively. Manganese, in the first of these, extends the 
range of applicability in the presence of sulfur by 
about 300° F to a limiting temperature in the neigh- 
borhood of 1000° F. A characteristic use of this 
material is as wire for spark-plug electrodes. 

Aluminum and titanium confer age-hardening 
characteristics on Duranickel and a tensile strength 
in excess of 200,000 psi is attainable in this alloy 
by appropriate cold work and heat treatment. In 
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Table 1. Nominal composition of some nickel-base alloys, weight per cent 


Trademark 

Ni 

Cu 

Cr 

Co 

Mo 

Ti 

Al 

Cl. 

Fo 

Mn 

Si 

c 

Other 

D 

95 









4.75 


0.08 


Dura nickel 

93.7 

0.05 




0.4 

4.4 


0.35 

0.3 

0.5 

0.17 


Monel 

66 

31.5 







1.35 

0.9 

0.15 

0.18 


K Monel 

66 

29 




0.5 

2.75 


0.9 

0.75 

0.5 

0.15 


S Monel 

63 

30 







2 

0.75 

4 

0.1 


Chromel P 

90 


10 











Nichrome V 

80 


19.5 







2.5* 

1 

0.25 


Alumel 

91 






2 



3 

1 



Nimonic 75 

Bal 

0.5* 

19.5 



0.4 



5* 

1* 

1* 

0.12 


Nimonic 80 A 

Hal 


19.5 

2* 


2.2 

1.1 


5* 

1* 

1* 

0.1* 


Inconel 

Bal 

0.5* 

15.5 






8 

l* 

0.5* 

0.15 


Inconel X 

Bal 

0.2* 

15 



2.5 

0.9 

0.9 

7 

0.7 

0.4 

0.04 


Inconel 713C 

Bal 


12 


4 

0.5 

6 

2 

5* 

1* 

1* 

0.2* 


Ddimet 500 

Bal 


17.5 

16.5 

4 

2.9 

2.9 


4* 

0.75* 

0.75* 

0.15* 


Waspaloy 

Bal 


19 

11 

3 

2.5 

1.2 


2 

(17 

0.4 

0.05 


M252 

55 


19 

10 

10 

2.5 

0.75 


2 

1 

0.7 

0.1 


OMR 235 

Bal 


15.5 


5 

2.5 

3 


10 

0.25* 

0.6* 

0.15 

0.06 B 

Ifnstelloy B 

61 


1* 

2.5* 

27.5 

2 



5.5 

1* 

1 

0.05* 

0.4 V 

Haslelloy C 

54 


15.5 

2.5* 

15.5 




5.5 

1* 

1* 

0.08* 

0.35 V*, tW 

Haslelloy D 

82 

3 

1* 

1.5* 





2* 

1 

9 

0.12* 



Maximum. 


this condition, it is well suited to the manufacture 
of springs and diaphragms. 

Monel nickel-copper alloy. This alloy contains 
about two-thirds nickel and one-third copper and 
is the oldest of the commercial nickel-base alloys, 
dating from about 1905 when it was directly 
smelted from the copper-nickel matte obtained 
from Sudbury. Ontario, sulfide ore. The good fabri- 
cating characteristics and corrosion-resistance of 
this alloy have made it widely used in marine ap- 
plications and in the chemical-processing and pe- 
troleum industries. It has applicability in the new 
and expanding field of nuclear propulsion. As with 
nickel, this alloy can he made age-hardenable by 
the addition of aluminum and titanium. K Monel 
age-hardenable nickel-copper alloy has corrosion- 
resisting characteristics similar to the nonage- 
hardenahle composition, and is widely specified for 
such applications as marine propellers, shafting, 
valves, pump parts, and springs. A usable tensile 
strength of about 175,000 psi is obtainable in cold 
drawn and age-hardened wire. S Monel hard nickel- 
copper cast alloy, which is age-hardenable by 
virtue of its relatively high silicon content (4.0% ), 
possesses nongalling and antiseizing characteristics 
which make it applicable to hall- and roller-bearing 
races. 

Nickel-chromium alloys. Nickel-chromium bi- 
nary alloys are used primarily in specialty high- 
temperature service. Nichrome V is a common 
high-quality resistance-heating-element material 
possessing good resistance to oxidation up to about 
2100° F, superior to either of its two component 
elements. The alloy is used both in industrial- 
furnace and household-appliance heating elements. 
Chromel P is used with the chromium-free nickel- 
base Alumel in temperature-sensing devices known 
as thermocouples. This particular alloy couple has 


favorable thermoelectric characteristics for appli- 
cability in the measurement of temperatures up to 
2000° F. 

Nickel-chromium and related complex alloys an* 
widely used for structural and general- purpose 
applications at high temperatures and in certain 
corrosive environments, particularly where freedom 
from stress-corrosion cracking is essential. In this 
latter iryrtancc. Inconel nickel-chromium alloy has 
applicability in nuclear-propulsion units. 

This class of alloys encompasses a broad range 
of high-temperature properties. Nimonic 75 nickel- 
chromium alloy is widely used as a scale-resistant 
sheet material. Neither this material nor Inconel 
nickel-chromium alloy responds to age hardening, 
and hence they are on the low side of the elevated- 
temperature mechanical property range. By con- 
trast, Inconel X age-hardenable nickel-chromium 
alloy, which contains added aluminum, titanium, 
and coliimhium, develops greatly improved high- 
temperature strength after proper heat treatment. 
The more highly alloyed Inconel 713C nickel- 
chromium cast alloy exhibits further strength im- 
provement at the high side of the temperature 
range of applicability for the complex nickel- 
chromium alloys. For comparison, 100-hour rupture 
strengths of these three alloys are listed in Table 2 

The aforementioned materials and a number of 
similar proprietary alloys such as Udiinet 500. 
M252, Waspaloy, and GMR235, which combine 


Table 2. Rupture strengths (100 hours) of nickel- 
chromium alloys, psi 


Alloy 

1500°F 

1700°F 

Inconel 

7,000 

3,000 

Inconel X 

25,000-30,000 8,000-10,000 

Inconel 713C 

58,000 

30.000 




high strength and oxidation resistance, have found 
application in jet engine and gas turbines for such 
parts as combustion liners, blades, vanes, and disks. 

In the interest of optimizing properties, these 
complex nickel-chromium alloys are being produced 
in increasing quantities by vacuum-melting and 
vacuum-pouring techniques. 

A cast heat-resisting alloy carrying the Alloy 
Castings Institute designation HW (nominally 60% 
nickel. 12% chromium, 23 % iron) is used prin- 
cipally for furnace parts and heat-treating fixtures. 
It has good resistance to oxidation and carburiza- 
tion. only modest hot strength, but good thermal 
shock resistance. 

Hastelloy alloys. Hastelloy alloys B, C, and D 
are used primarily in corrosive environments. 
Hastelloy B is resistant to hydrochloric and sulfuric 
acids within certain limits of concentration, tem- 
perature. and degree of aeration. It is not recom- 
mended for service involving strong oxidizing acids 
or oxidizing salts. Hastelloy C is unusually resistant 
to oxidizing solutions and to moist ehlorine. Hastel- 
|o\ L) ha* exceptional resistance to hot concen- 
trated sulfuric acid. 

Nickel-iron alloys. Alloys containing more than 
50 r ; nickel are used in various applications in- 
\olving controlled thermal expansivity or certain 
magnetic mjuirements. In the range 50-52% 
nickel, the balance iron, the alloys have thermal 
expansion characteristics useful in making some 
t\ pcs of glass-to-metal seals. 

In the range 77 80% nickel, with or without 
about 4% molybdenum, the balance iron, the alloys 
have very high initial and maximum magnetic per- 
meabilities when properly processed. Sep Alloy; 
Ikon alloy; Nilkll; Nickel metallurgy; Stain- 

I.KSS STEEL. f R.J.R.] 

Nickel metallurgy 

The extraction and refining of nickel from its ores. 
Nickel's properties of strength, toughness, and re- 
sistance to corrosion have been used to advantage 
in alloys since ancient times. Paktong, similar to 
modern nickel silver, was used in the sixteenth 
century in China, and early weapons were often 
fashioned from tough, nickel-hearing meteoric iron. 
A. F. Cronstedt first isolated nickel as an element in 
1751, and in 1804 H. T. Richter prepared it in 
relatively pure form. 

Occurrence. Although nickel ranks twenty- 
fourth in order of abundance of the elements, and 
igneous rocks average 0.02%) nickel content, there 
are relatively few nickel deposits of commercial 
importance. Nickel ores are of two generic types, 
S ulfides and laterites. 

Sulfides. In ores of this type, nickel is pre.sent 
chiefly as the mineral pentlandite, a nickel-iron 
sulfide, usually in association with pyrrhotite and 
chalcopyrite. The most important known deposits, 
at Sudbury, Canada, have provided the major por- 
tion of the world’s nickel supply since 1905. Other 
substantial deposits have been developed in the 
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Thompson-Moak Lake and in the Lynn Lake areas 
of northern Manitoba, Canada. Russia exploits de- 
posits on the Kola peninsula and near Norilsk in 
Siberia. 

Laterites . Lateritic nickel ores occur as oxide 
ores, in which the nickel is dispersed through 
limonite. and silicate ores, in which the nickel 
occurs in a hydrated magnesium silicate. Lateritic 
ores are widely distributed throughout the tropics 
and constitute the world's largest known reserves of 
nickel. Deposits in Cuba, New Caledonia, and 
Oregon are being worked commercially, and there 
are extensive reserves in Indonesia, the Philippines, 
Latin America, and the Soviet Union. 

Production and uses. Nickel gained commercial 
prominence late in the nineteenth century when 
substantial reserves were found in New Caledonia 
and at Sudbury, and the world’s naval powers 
adopted nickel-hearing armor. Until about 1920, 
nickel markets hinged upon military requirements. 
Following World War I, research into industrial 
applications was greatly increased and, the success 
of this continuing program is evident from nickel’s 
many diversified and expanding uses. 

Nickel is marketed in various forms. Its price 
is based on electrolytic nickel which has remained 
at 74^/lb since December, 1956. During 1957, 
nickel consumption in the United States was dis- 
tributed as shown in Table 2. 

Extractive metallurgy. Selection of processes for 
nickel extraction is largely determined by the type 
of ore to he treated. Sulfide ores are amenable to 
concentration by such methods a** flotation or mag- 
netic separation. The state of combination of nickel 


Table 1. Nickel production, short tons 


KM i mo ted total world 
nickel since ]870, annual 

Year Production 

Estimated world mine pro- 
duction in 1957 

Production, 

contained 

Country nickel 

1870 

500 

Canada 

189,000 

1900 

10,200 

USSR. 

55.000 

1918 

52,500 

New Caledonia 

33.000 

1940 

154,300 

Cul».i 

22,000 

1957 

314,000 

United States 

10,000 



Ot her 

5,000 



Total 

314,000 

Table 2. 

Nickel consumption In the United 

States 



Per ccnl of 

Use 



total* 

Non ferrous alloys 


27.3 

Stainless sleds 


22.0 

Electroplating 


20.0 

Other alloy steels 


13.0 . 

High-temperature and electrical- 


resistance alloys 


8.0 

Cast 

iron 


4.5 

Catalysts, magnets, ceramics, other 

5.2 


* From U.S. Bureau of Mines, Minerals Yearbook , and 
other U.S. Government publications. 
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Fig. 1. Nickel extraction from nickeliferous sulfide 
ores containing copper, nickel, cobalt, iron, sulfur, pre- 
cious metals, and gangue. 
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in the lateritic ores usually precludes such enrich- 
ment, thus requiring treatment of the total ore. 

Sulfide ores . Figure 1 illustrates graphically the 
extractive metallurgy of sulfide ores. A minor 
amount of higher-grade ore is smelted directly in 
blast furnaces. With lower-grade ores, averaging 
up to 2.5% nickel plus copper, mineral values are 
liberated by crushing and grinding, and separated 
from the gangue by froth flotation. See Orf. dress- 
ing. 

International Nickel Company employs selective 
flotation and magnetic separation to divide the 
bulk concentrate into nickel-, copper-, and iron- 
rich fractions for separate treatment. A high-grade 
iron ore, nickel, and sulfuric acid are recovered 
from the iron concentrate. The nickel concentrate 
is treated by pyrometallurgical processes. The 
major portion undergoes partial roasting in Her- 


reshoff furnaces to eliminate about half the sulfur 
and to oxidize the associated iron. The hot calcine, 
plus flux, is smelted in coal-fired reverberatory 
furnaces operating at about 2200° F. Other proce- 
dures involve sintering in Dwight-Lloyd machines 
followed by blast-furnace smelting, or partial roast- 
ing followed by electric-arc-furnace smelting. The 
product of these operations, termed furnace matte, 
is transferred to Pierce-Smith converters and blown 
with air to oxidize the remaining iron and as- 
sociated sulfur, yielding Bessemer matte contain- 
ing nickel, copper, cobalt, small amounts of pre- 
cious metals, and about 22% sulfur. 

The molten Bessemer matte is cast into 25-ton 
molds in which it undergoes controlled slow cool- 
ing to promote formation of relatively large, dis- 
crete crystals of copper sulfide, nickel sulfide, 
and a small quantity of a metallic phase which 





contains most of the precious metals. After crush- 
ing and grinding, the metallics are removed mag- 
netically for recovery of metal values, and the main 
sulfide fraction is separated into copper sulfide and 
nickel sulfide concentrates by froth flotation. See 
Flotation. 

Most of the nickel sulfide concentrate is con- 
verted to granular nickel oxide on Dwight-IJoyd 
sintering machines. A portion of this product is 
marketed directly for alloy steel production. Two 
processes are employed to convert the remaining 
oxide to pure metal for market. One involves reduc- 
tion smelting to metal anodes followed by electro- 
lytic refining, using a sulfate-chloride electrolyte 
with divided cells and continuous electrolyte purifi- 
cation. By-products of this operation are cohalt 
and precious metals. The other is the Mond process, 
described below. Part of the nickel sulfide con- 
centrate from slow-cooled matte is melted, cast 
directly into sulfide anodes, and electrolytically 
refined to nickel cathodes, with concurrent recovery 
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of elemental sulfur, cobalt, selenium, and precious 
metals. 

I he Mond nickel carbonyl process is used in 
Great Britain to produce refined nickel from nickel 
oxide sinter. 1 his material is ground, calcined, 
reduced with water gas, and treated with carbon 
monoxide at about 120°F to volatilize nickel as 
nickel carbonyl. This compound is decomposed at 
about 400°F to yield high-purity nickel in pellet 
form. Copper and cobalt salts and precious metals 
are recovered from the residue. Nickel powder is 
also produced at this plant in a pressure carbonyl 
system. 

At Falconhridge, the hulk flotation concentrate is 
sintered and blast-furnace smelted to a copper- 
nickel matte, following conventional copper smelt- 
ing practice. The Bessemer matte is shipped to a 
refinery in Norway, where it is ground, roasted to 
oxide, and leached with dilute sulfuric acid to re- 
move copper, which is recovered electrolytically 
from the leach solution. The nickel-bearing residue 
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is reduction smelted and cast to metal anodes for 
electrolytic refining. Cobalt and precious metals 
are also recovered. 

Sherritt Cordon Mines, Ltd. separates the bulk 
flotation concentrate into nickel and copper con- 
centrates, and treats the nickel concentrate by a 
pressure hydrometallurgical process. A suspension 
of relatively high-grade, finely ground nickel con- 
centrate is leached with ammoniaeal solution with 
vigorous aeration, at temperatures up to 175°F 
and pressures of 100-1 25 psi. The metal sulfides 
are oxidized essentially to sulfates, the iron hy- 
drolyzes and precipitates into the residue which is 
discarded, while nickel, copper, and cobalt dissolve. 
After treatment to remove copper and trace metals, 
the ammoniaeal nickel-cobalt solution is auto- 
claved with hydrogen at about 375 °F and 450 psi 
to yield a nickel powder, the bulk of which is 
marketed in briquette form. The residual solution, 
with further treatment, yields a nickel-coball 
powder. Ammonium sulfate is a by-product of this 
operation. 

Lateritcs. The laferitic ores contain practically 
no copper. Those of New Caledonia now being 
worked contain about 3% nickel. They are blast- 
furnace smelted with coke and gypsum to produce 
nickel matte for converting and subsequent refining. 
Ore is also smelted to ferronickel in a new electric 
furnace plant (Fig. 2). 

Cuban laterites, which average about 1.5% nickel 
plus cobalt, are treated by a combined pyro- and 
hydrometallurgical process in a plant at Nicaro, 
Cuba. The ore is surface mined, dried, ground, and 
selectively reduced with producer gas in multi- 
hearth furnaces at temperatures rising to about 
1300°F. The bulk of the iron is reduced to magnet- 
ite, while the nickel is reduced to metal. The re- 
duced ore is countercurrently leached in an aerated 
ammoniaeal ammonium carbonate solution, to dis- 
solve nickel selectively as nickel ammonium car- 
bonate. The pregnant solution is distilled in bubble- 
cap towers to remove ammonia and part of the 
carbon dioxide for recycle, whereupon the nickel 
precipitates as basic nickel carbonate. The pre- 
cipitate is calcined to an oxide powder. Some is 
marketed in this form and some after sintering. 
See Sintering. 

In the Freeport Nickel Company plant, nickel 
and cobalt are selectively dissolved from Cuban 
limonitic nickel ore by pressure sulfuric acid 
leaching, and after iron removal, are precipitated 
with hydrogen sulfide. Coral is used for pH control. 
A slurry of the precipitated sulfides is shipped to 
the United States for refining by a modification of 
the above-described Sherritt Gordon process. Final 
products are nickel and cobalt powders or bri- 
quettes. 

Several other operations, in Japan, the United 
States, Europe, and elsewhere, produce modest 
amounts of nickel, often as by-products. The Soviet 
Union has become a substantial producer of nickel. 
For the most part, the processes used are similar to 


those already described. See Nickel; Nickel al- 
loys; Pyrometallurgy, nonferrous. 

[L.S.RE.] 

Nicotine 

An alkaloid present in tobacco, the dried leaf of 
Nicotiana tabacum . It was first isolated by L. Va- 
quelin in 1809 from tobacco smoke and charac- 
terized in a pure form. Nicotine has the following 
structure: 



Nicotine is one of the few liquid alkaloids. It 
is colorless, volatile, alkaline in solution, and. on 
exposure to air, it turns brown and acquires the 
odor of tobacco. It is readily soluble in water and 
forms water-soluble salts. It exists in the tobacco 
leaf in combination with acetic, malic, and citric 
acids. 

Isolation is accomplished by making an aque- 
ous extract of the powdered plant, adding al- 
kali, and steam-distilling the volatile alkaloid 
from the mixture. Synthesis of the alkaloid was ac- 
complished in 1904. However, the synthesis is of 
little commercial interest since nicotine may he 
obtained very economically from natural sources 
(tobacco refuse). The principal value has been 
to confirm the postulated structure. Nicotine (as 
the sulfftte) finds wide use as an insecticide. It 
also serves as a source of nicotinic acid amide (an 
important B-vitamin). 

Because of its toxicity, nicotine is little used 
medically. The alkaloid is one of the most toxic 
of all substances and acts with a rapidity com- 
parable to that of cyanide. Poisoning has occurred 
from accidental ingestion of insecticide sprays 
containing nicotine. Also, the lay use of tobacco 
infusion as an enema against intestinal parasites 
has resulted in death. The nicotine content of one 
cigar approximates the lethal dose for man. How- 
ever, swallowed in the form of tobacco, nicotine 
is much less toxic than would he expected. Chil- 
dren have ingested cigarettes without lethal effect, 
despite the fact that each cigarette contains nearly 
the estimated fatal dose of nicotine. Apparently the 
gastric absorption of nicotine from tobacco is 
delayed, so that vomiting caused by the initially 
absorbed fraction usually removes the tobacco re- 
maining in the stomach. 

Although nicotine has no therapeutic uses, it 
is of great pharmacological interest, and studies 
with nicotine have contributed greatly to the un- 
derstanding of the physiology of the nervous sys- 
tem. In addition, the complex respiratory and 
circulatory changes occurring in the body after 
administration of nicotine make it an interesting 
tool in experimental pharmacology. See Alkaloid. 

fs.M.K.J 



Nighthawk 

A bird, Chordeiles minor , frequently called the bull 
bat, a member of the Caprimulgidae. It is quite 
similar to the whippoorwill, but can readily be 
distinguished from the latter by the large white 
patch in the middle of each wing. It is common over 
most of the United States and southern Canada. 
The nighthawk has accepted civilization and is a 
common city resident, nesting on the flat-topped 
roofs of large buildings as readily as on the forest 



The nighthawk, Chordeiles minor ; length to 10 in. (From 
E. L Palmer, Fieldbook of Natural History, McGraw- 
Hill, 1949) 

floor or prairie sod. During its acrobatic hunt for 
flying insects, the nighthawk makes frequent spec- 
tacular dives and gives voice to a loud cry. See 
CaPKIMIJ I, GI FORMES ; WHIPPOORWILL. f J .D.B. J 

Niobium 

A chemical element, Nb, atomic number 41, and 
atomic weight 92.91. The original name used for the 
dement in the United States was columbium. Since 
195)1, American chemists have adopted the name 
niobium in conformance with the recommendation 
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°f the International Union of Pure and Applied 
Chemistry Nomenclature Committee. However, met- 
allurgists and the metals industry in general have 
been unwilling to make the change and still use the 
name columbium. 

Niobium is a member of the fifth subgroup of the 
periodic table and is in the 4 d transitional series. 
Its valence-electron configuration is 4d 4 6s 1 which 
results in a maximum oxidation state of V. Oxida- 
tion states of II, III, and IV are also reported. The 
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calculated radius for the 5+ ion of niobium is 
0.70 A. 

Niobium is found in nature with its homolog, 
tantalum, although it occurs by itself in pyrochlore, 
NaCaNb 2 Or>. Niobium occurs in the earth’s crust 
to the extent of 2.4 X 10 ' 1 % which makes it about 
10 times as abundant as tantalum. For a discussion 
of the metallurgical separation and reduction, see 
Tantalum. 

There are no large-scale uses for niobium metal, 
although it seems to have good potential as a struc- 
tural material above 1000°C. It also should be 
useful in nuclear reactors, because of its low cross 
section for capture of thermal neutrons. Some of 
its compounds exhibit superconductivity at rela- 
tively high temperatures. Most niobium is used in 
stainless steel and high-temperature alloys. 

Niobium metal. The metal has a density of 8.6 
g / em ;i at 20°C and crystallizes in a body-centered 
cubic system. It has a melting point of 2468°C. Its 
cross section for capture of thermal neutrons is 
only 1.1 barns. Although the standard oxidation 
potential for the reaction 

2Nh 4 SH.O NboOr, 4- 10IU 4~ \0e~ 

is estimated to be 4-0.62 volt, the metal is quite 
inert to all acids except hydrofluoric acid. Niobium 
is slowly oxidized in alkaline solutions. The halo- 
gens and oxygen react with it on heating, and it 
combines with nitrogen and carbon to form niobium 
nitride, NbN, and niobium carbide, NbC. 

Niobium compounds. The oxide, fluoride, chlo- 
ride, bromide, and iodide of the oxidation state V 
are the most important binary compounds of nio- 
bium. The oxide, Nl^Or,, has a melting point of 
1520°C and is obtained by heating the metal in 
oxygen. The oxide dissolves in fused alkali to yield 
complex niobates such as NbeOj» H “ and Nb 2 07 4 ~ 
which are water-soluble and hydrolyze to the in- 
soluble oxide. The normal niobates NbC> 4 3 ~ are in- 
soluble in water. The freshly precipitated oxide is 
a very weak acid and dissolves slightly in aqueous 
alkali. 

The oxide dissolves in hydrofluoric acid to give 
ionic species such as NbOFs 2 ' and NbOF? 4 ", de- 
pending upon the fluoride and hydrogen-ion con- 
centrations. In a very large excess of fluoride ion, 
K 2 NbF 7 crystallizes from solution. The oxide also 
dissolves in concentrated hydrochloric acid to give 
species which have been identified as Nb(OH) 2 - 
CU', NbfOH^Cla, and Nb(OH)Cl 3 \ depending 
upon the hydrogen-ion and chloride-ion concentra- 
tions. The oxide also shows solubility in concen- 
trated sulfuric acid and in solutions of organic 
dibasic acids and hydroxy carboxylic acids. 

The niobium pentahalides are all low-melting, 
low-boiling compounds which hydrolyze in water to 
give the oxide. They may be prepared by direct 
action of the halogen or dry halogen halide on the 
metal. Preparations based on the oxide and free of 
oxyhalide impurity are difficult to obtain. High- 
purity pentachloride can be obtained from the 
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oxide by reaction with carbon tetrachloride under 
pressure or by refluxing in hexachlorobutadiene, 
with which tantalum oxide does not react under the 
time and temperature conditions used for niobium 
oxide. This may be a basis for a separation pro- 
cedure. The reduced states of niobium are slightly 
better known than those of tantalum. The com- 
pound NbCli has been prepared by reduction with 
niobium metal, and the trihalide by the reduction 
of the pentahalide with hydrogen in a discharge 
tube. The NbF:* compound has been prepared by 
the action of a hydrogen-hydrogen fluoride gas 
mixture on NbHo. 7 . The NhCI:* and NhBr« com- 
pounds were prepared by hydrogen reduction of 
the corresponding pentahalides at 400-500 °C in a 
hot-cold tube. The trichlorides and tribromides 
can be sublimed in vacuum at 400°C unchanged. 

In aqueous solutions, niobium (IV) species have 
been produced by electrolytic reduction. In the 
absence of complexing ions, the IV state dispropor- 
tionates to the V and 111 states. The reduced states 
undoubtedly are not stable wilh respect to oxida- 
tion by water, except as complex species. 

Niobium of 90 % purity or better can be deter- 
mined by developing the peroxyniobate color with 
30% hydrogen peroxide in a solution containing 
the sample dissolved in concentrated sulfuric and 
phosphoric acids, under which conditions the per- 
oxytantalate color does not appear. The absorb- 
ency is measured at 325 m/x. [ k.m.i./J 

Bibliography: C. A. Hampel (ed.). Rare Metals 
Handbook , 1954. 

Nippotaeniidea 

An order of tapeworms of the subclass Cestoda. The 
few known species are intestinal parasites of Eura- 
sian fresh-water fishes. The head bears a single 
terminal sucker (see illustration). The segmental 



Scolex of Nippotaenia. 

anatomy shows relationships to the Pseudophyllidea 
and Cyclophyllidea. The life history is unknown. 
It is probable that this order is related to the 
proteocephalids. See Cestoda; see also Cyclo- 
phyllidka; Pseudophyllidea. [c.p.r.1 

Niter 

A potassium nitrate mineral with chemical com- 
position KNOm. Niter crystallizes in the ortho- 
rhombic system, generally in thin crusts and deli- 
cate acicular crystals; it also occurs in massive, 
granular, or earthy forms. It has good cleavage in 
three directions; fracture is subconchoidal to un- 
even; it is brittle; hardness is 2 on Mohs scale; 
specific gravity is 2.109; the luster is vitreous; 


and the color and streak are colorless to white. 
See Nitrate minerals. 

Niter is commonly found, usually in small 
amounts, as a surface efflorescence in arid regions 
and in caves and other sheltered places. It is usu- 
ally associated with soda-niter, epsomite, nitro- 
calcite. and gypsum. The mineral may occur as an 
efflorescence on soils rich in organic matter from 
the action of certain bacteria on nitrogenous or 
animal matter. 

Niter occurs associated with soda-niter in the 
desert regions of northern Chile, and in various 
other similar occurrences in Italy. Egypt, U.S.S.R., 
western United States, and elsewhere. It was for- 
merly found in some abundance in limestone caves 
in Tennessee, Kentucky* Alabama, and Ohio, and 
was used for the manufacture of gunpowder during 
the War of 1812 and the Civil War. fc.s.] 

Nitrate 

The negative ion, NOv, derived from nitric acid. 
HNO{. Because almost all metallic nitrates are 
water-soluble, they are not found in nature but are 
produced from nitric acid. One notable exception 
to this is the impure sodium nitrate, called Chile 
saltpeter, which occurs in large amounts because 
of the aridity and very small rainfall of the Chilean 
coastal plain. ^ 

Because nitrates contain nitrogen in its highest 
oxidation state (5 } ), the ion is a useful oxidizing 
agent. Because of this property, nitrates are often 
constituents of matches and explosives. Ammonium 
nitrate will detonate when subjected to shock ac- 
cording to the following equation: 

NH.,NO» —> N 2 0 + 2H 2 0 

Nitrates are an important source of nitrogen in 
fertilizers. 

The brown-ring test is a common qualitative test 
for the nitrate ion. A brown ring forms at the junc- 
ture of a dilute ferrous sulfate solution layered on 
top of concentrated sulfuric acid if the upper layer 
contains nitrate ion. If nitrite ion is present, the 
brown color appears throughout the solution. The 
brown color is due to the complex ion, Fe(NO) 2 *. 

Organic compounds containing the - NO 2 group 
are called nitro compounds and include explosives 
such as trinitrotoluene (TNT). See Explosion 
and explosive; Fertilizer; Nitric acid; Nitrite; 
Nitrogen. [ e.e.wr.] 

Nitrate minerals 

Nitrate minerals arc few in number, and with the 
exception of soda-niter are of rare occurrence. 
Normal anhydrous and hydrated nitrates occurring 
as minerals are soda niter, NaNO*; niter, 
KNO3; ammonia niter, NH4NO3; nitrobarite, 
Ba(NOa)2; nitrocalcite, Ca(N0i)2*4H20; and 
nitromagnesite, Mg (NO.*) 2*6^0. In addition 
there arejhree known naturally occurring nitrates 
containing hydroxyl or halogen, or compound ni- 
trates. They are gerhardtite, GfetNO.?) (OH)s; 
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buttgenbachite, Cu™ ( N0 3 ) 2CI4 ( OH ) 3 2’3H 2 0 ; 
and darapskite, Na 3 (N0 3 ) (S0 4 )-H 2 0. See Niter; 
Soda niter. 

The natural nitrates are, for the most part, 
readily soluble in water. For this reason they occur 
mo st abundantly in arid regions, particularly in 
South America along the Chilean coast. See Ferti- 
lizer; Nitrogen. [c.s.] 


Nitration 

A substitution reaction in which a nitro group 
( NOj) is introduced into a molecule or ion in 
place of hydrogen or some other atom or group. 

Nitration of aromatic compounds, brought about 
hv treating an aromatic compound with nitric acid 
in a suitable solvent, is the most common type of 
nitration. Nitrations are electrophilic aromatic sub- 
stitution reactions, and are subject to the usual 
directing and activating (or deactivating) effects 
of substituents. Tbe following arc typical nitra- 
tions : 


NO, 


NO, 



+ HN0;i 


TI*SO« 



N i t ro- m -1) i n i troben zone 

benzene 



NO, 


Phenol o-Nitro- p- Nitro- 

phenol phenol 

Nitration reactions are of great practical im- 
portance. Many explosives are nitro compounds; 
an example is 2,4,6-trinitrotoluene (TNT), formed 
by the nitration of toluene. Other nitro compounds 
are useful chemical intermediates; for example, 
appropriate reduction of nitro compounds gives 
amino compounds which are of value in the prepa- 
ration of dyes, pharmaceuticals, polymers, and 
other end products. 

The usual mechanism of nitration involves the 
production of nitroniuin ion (N0 2 + ) from the nitric 
aeid, and then the attack of nitronium ion on the 
compound being nitrated. Sulfuric acid, a common 
solvent for nitrations, brings about 100% conver- 
sion of nitric acid to nitronium ion. In other sol- 
v ents, such as acetic acid or nitromethane. or in 
straight nitric acid, a relatively small fraction of 
the nitric acid is present as nitronium ion at any 
pne time, but more nitronium ion is formed as this 
,nn is consumed by the nitration reaction. Strongly 
activated compounds, such as phenols and aromatic 
amines, can be nitrated in aqueous media in which 
nitronium ion cannot exist in significant amount. 


Such nitrations are catalyzed by nitrous acid; the 
mechanism is one of nitrosation (formation of a 
nitroso compound) followed by oxidation of the 
nitroso compound to a nitro compound. The oxi- 
dizing agent is nitric acid, which is reduced to 
regenerate nitrous acid. 

Nitration of paraffin hydrocarbons is accom- 
plished by the gas-phase reaction of paraffins with 
nitric acid at 420°C. A complex mixture of prod- 
ucts is formed, representing introduction of nitro 
groups at all possible positions, plus fragmentation 
of the original paraffin molecule with production of 
nitro derivatives of lower paraffins. Thus nitration 
of propane gives 1- and 2-nitropropane, plus ni- 
troethane and nitromethane. This gas-phase nitra- 
tion has a free-radical mechanism. See Substitu- 
tion REACTION. [j.F.B.] 

Nitration of cyclic compounds. Nitration of aro- 
matic compounds is generally conducted as a liq- 
uid-phase reaction, and the organic and acid phases 
are immiscible so that agitation is necessary to pro- 
vide adequate contact between the reactants. 
Croups already .substituted on the ring affect the 
electron distribution, which, together with steric 
considerations, affects the ease of nitration as well 
as the specific carbon of the ring at which the nitro 
group attaches itself. Toluene, for example, is 
nitrated much more easily than benzene, but tbe 
introduction of one nitro group on the ring hinders 
further nitration. Nitration reactions are always 
highly exothermic, and about 15-35 kcal/mole of 
heal is evolved. 

Nitrobenzene, often employed in the manufacture 
of aniline and as a solvent, is formed in greater 
than 99% yield by the nitration of benzene using 
mixed acids, for example, 39%, HN0 3 and 55% 
H^SOj. Good heal transfer must be provided when 
such strong acids are employed. Sulfuric acid has 
in the past been considered to he a dehydrating 
agent for removal of the water formed during re- 
action and to allow the reaction to go to comple- 
tion. This interpretation is incorrect because the 
reaction is irreversible (the free energy change is 
large and negative). Instead the sulfuric acid acts 
as a catalyst. When strong sulfuric acid is employed, 
it reacts with nitric acid to produce nitronium ions, 
N0 2 \ These ions are the true nitrating agents in 
the case of the more difficult nitrations, such as the 
di- and trinitration of toluene. The.se ions, however, 
may not be necessary for easier nitrations such as 
the mononitration of toluene, and the mechanism of 
this latter reaction is not known with certainty. 
Perchloric acid, acetic anhydride, hydrogen fluo- 
ride, and boron trifluoride can be used instead of 
sulfuric acid in mixed acids to produce nitronium 
ions. 

Dinitrobenzene is manufactured for reduction to 
m-nitroaniline or m-phenylenediamine. Various 
chloronitrobenzenes, p-nitroacetanilides, and ni- 
trotoluenes, as well as nitrnnaphthalenes. are em- 
ployed as intermediates. They generally require 
stronger mixed acids and give lower conversions 
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and yields than does nitrobenzene because of par- 
tial oxidation. 

Trinitrotoluene (TNT) is a powerful explosive 
which is usually produced in a three-step nitra- 
tion in order to secure economy of the nitrating 
acids, to reduce oxidation, and to secure best yields 
with only two nitrators necessary. The first nitra- 
tion is carried out in the so-called mono house at 
140°F, introducing toluene under agitation and 
with cooling into the cycle acid, followed by mono- 
mixed acid. The use of the cycle acid (last of the 
spent acid from previous batch) saves some nitric 
acid and increases the initial volume to secure bet- 
ter agitation and cooling. The resulting nitration 
product, so called mono oil, is conducted to the 
bi-tri house where binitration is performed at 90- 
180° F using bi-mixed acid. The bi-spent acid is 
settled, drawn off, and fortified to make mono- 
mixed acid. The binitration product is nitrated in 
the same kettle to TNT starting at 180° and end- 
ing at 230° F by the use of tri-mixed acid, following 
which the tri-spent acid is drawn off and sent to the 
fortifier for further use. The hot tri oil is withdrawn 
from the nifrator, crystallized in water, and washed 
in suspension with dilute soda ash solution followed 
by acidulated 16% Na 2 SO;i (Sellite) to remove 
undesirable isomers. After a water wash, the TNT 
is melted, washed, solidified or gained, and flaked 
or filled into shells. Countercurrent handling of the 
various mixed acids (after fortification) increases 
the yield of the TNT and greatly decreases cost. 
Both the UNO.* and NOa'HSOa of the mono-spent 
acid are recovered as oxides of nitrogen by passing 
the spent acid down a tow r er against a rising column 
of steam. The oxides are oxidized with air and dis- 
solved in water to produce recycle nitric acid. The 
sulfuric acid in the bottom of the tower is safely 
concentrated for further use by countercurrent di- 
rect contact with hot combustion gas, thus harm- 
lessly burning the nitrobodies. 

The Schmid-Meissner and the Biazi processes 
are continuous-flow arrangements employing 
stirred-tank reactors that have been successfully 
adapted to the nitration of benzene and toluene in 
Europe. Each reactor in these processes is main- 
tained at the optimum temperature, depending on 
the conversion and acid concentration. Advantages 
claimed for the processes include smaller and 
cheaper equipment for the same production, less 
hazardous operation since the quantities of TNT 
actually in the system at a given time are small, 
and better control of operating variables to mini- 
mize side reactions. 

TNT acids, composition % 


Menu reaction Di reaction Tri reaction 

Com | »ou nd Mixe<1 Rpent Cyc |„ Mixed Spo|lt Mixed Spont 

acid acid acid acid acid acid acid 


H»SO< 

50.4 

56.3 

54 

53.9 


40 

64.5 

HNOi 

14.5 

3.6 

6.6 

13.8 

2.5 

60 

3.9 

NOi-HSOj 

12.8 

14.5 

13.3 

13 



15 

Nitrobenzene* 

2.5 

0.6 

2.5 

11.3 

Reduced 


14.9 

HaO 

19.8 

25.0 

26.6 

8 



1.9 


Tetryl, ammonium picrate, and cyclonite («r 
RDX) are also widely employed as explosives. Cy- 
clonite is cyclotrimethylenetrinitramine, which i s 
relatively safe and a stronger explosive than TNT. 
The latest process used in the United States in- 
volves continuous nitration by passing hexamethyl- 
enetetramine through a 4-in. Pyrex glass pipe ap- 
proximately 600 ft long and introducing strong 
nitric acid, ammonium nitrate, and acetic anhy- 
dride at appropriate intervals. Cyclonite yields are 
70% and higher with strong acetic acid as a by- 
product. 

CsHi*N< + 4HNO;t + 2NH 4 NO, 

+ 6(CHj,CO) 2 0-> 2C,H„0,,N« 4 12CH,C()0H 

Liquid-phase nitration of paraffins. The liquid- 
phase nitration of paraffins is a relatively recent 
development employed for the production of ni- 
trocyclohexane and 2,2-dinitropropane. Nitric acid 
reacts with decreasing reactivity at tertiary, sec- 
ondary, and primary hydrogen atoms. The optimum 
operating variables are approximately as follows: 
temperature, 200°C: pressure, 1000 psi; and 70 f ; 
nitric acid. The reaction mechanism rnay be both 
ionic and free radical in nature. 

Vapor-phase nitration of paraffins. In 195!), the 
first commercial plant for producing nitropnraffiu- 
using a continuous-flow process was completed. 
Propane is nitrated with nitric acid to produce 
1-nitropropane. 2-nitropropane. nitroethane. and 
nitromethane. These compounds find many uses a*- 
solventsyintermediates. and fuels. 

All lighter paraffins can he nitrated in the vapor 
phase, but ethane and especially methane nitrate 
only with difficulty. Propane and higher paraffins 
that contain secondary or tertiary hydrogens nitrate 
readily at 0-100 psi and at approximately 375 
440° C in 0.5 2.0 sec when an excess of the alkane 
is employed. Under these conditions, any hydrogen 
or alkyl group of the alkane can be replaced with a 
nitro group, and conversions of nitric acids to 
nitroparaflins are as high as 40%. The reaction oc- 
curs by a free-radical and probably a chain mecha- 
nism as follows: 

HNO, -+ .OH + -N0 2 (l) 

RH + .OH — R- + H,0 (2) 

R . + HNO, -> RN0 2 + -OH (3) 

where reaction ( 1 ) is the chain-initiating step, and 
reactions (2) and (3) are the chain steps. 

Conversions as high as 70% are possible when 
oxygen or halogens are added in relatively small 
amounts to the reactant gases in order to increase 
the free-radical concentrations of the reacting 
gases. The nitroparaffin product obtained contain* 
a higher concentration of nitromethane when oxy- 
gen is used and when the temperature in the reactor 
is relatively nonisothermal, but more nitropropancs 
are produced when halogens are employed and with 
good temperature control. In all cases, but espe- 
cially when oxygen is employed, some oxygenated 
hydrocarbons are produced, but no disubstituted 
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nitro compounds are obtained with the vapor-phase 
process. Difficulty has been encountered in main- 
taining temperature control in a tubular reactor, 
but the exothermic heat of reaction can be used to 
furnish the latent heat for vaporizing cold liquid 
nitric acid which is sprayed into the hot gases. This 
reactor, although essentially adiabatic, maintains 
good temperature control. 

Miscellaneous nitrations. Nitrogen dioxide can 
be used to nitrate paraffins and olefins, but ap- 
parently no commercial processes are employed. 
Propane reacts with nitrogen dioxide to produce a 
nitroparaffin product with a high concentration 
(about 72%) of 2-nitropropane, but conversions 
are low. Nitrogen dioxide undergoes addition re- 
actions with olefins to produce dinitro alkanes and 
nitro nitrates. Olefins can be nitrated with nitric 
acid to produce nitroolefins, nitro alcohols, and the 
^iibsequenl nitro nitrate esters. 

The classic Victor Meyer method involving the 
reaction of silver nitrite with alkyl chlorides is used 
for the laboratory preparation of aliphatic nitro 
compounds. A technique employing alkali metal 
nitrites such as NaN0 2 , LiNOa, and KN0 2 has been 
perfected, in which a solvent such as ethylene 
glvcol, water, or other hydrogen-donating solvent 
\< used. Other nitrating agents that find limited 
laboratory use include nitryl chloride and nitrogen 
pentoxide. See Unit processes. [l.f.a.; R.n.s.] 

bibliography: P. H. Groggins (ed. ). Unit Prov- 
isos in Organic Synthesis , 5th ed.. 1958; R. E. 
Kirk and D. F. Othmer (eds. ). Encyclopedia of 
(Jicmical Technology , 15 vols., 1947 1956. 

Nitric acid 

A strong mineral acid having the formula HNOa. 
Pure nitric acid is a colorless liquid with a density 
of 1.52 at 25°C; it freezes at — 47°C. Nitric acid is 
used in the manufacture of ammonium nitrate and 
phosphate fertilizers, nitro explosives, plastics, 
dyes, and dacquers. The principal commercial proc- 
ess for the manufacture of nitric acid is the Ost- 
wald process, in which ammonia (NH 3 ) is cata- 
lytically oxidized with air to form nitrogen dioxide 
' NO,). When the dioxide is dissolved in water, 
60 r ;J nitric acid is formed. Production of 90- 
R)0% nitric acid is based on processes such as the 
reaction of sulfuric acid with sodium nitrate (an 
older method of nitric acid manufacture), dehy- 
dration of 60% acid, and oxidation of nitrogen 
dioxide in a solution of dilute nitric acid. 

Nitric acid decomposes readily as follows: 

2HNOs H 2 0 + 2N0 2 4- %0 2 

^ is a strong oxidizing agent, oxidizing carbon to 
p arbon dioxide, sulfur to sulfuric acid, and phos- 
phorus to phosphoric acid. It reacts with most 
Metals ; products depend on the metal’s electromo- 
series position and nitric acid concentration. 
^Ammonia; Nitrogen; Nitrogen oxides; Oxi- 
0I «NC AGENT. [F.J.J.] 

Bibliography: Frank Douglas Miles, Nitric 
And. 1961 . 


Nitride 

A binary compound of nitrogen with elements less 
electronegative than nitrogen. Common practice, 
however, is tc exclude azides (such as NaNa) in 
which specialized bonding exists among the nitro- 
gen atoms, and the binary compounds with hydro- 
gen, the halogens, and the oxygen group elements. 
With this limitation, essentially solid nitrides will 
be encountered. 

Direct reaction of group la metals with nitrogen 
yields azides, which can be decomposed by heating 
(cautiously, to avoid explosion) to form the nitrides 
Li:*N, Na*N, K.<N, Rb 3 N, and Cs 3 N. These nitrides 
decompose to nitrogen gas and the elements in the 
vicinity of 400°C; they react with water vapor to 
liberate ammonia (NH 3 ) and form the metal hy- 
droxides. 

The nitrides of the group Ila elements (Be 3 N 2 , 
Mg 3 N 2 , Ca 3 N 2 , SraN 2 , and Ba 3 N 2 ) may he pre- 
pared by direct reaction of the element with nitro- 
gen 

N 2 4- 3Be Be 3 N 2 
or with ammonia 

2NH ;{ 4- 3Be — * Be 3 N 2 4- 3H 2 

at elevated temperatures. A convenient preparation 
is by heating the amides, for example, 

3Ba (NH 2 ) 2 — > BaaNo 4- 4NH 3 

These nitrides begin to melt and decompose to the 
elements and nitrogen gas in the vicinity of 1000°C, 
except for Be 3 N 2 which melts at about 2200°C; 
they react with water in the same fashion as noted 
above for the alkali metal nitrides. 

The nitrides of the group Ilia metals and of the 
lanthanide and actinide elements (ScN, YN, LaN, 
CeN, PrN, NdN. CdN, ThN, Th a N», PaN 2 , UN, 
U 2 N 3 , UN 2 , NpN, and PuN) are quite stable to 
temperatures in the vicinity of 1500°C and much 
higher in some cases. The nitrides of the group 
IVa metals (TiN, ZrN, and HfN) and of the group 
Va metals (VN, V 2 N, CbN, Cb 2 N, TaN, and Ta 2 N) 
are also quite stable; however, those of group Via 
(ON, OjN, Mo 2 N. and W 2 N) and of group Vila 
(Mn.»N, Mnj*N 2 , and Mn 3 N 2 ) are less stable. All 
of these may be prepared by direct reaction of the 
metal with nitrogen gas. The compositions of a 
number of these nitrides vary over an appreciable 
range from the simple definite proportions indi- 
cated by the formulas given. When these nitrides do 
decompose from heating, they yield N 2 gas. 

Nitrides of the group Villa metals (Fe 2 N, Fe 4 N, 
Co 2 N, Co fl N, and Ni 3 N) are of very low stability 
and are best prepared by reaction of the metal with 
ammonia gas. Ni 3 N will decompose to the jnetal 
and nitrogen gas at 1 atm pressure at about 450° C. 
Cu 3 N, Zn 3 N 2 , Cd 3 N 2 (indirect preparation), and 
InN are even less stable. GaN, however, is quite 
stable. 

The elements Ag, Au, Hg, Tl, Sn, Pb, Sb, and Bi 
do not form nitrides. 



106 Nitrile 


AIN, SigN^ GeaN*, and P3N5 are quite stable, 
and BN exceptionally so (sublimation point above 
3000°C). See Azide; Nitrogen; Oxide. [r.k.e.] 

Nitrile 

One of a group of organic chemical compounds, of 
general formula R-C^fN. The aliphatic nitriles 
containing up to 14 carbon atoms are liquids of 
high dielectric constant, and they are used as sol- 
vents. 

A nitrile is named from the acid to which it can 
be hydrolyzed by adding the suffix onitrile to the 
acid stem or as a cyanide of the group attached to 
CN. Thus, CH3--CN is acetonitrile or methyl cya- 
nide. 

Nitriles hydrolyze to acids in either basic or 
acidic solution. They may be reduced by chemical 
agents or by catalytic hydrogenation to primary 
amines (often accompanied by secondary amines 
in the second case). Nickel and cobalt are the 
best catalysts: 

RCN + Oir f H 2 () — RCOO " + NII 3 
RCN + H+ 4- 2H 2 0 -4 RCOOH 4- NH 4 + 


The dehydration of acid amides or oximes with 
phosphorus pentoxide or acetic anhydride in either 
the aliphatic or aromatic series serves as another 
preparative method. 

3RCONH, + P 2 0 6 3RCN + 2H 3 P0 4 
RCH=NOH 4- (CH 3 C0) 2 0 — RCN + 2CH a C00H 

For properties of two important members of the 
group, see Acrylonitrile; Adiponitrile. See also 
Amine; Carboxylic acid; Oxime. [l.b.c.] 

Nitrite 

The negative ion, N0 2 , derived from the unstable 
nitrous acid, HN0 2 . Because of the intermediate 
oxidation state of nitrogen in nitrites (3*+), the 
ion can act as either an oxidizing or reducing agent. 

Most nitrites are water-soluble. Sodium and 
potassium nitrites are quite stable and find exten- 
sive use in dyestuff manufacture and organic syn- 
thesis. 

Sodium nitrite is produced by passing nitric 
oxide and nitrogen dioxide into sodium hydroxide 
as follows; 


Grignard reagents add to nitriles to give ketones 
(after hydrolysis) : 


RCN + K'M K X — RR'C--NMgX - ^ RCOR' 

In the presence of lithium amides a,c>-dinitriles 
undergo base-catalyzed condensation to cyclic 
cyanoimines, which can be hydrolyzed and decar- 
boxylated to cyclic ketones (Thorpe reaction). 
Cyclic ketones with very large rings can be pre- 
pared by this method. 


NC(CH,)„CN — (CH 2 )„ C--NH 


1 -CH— CN 

(CH 2 ) n 0=0 Heat; [ 1 

| * (CE 2 ) n C0 

-CH— COOH j ] 


The formation of cyanides from alkyl halides is 
an important chain-lengthening reaction in organic 
synthesis. It proceeds frequently from an available 
alcohol : 


ROH — RX — RCN 


The reaction is practical only with primary ali- 
phatic halides, since the alkali cyanides are fairly 
strong bases and eliminate HX from secondary or 
tertiary alkyl halides. 

Aromatic nitriles are made by replacement of a 
sulfonate group with alkali cyanide and by dis- 
placement of a diazotized primary amine group 
with the cyanide group in the presence of cop- 
per (I) cyanide (Sandmeyer reaction) or copper 
powder (Gattermann reaction). 

ArSOaNa + NaCN Fu,i °" ArCN 4- NajSOj 
ArNHj -5^ ArN 2 + Cu ArCN 

NaCN 

Gattermann reaction 


NO + NO* + 2NaOH ^ 2NaN0 2 + H 2 0 


When nitrite solutions are acidified by strong 
acids, this reaction is reversed with the evolution 
of a mixture of gases, and some nitrate may also be 
formed in the decomposition. 

The presence of the nitrite ion is detected by the 
formation of the brown Fe(NO) M ion. See Ni- 
trate; Nitrogen. [e.e.wr.] 


Nitro and nitroso compounds 


Nitro compounds are derivatives of organic hydro- 
carbons having one or more — N0 2 groups with 
nitrogen to carbon bonding. They differ from the 
oxygen-linked nitrites which are esters. The group 
lacks enough electrons to form double bonds with 
both oxygens. However, both oxygens react alike, 
hence the bond is regarded as a resonance hybrid 
of single and double bonds. 

Aromatic nitro compounds, known for over 100 
years, have been used chiefly as dye intermediates, 
explosives, and pharmaceuticals. They are formed 
readily by the reaction of aromatic compounds with 
nitric acid; H is replaced by the -N0 2 group, for 

example, n- -N0 2 . Nitro groups are electron- 


attracting; they impede the introduction of further 
substituents, and direct them to meta positions. 
Nitration is aided by elevated temperature and by 
the presence of concentrated sulfuric acid, because 
of the latter’s affinity for the water formed as well 
as its reaction with nitric acid to form nitronium 
ion (N0 2 + ). This ion readily displaces an aromatic 
H atom. Compounds having electron-donating 
groups (CHs — in toluene) are nitrated readily in 
the ortho and para positions. See Nitrobenzene. 

Nitro compounds may be reduced by hydrogen 
to form primary amines. In cool neutral solutions 
the product may be hydroxylamine, and in alkaline 
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media it may be an dzoxy, azo, or hydrazo deriva- 
tive. Dinitrobenzene may be partially reduced to 
m-nitroaniline. Ortho and para isomers are formed 
bv nitrating chlorobenzene, and subsequently re- 
placing the Cl with NH 2 from ammonia. The use of 
water instead of ammonia gives 2,4,6-trinitrophenol 
or picric acid, a high explosive. Complete nitration 
ot toluene gives trinitrotoluene (TNT). 

Aliphatic nitro compounds are prepared with dif- 
ficulty, and have grown in importance only since 
the development of vapor-phase nitration of hydro- 
carbons with nitric acid vapors at 420°C. Other 
preparative methods include the oxidation of 
oximes and reaction of alkyl halides with sodium 
nitrite. The aliphatic nitro compounds, or nitro- 
alkanes, are colorless, high-boiling, and soluble in 
organic solvents but only slightly soluble in water. 
The electron-attractive nitro groups decrease C II 
bond strength on the adjacent (a-) carbon, making 
nitroalkanes somewhat acidic and prone to hydro- 
gen displacement. Nitroalkanes may be reduced to 
amines or hydrolyzed slowly to acids; unlike aro- 
matic nitro compounds, they do not explode readily. 
,s re IMithoparakitn. 

Nitro. so compounds contain the NO group at- 
tached to carbon or nitrogen. Many are unstable in- 
termediates, for example, nitrosobenzene formed 
during the reduction of nitrobenzene. Nitrosoben- 
mw can be prepared by oxidizing phenylhydroxyla- 
mine with dichromate and sulfuric acid. It is color- 
less and crystalline, but it forms a green solution. 
Tertiary amines will react with nitrous acid to form 
amine salts which lose water to give R.iN — NO. 
Nitroso compounds give identifying red, blue, and 
white colors with primary, secondary, and tertiary 
nitro compounds respectively. Sec Nitration. 

[ A.L.H.] 

Nitrobacteriaceae 

Hie nitrifying bacteria, a family of the order 
rVudoinonadales which live autotrophically, de- 
rive energy from the oxidation of either ammonia 
to nitrite, or nitrite to nitrate, and obtain carbon 
for growth from carbon dioxide. They are the agents 
of nitrate formation in nature. These bacteria are 
classified in the order Psetidomonadales because 
their motile cells have polar flagella, and placed 
in the suborder Pseudornonadineae because they 
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Nitrosococcus Nitrosospira Niirosogloea 
Representative genera of the Nitrobacteriaceae. (V. 8. 

^ Slcerman) 


are not photosynthetic. Seven genera are recog- 
nized ; six of these are shown in the illustration. 

Five genera of ammonia-oxidizing bacteria have 
been described: Nitrosomonas , Nitrosococcus , Ni - 
trosorystis, Nitrosospira and Nitroso gloea. Very 
little is known about the last four genera. 

Nitrosomonas europaea Winogradsky is the best- 
known ammonia oxidizer and is widely distributed 
in arable soils. It has oval cells, about 1 by 0.8 
micron (/i), which in some strains are massed to- 
gether in a zoogloea, a colony of organisms em- 
bedded in a slimy substance. Motile “swarm cells” 
with one polar flagellum sometimes appear. This 
species does not form spores but grows in charac- 
teristic tiny colonies, only 100a in diameter. Nitro - 
sonionas monocella Nelson does not form a zoo- 
gloea, and has motile cells, each with a very long 
flagellum. 

Two nitrite-oxidizing genera are known, Nitro - 
barter and Nitrocystis . The common soil species is 
Nitrobacter Winogradsky i Winslow et ah, which is 
named for the Russian bacteriologist, Sergei Wino- 
gradsky (1856-1953), who first isolated* nitrifying 
bacteria and discovered their autotrophic nature. 
It has oval cells about 0.8 by 0.7 /i, does not form 
a zoogloea, is nonsporeforming and nonmotile. The 
colonies are about 200/x in diameter. There is also 
a motile species, Nitrobacter agile Nelson. See 
Bacteria, taxonomy of; Bacterial nutrition; 
Nitrogen cycle; Pseudomonaijales; Pseudo- 

MONADINEAE; ScilVZOM YCRTES ; SOIL MICROBIOLOGY. 

Ij.m.] 

Nitrobenzene 

A very pale yellow liquid with a sweet, but sicken- 
ing odor. It boils at 210.9°C and freezes at 5.6 to 


NO, 



4 


5.7°C. It is produced by the nitration of benzene 
with a mixture of nitric and sulfuric acids. 

Nitrobenzene undergoes substitution reactions 
hut requires more vigorous conditions than does 
benzene. Substitution takes place at the meta (3) 
position. 

Most of the nitrobenzene produced is reduced 
to aniline, but other dye intermediates including 
benzidine and metanilic acid are also prepared 
from it. The great toxicity of nitrobenzene impairs 
its usefulness as a solvent for organic compounds. 
If it is absorbed through the skin and if the vapor 
is inhaled, it may produce cyanosis. See Aromatic 
hydrocarbon; Benzene; Nitration. [c.k.b.] 

Nitrofuran 

One of a group of 5-nitro substituted compounds 
of furan which have antimicrobial properties. Since 
1925 furan and its derivatives have been investi- 
gated for possible antimicrobial properties. In 
1944 it was shown that a 5-nitro substituent greatly 
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enhances the potency in a series of furans, and 
the most active compound was 5-nitro-2-furalde- 
hyde semicarbazone, later called nitrofurazone. 

JLqJj o j nJ vo JL-ch=nn-c-nh j 

1 

Furan Nitrofurazone 


Nitrofurazone has a broad spectrum of antibacte- 
rial potency. A concentration of one part in 50,- 
000 has a bactericidal action effective against 
many types of bacteria. Because of its systemic 
toxicity, it is used mainly as a topical germicide. 
Its only shortcoming in this application is its 
tendency to produce allergic manifestations in 
certain sensitized individuals. 

Two other clinically important nitrofuran deriva- 
tives have been introduced. One is nitrofurfuryl 
methyl ether, used as a topical fungicide. The 
other is the first nitrofuran designed for systemic 
administration, N- (5-nitro-2-furfurylidene) -1-ami- 
nohydantoin, or nitrofurantoin. 

0 2 N -t () J -CH 2 OCII 3 

Nitrofurfuryl methyl 
ether 


O 



C 

/ \ 

N— N NIT 


CII 2 — 0-0 


Nitrofurantoin 


This compound is advocated particularly for re- 
fractory urinary tract infections because, in addi- 
tion to its broad antibacterial spectrum, it con- 
centrates in an acidic urine. See Chemotherapy. 

[n.j.g.] 


Nitrogen 

A chemical element, N, atomic number 7, and 
atomic weight 14.008. Nitrogen, a gas under normal 
conditions, is the lightest element of periodic 
group Va (nitrogen family). 

Occurrence. Molecular nitrogen is the principal 
constituent of the atmosphere (78% by volume of 
dry air), in which its concentration is a result of 
the balance between the fixation of atmospheric 
nitrogen by bacteria], electrical (lightning), and 
chemical (industrial) action, and its liberation 
through the decomposition of organic materials by 
bacteria or combustion. In the combined state, 
nitrogen occurs in a variety of forms. It is a con- 
stituent of all proteins (both plant and animal) as 
well as <»f many other organic materials. Its chief 
mineral source is sodium nitrate. An important 
source of this mineral is located in the arid regions 
of northern Chile. 


Preparation of the element. The methods for 
the preparation of elementary nitrogen may be 
grouped into two classes, separation from the 
atmosphere and decomposition of nitrogen com- 
pounds. The industrial method for the production 
of nitrogen is the fractional distillation of liquid 
air. Nitrogen containing about 1% argon and traces 



of other inert gases may be obtained by the chemi- 
cal removal of oxygen, carbon dioxide, and water 
vapor from the atmosphere by appropriate chemi- 
cal reagents. 

The following chemical reactions have been used 
to prepare nitrogen. 

When a saturated solution of sodium nitrite i*- 
mixed with a hot, saturated solution of ammonium 
chloride, the reaction which occurs is 

NHj f HNOss — » No + 2H-0 

Ainfnonia gas is oxidized by passing it through 
bromine water, and the resulting gaseous mixture 
separated by passing it through a series of reagent- 
to absorb unreacted bromine, water vapor, and 
ammonia. The reaction is 

2 NH 4 3Br, N 2 + 6 H' 4 6 Br 

Other oxidants which may be used on ammonium 
salts include dichromate ion, ozone, fluorine, and 
manganese dioxide. 

The thermal decomposition of very dry barium 
azide or sodium azide yields spectroscopically puie 
nitrogen : 

Ba ( N;i ) 2 Ba 4" 3N 2 

Ammonia gas will react with hot metal oxides, 
for example, 

3CuO 4- 2NH :1 3Cu 4- 3H s O 4- N 2 
to yield nitrogen. 

Catalytic decomposition of ammonia on hot plat- 
inum produces nitrogen and hydrogen. 

The reaction of 9ulfamic acid (or urea) with 
nitrite ion yields nitrogen. 

NH2SO3H + N0 2 -> N 2 4- HSOr + H 2 0 

Industrial application. Because of the impor- 
tance of nitrogen compounds in agriculture and 
chemical industry, much of the industrial interest 
in elementary nitrogen has been in processes for 
converting elemental nitrogen into nitrogen com* 
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pounds. The principal methods for doing this are 
t | lf Haber process for the direct synthesis of am- 
monia from nitrogen and hydrogen, the electric- 
ar r process, which involves the direct combination 
of N 2 and O 2 to nitric oxide, and the cyanamide 
process. Nitrogen is also used for filling bulbs of 
incandescent lamps and, in general, wherever a 
relatively inert atmosphere is required. 

Atomic properties. The outer electron shells of 
the atoms of group Va elements have configurations 
of the type ns 2 np*. The normal configuration of the 
nitrogen atom is l.s 2 2s-2p 3 . Nitrogen is the most 
electronegative of the elements of this family (3.0 
on the Pauling scale) and is a typical nonmetal in 
its reactions. The ionization potentials of the nitro- 
gen atom are sufficiently high (first, 14.34 ev; sec- 
ond. 20.603; third, 47.426; fourth, 77.430; fifth, 
07.863; sixth, 331.923) to prevent the nitrogen 
atom from forming positive ions under the ordi- 
nary conditions of chemical reaction. However, 
nitrogen atoms may, under some conditions, take 
up electrons to form N ;t ions. The crystal radius 
of thi« ion (Pauling scale) is 1.71 A. The covalent 
radius of tricovalent nitrogen on the Pauling scale 
is 0.74 A. 

Nuclear properties. Nitrogen, as it occurs in 
nature, consists of two isotopes, N 14 and N ir \ in 
the abundance ratio of 99.633 lo 0.363. In addition, 
the radioactive isotopes N 1J , N 13 , N lc \ and N ’ 1 
have been made by a variety of nuclear reactions. 
Thp first two are positron emitters and have half- 
lives of 0.0123 see and 9.93 min, respectively. N lfi 
and N 17 are electron emitters and have half-lives 
of 7.33 sec and 4.14 sec. respectively. Unfortu- 
nately, none of these has a sufficient lv long half- 
life for convenient use as a tracer. 1V , '\ however, 
has been employed as a tracer by using nitrogen in 
whic h N 1! * has been concentrated and by following 
the reaction by mass-spectrometric techniques. 

Molecular nitrogen. At standard temperature 
and pressure, elemental nitrogen exists as a gas 
with a density of 1.23046 g/1. This value indicates 
that the molecular formula is N 2 . The N 2 molecule 
in its ground state has a magnetic susceptibility of 
- 0.430 X 10 ° at 25°C, and therefore, has no re- 
sultant electronic angular momentum of either the 
orbital or spin variety. The electronic formula 
' N : : : N : , indicating a triple covalent bond, is 
commonly written for the molecule. The inter- 
atomic forces in the N 2 molecule are very high, as 
l'' indicated by a comparison of the interatomic 
distance in N 2 , 1.095 A, with twice the single- 
bond covalent radius of nitrogen (2 X 0.74 A = 
U48 A). The energy of dissociation of the. N 2 
molecule into atoms as determined spectroscopi- 
cally is 170.275 kcal/mole at 0°K. Spectroscopic 
studies indicate that, at ordinary temperatures, mo- 
lecular nitrogen consists of molecules with sym- 
metrical and antisymmetrical nuclear spins in the 
ratio 2:1, respectively. Because the nitrogen mole- 
cule is both very stable and highly symmetrical, 
mtermolecular forces are very small. The following 
phase changes have been determined for molecular 


Table 1. Properties of nitrogen 


Property 


Value 


Heat of transformation 
(of-#) 

Heat of fusion 
licat of vaporization 
Critical temperature 
Critical pressure 
Density: a-forin 
/3-form 
Liquid 


54.71 cnl/mole 


172.3 cul/mole 
1332.9 cal /mole 
126.26 ± 0.04°K 
33.54 ± 0.02 atm 
1.0265 K/ml at -252.6°C 
0.8792 g/nil at -210.0°C 


1.1607 - 0.0045 T {T ~ aha. 
temp.) 


nitrogen at standard atmospheric pressure (Ta- 
ble 1 ). 


— 237.48°C -209.9C>°C 

N2(8olid or) t — -- N2(so1h1 ft) * 

oubio hexagonal 

- 19f>.78°C 

N2(liquid) •< * N2 (bhb) 

Elemental nitrogen is quite unreaclive toward 
most common substances at ordinary temperatures. 
At high temperatures, molecular nitrogen (N 2 ) re- 
acts with chromium, silicon, titanium, aluminum, 
boron, beryllium, magnesium, barium, strontium, 
calcium, and lithium (hut not the other alkali met- 
als) to form nitrides; with 0 2 to form NO; and at 
moderately high temperatures and pressures in the 
presence of a catalyst, with hydrogen to form am- 
monia. Above 1800°C, nitrogen, carbon, and hydro- 
gen combine to form hydrogen cyanide. 

When molecular nitrogen is subjected to the ac- 
tions of a condensed electrode discharge or to a 
high-frequency elect rodeless discharge, it is par- 
tially changed to an activated, unstable condition, 
from which, on standing, it returns to its normal 
state with the emission of a golden- yellow after- 
glow. Activated nitrogen is more reactive than ordi- 
nary nitrogen, as indicated by the following reac- 
tions: 


n / 1 • v NV j P4(red) 

1 4 (white) > | Phosphorus nitride 

6Na + N 2 * 2Na 3 N 

2NO + N 2 * — 2N 2 + 0 2 

HC=C1I 4 N 2 * -- 2HCN 


Ns* 

h 2 c-ch 2 -- U 


HCN (chief product) 
C 2 H 6 

ch 4 

HG=CH 

(CN)t 


Hi . (HCN. HC1 (chief products) 
Alkyl chlorides — — ► | Olefins, polvmers containing 
[ C, H, N, and Cl 


Active nitrogen is believed to consist principally 
of nitrogen atoms in the ground state, and its supe- 
rior chemical reactivity is believed to result from 
the presence of reactive free nitrogen atoms. 

Compounds of nitrogen. The elements of the ni- 
trogen family exhibit in their compounds three 
principal oxidation states, —3, + 3, and 4-5. These 
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Table 2. Compounds of nitrogen 


Oxidation state Examples 


+5 

N*0 6 , HNOj, nitrates, N0 2 X 

44 

N 2 0 4 2 NO 2 

43 

N 2 ()j, 1 1 NO,, nitriles, NOX, NX, 

42 

NO, Na 3 N0 2 , nitrohydroxylamatcs 

+1 

NaO, H 2 N 2 O 2 , hyponitrit.es 

0 

N, 


IINj, azides 

-1 

NlltOlf. hydroxylammonium salts 

-2 

NIIaNlla. hydraziniuni salts, hydra- 
zides 

-3 

Nfl lt , ammonium salts, amides, 
imides, nitrides 


states are readily correlated with electronic con- 
figurations. For example, the +3 state involves the 
p 3 electrons. All the elements of the nitrogen fam- 
ily form hydrides of the formula 

H 

H M : II 

+3 oxides, +5 oxides, *f3 halides (MX : <), and, 
except for nitrogen and bismuth, -\ 5 halides 
(MXf,). Nitrogen is the most nonrnetallic element 
in the nitrogen family; in addition, it stands apart 
from the other elements of the family in three other 
important ways. (1) The valence shell of the nitro- 
gen atom is limited to four orbitals (one s and 
three p; hence, the maximum covalence of nitro- 
gen is four. (2) Nitrogen is capable of forming 
double bonds involving its p orbitals, whereas other 
members of the family have much less tendency to 
do this. Therefore, double bonds are common in 
nitrogen chemistry. (3) The small size of the nitro- 
gen atom limits its coordination number because of 
steric factors; thus, o-nitric acid, H :i NOi. has not 
been prepared. Table 2 lists the principal classes 
of inorganic nitrogen compounds. Thus, in addition 
to the typical oxidation states of the family (—3, 
4-3, and 4-3), nitrogen forms compounds with a 
variety of additional oxidation states. See Amink; 
Ammine; Ammonia; Atmospheric gases, produc- 
tion of; Hydrazine; Nitric acid; Nitride; Ni- 
trogen oxides. Fh.h.s.] 

Bibliography : M. C. Sneed et al. (eds.), Coni’ 
prehensive Inorganic Chemistry , vol. 5, 1956. 

Nitrogen cycle 

The continuous cyclic exchange between combined 
nitrogen in the soil and molecular nitrogen in the 
atmosphere. It includes all the transformations con- 
cerned in the mineralization of nitrogenous organic 
substances and in the loss or gain of nitrogen by 
the soil. 

Soil nitrogen occurs naturally in organic and in- 
organic forms as a result of plant, animal, and 
microbial growth. Nitrogen is stored in soil pri- 
marily in organic combinations not utilizable by 
higher plants, but made available as ammonia 
through the activities of soil microorganisms. The 
ammonia may be used by both higher plants and 
microorganisms either directly or after oxidation 
to nitrate-nitrogen. Both ammonia and nitrate may 


be lost from soil by leaching or through microbial 
action. Soil gains nitrogen chiefly through the addi- 
tion of fertilizers and through microbial fixation of 
atmospheric nitrogen. The nitrogen cycle comprises 
the processes of ammonification, nitrification, deni- 
trification, and nitrogen fixation. 

Some authorities further subdivide ammonifica- 
tion into proteolysis (protein degradation to amino 
acids) and ammonification, and nitrification into 
nitritation (formation of nitrite from ammonia) and 
nitratation (formation of nitrate from nitrite). 

Ammonification. Ammonification refers to the 
release of nitrogen as ammonia from organic com- 
pounds in plant, animal, and microbial residues. 
This is accomplished chiefly under aerobic condi- 
tions through the participation of bacteria, fungi, 
actinomycetes, and other microscopic forms of life. 
The first step in the process involves the hydrolytic 
cleavage of proteins, nucleic acids, and related 
compounds to amino acids and other simple nitro- 
genous substances. These are then broken down to 
ammonia. Uric acid and urea, the excretory prod- 
ucts of animals, are rapidly mineralized. The am- 
monia-nitrogen liberated through microbial action 
is in excess of the requirements of these organism^ 
for growth. Consequently when a substance that is 
high in nitrogen, such as protein, is added to a soil, 
considerable ammonia is liberated, whereus a sub- 
stance relatively low in nitrogen, such as straw, 
yields comparatively little, if any, ammonia. Fur- 
thermore, if an excessive amount of nonnitrogenou^ 
carbonaceous material, for example, carbohydrate, 
is added to a soil, much available nitrogen, such as 
nitrate or ammonia, will he used by the rapidly 
developing microbial population, thus dec reasing 
the available supply for higher plants. Not all 
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organic nitrogen is ammonified, however; a certain 
portion is retained in slowly decomposable com- 
plexes and becomes an integral part of the residual 
soil organic matter or humus. 

Nitrification. Nitrification is the bacterial oxida- 
i ion of ammonia to nitrate, the chief source of 
readily available nitrogen for higher plants. It con- 
sist* of two steps: first, ammonia is oxidized to 
nitrite by organisms of the genera Nitrosomonas 
and Nitrosococcus , and second, the resulting nitrite 
iV oxidized to nitrate by Nitrobacter (see Nitro- 
b\ctfrackak). These highly specialized, auto- 
trophic bacteria obtain their energy from these oxi- 
dations and their carbon from the carbon dioxide 
of the atmosphere. Generally the process of nitrite 
oxidation is faster than that of nitrite production, 
so that the level of nitrite in soil is too low to induce 
toxic effects. The few types of microbes known to 
be involved in nitrification require a much more 
restricted set of conditions for optimal activity than 
do the many types engaged in amnion ifieation. A 
well-aerated, fertile, neutral to slightly alkaline soil 
will provide optimum conditions for nitrification. 
The nitrate so formed is utilized by plants and 
microorganisms, or may be lost from the soil by 
leaching. Under anaerobic conditions, nitrate may 
be reduced by the soil microflora. 

Denitrification. In denitrification nitrate-nitrogen 
i* reduced to nitrite, nitrous oxide, ammonia and, 
principally, molecular nitrogen. Under conditions 
of low oxygen tension a variety of soil microorgan- 
isms utilize nitrate as a source of oxygen and re- 
duce it to forms which may he lost by leaching or 
mav escape as gas into the atmosphere. The absence 
of oxygen, as in waterlogged soil, and the presence 
of an abundant supply of soluble organic matter 
provide favorable conditions for this process. Nor- 
mal agricultural soil is well-aerated, not too moist, 
and contains moderate amounts of organic matter 
or nitrate. Here, denitrification is of little economic 
importance. 

Nitrogen fixation. Molecular atmospheric nitro- 
gen is returned to the soil primarily by man. 
through chemical fixation, and by soil microorgan- 
isms through biological fixation. Biological nitrogen 
fixation is accomplished by symbiotic and nonsym- 
biotic microorganisms. The symbiotic organisms are 
bacteria living in the nodules of leguminous plants 
and belong to the genus Rhizobium. The nonsym- 
biotic organisms are free-living bacteria which 
function either aerobically, as Azotobacter , or an- 
aerobically, as Clostridium (see Azotobacter- 
aceae; Bacillaceae; Rhizobiaceae). Certain 
blue-green algae such as Nostoc , Anabaena , and 
C'dothrix species can fix atmospheric nitrogen. 
Several other groups of bacteria, including photo- 
synthetic types, and fungi possess this charaeter- 
15 J*° to a limited degree, as has been demonstrated 
w *th isotopic nitrogen. The most important of the 
n jtrogen-fixing bacteria are those that produce nod- 
ules on the roots of legumes such as peas, beans, 
alfalfa, and clover. In this mutualistic association 
* e y may add wjell over 100 lb of atmospheric nitro- 
gen to an acre of soil annually; soils are usually 
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Fig. 2. Effect of inoculation with two strains of 
Rhizobium leguminosarum on growth of peas. 


inoculated with active preparations of these organ- 
isms wherever legumes are grown. Figure 2 shows 
the effect of inoculating cultures of symbiotic nitro- 
gen-fixing bacteria on the development of peas. The 
nonsym biotic forms, such as Azotobacter and Clos- 
tridium , fix much less nitrogen, with a fair average 
in fertile soils being about 10 Ib/acre annually. 
Under certain conditions in the tropics, blue-green 
algae contribute significant amounts to the soil. See 
Soil mk.robioi.ocy; Soil microorganisms; Soil 

MINERAL (MICROBIAL UTILIZATION ) . [H.K.] 

Nitrogen excretion 

In the quest for sufficient food energy to meet ca- 
loric requirements, animals ingest more nitrogen, 
largely as amino acids, than they require. Accord- 
ingly, the excess nitrogen ingested must be ex- 
creted in some form. Through the action of a series 
of related enzymes called transaminases, virtually 
all metabolic nitrogen can be transferred to 
o'-ketoglutaric acid to form glutamic acid. Thus 
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Regenerative cycles in urea biosynthesis. 


Under the influence of glutamic dehydrogenase, 
glutamic acid may be oxidized by the coenzyme 
diphosphopyridine nucleotide (DPN) with the re- 
formation of o-ketnglutaric acid plus ammonia. 

Glutamic acid + DPN* 

^ or-Ketoglutaric acid 4 DPNH 4- NHi* (2) 

Many marine species simply excrete this ammonia 
as such in their urine, whereas most terrestrial ani- 
mals first convert the ammonia into urea. To ac- 
complish this transformation, advantage is taken 
of the enzymically catalyzed metabolic sequence by 
which the amino acid arginine is synthesized from 
ornithine, a sequence common to almost all living 
forms. It is adapted for urea synthesis by mammals, 
reptiles, and other forms by the additional presence 
in liver of the enzyme arginase which catalyzes the 
hydrolysis of arginine to urea plus ornithine which 
is then available for recycling. *S>c Urka. 

Urea cycle. The initial step is catalysis of the 
formation of carbamyl phosphate from ammonia. 
COo, and adenosine triphosphate (ATP) by car- 
bamyl phosphate synthetase. The mechanism of 
this reaction is not understood but it is known to 
require the presence of an yV-acylglutamate and 
an additional molecule of ATP. 


NH y 4- C0 2 4 2ATP-* H 2 N -CO— OPO,H 2 

+ H 2 OPO:f 4- 2ADP (3) 

Carbamyl phosphate 

The carbamyl phosphate is then caused to react 
with ornithine under the influence of ornithine 
transcarhamylase with the formation of citrulline 
plus orthophosphate, a reaction shown in Eq. (4). 
The second atom of nitrogen necessary for urea 
synthesis is then introduced in a complex reaction 
whereby aspartic acid and citrulline condense to 
form argininosuccinic acid, the energy being de- 
rived from another molecule of adenosine triphos- 
phate with the formation of adenosine monophos- 
phate and pyrophosphate, as is shown in Eq. (5). 


NH 2 
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(CH 2 ) 3 
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HCNIU 

CUOH 

Ornithine 


+ NH 4 COO POjIIj. 


NH— CO— NH 2 
»'(CH 4 ) 3 

I + H 2 POr (4) 

HCN11. 

I 

COOII 

Citrulline 


COOH 

(CH 2 )b— NH IICNH 2 

II I - 

IICNH 2 0=0+ CH 2 
COOH NH 2 Aooil 

Citrulline Aspartic acid 

(CH 2 ) 3 — Nil COOH 

I I 

HCNII 2 C--N- C— H 

I | | (5) 

COOH NH 2 CH 2 

COOH 

Argininosuccinic acid 

It is noteworthy that, like ammonia, the nitrogen 
of aspartic acid is derived from glutamic acid 
through the operation of a specific aspartic-glu- 
tamic transaminase as shown in Eq. (6). 

The product, argininosuccinic acid, is cleaved 
by an appropriate enzyme to form one mole each 
of arginine and fumaric acid as shown in Eq. (7). 
With the hydrolysis of arginine to ornithine plus 
urea the cycle is completed and the ornithine is 
available for the next round as shown in Eq. (8)- 
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(CH,), NH (CII 2 ) 3 — NH* NH 2 

llCNIlj C---NH + II jO -- »11CNII* +C-0 

I I I 

COOH NH* COOH NH* 

Arginine Ornithine Urea 

( 8 ) 

The free energy change AF° required for the 
over all reaction 

COa + 2 Ammonia — » Urea 

* s —14,000 eal/mole. As in many other biological 
systems, this energy is provided by utilization of 
adenosine triphosphate. The cyclic nature of the 
system is illustrated in Fig. 1. A second cycle is 
also operative wherein the 4-carbon dicarhoxylic 
acid, fumaric acid, released in reaction (7) is re- 
converted to oxaloacetic so that it may be reutilized 
for aspartic acid formation and thus for another 
turn of the urea cycle. See Excretion; Urinary 
system. [ P.H.] 

Nitrogen fixation 

A process to convert atmospheric nitrogen to cheini- 
cal compounds that are useful as such or as ferti- 
lizers. Arc processes have been important but now 
are used only where electricity is very cheap. For 
descriptions of more recent and important proc- 
et *es, see Ammonia; Cyanamide. 

In arc processes, air passes through an arc and 
j«aves at about iOO0*G with 1% nitric oxide. It 
ls °°oled and sicjft&bed with water or alkali to re- 
cover the nitric oxide as nitric acid. 
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In the Birkeland-Eyde process used in Norway, 
air passes through an alternating-current (ac) arc 
flattened by a magnetic field. Furnaces use 3200" 
4000 kw, 5000 volts, 13,600 kwhr per ton HNOa at 
80% power factor. Electrodes last 400 500 hours, 
and furnace linings, 4-6 months. 

The Schoenherr-Hessberger process, also used in 
Norway, employs a very long ac arc around which 
air moves in a helical path. The arc is 7 m long in 
a 746-kw furnace. The power distribution is 3% to 
form NO, 30% to steam, 40%. to hot water, 10%; to 
cooling water, 17%; as heat losses. 

The Pauling process used in France and the 
Tyrol uses a fan-shaped arc blown by the air. A 
400-kw furnace at 4000 volts has an arc 1 m long. 
See Electrochemical process; Nitrogen; Nitro- 
gen cycle. f W.C.G."| 

Bibliography : C. L. Mantell, Industrial Electro - 
chemistry , 3d ed., 1950. 

Nitrogen oxides 

Chemical compounds of nitrogen and oxygen. 
Nitrogen and oxygen do not combine when mixed 
directly (as in air) blit they do combine during 
chemical reactions of compounds containing them. 
A number of nitrogen oxides can he isolated which 
differ from one another in the numbers of nitrogen 
and oxygen atoms present in each molecule. 

Table 1 gives data for the five nitrogen oxides 
which are well established. 

The structures of these molecules, and one labo- 
ratory method for the preparation of each oxide, 
are given in Table 2. 

These structures show only the geometry of the 
molecules. In most cases the N and O atoms are 
united by complex (double or triple) bonds. 

The existence of three higher oxides has been 
postulated. They are nitrogen trioxide (NOa) 
from reaction of ozone with dinitrogen tetroxide or 
pentoxide, dinitrogen hexoxide (N 2 0«) from re- 
action of fluorine with nitric acid, and an oxide 
NO i as an intermediate in the 0 1H isotope ex- 
change between dinitrogen pentoxide and oxygen 
gases. The identity and properties of these three 
oxides are not fully established. 

Nitrous oxide anfl nitric oxide. When inhaled, 
nitrous oxide has anesthetic effects; in small 


Table 1. Oxides of nitrogen and their properties 


Name 

Stoichio- 

metric 

formula 

Melting 
point, °C 

Boiling 
point, °C 

Nitrous oxide 
(di nitrogen 
monoxide) 

NtO 

-90.8 

-88.5 

Nitric oxide 

(nitrogen 

monoxide) 

NO 

-163.6 

-151.7 

Di nitrogen 
trioxide 

n 2 o» 

-103 

+3.5 

Dinitrogen 

tetroxide 

n 2 o 4 

-11.2 

+21.2 

nitrogen 

dioxide) 

Dinitrogen 

pentoxide 

NO*) 

n 2 o 5 

+41 
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Table 2. Oxides of nitrogen, their formulas 
and preparation 

Formula Formula structure Preparation 


NjO 

NO 


N,0, 


NO* 


N — N — O 
N — O 


O 

N — N^ 

o' N o 
o 


Heat ammonium nitrate 

Reduce nitric acid with 
copper 


Condense gaseous mix- 
ture of NO and NO2 


Heat lead nitrate 
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-N 
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Gas 

X 

/ 

N— 

O— N 
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X 
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0 


lieut lead nitrate 
Treat N2O4 with ozone 


Solid NOa+NOa 


amounts it produces mild hysteria and hence is 
sometimes called laughing gas. It is colorless, is 
the least reactive of the oxides, and dissolves in 
water without chemical reaction. Decomposition 
into nitrogen and oxygen occurs at an appreciable 
rate above f>60°C. 

The equilibrium 

N 2 + O 2 2N0 

lies entirely to the left at low temperatures. Some 
nitric oxide is formed in an electric arc. as in the 
technical production of nitric acid. 

With oxygen or air, nitric oxide is rapidly con- 
verted to nitrogen dioxide. Nitric oxide is colorless 
and is soluble in water without reaction. It is one of 
the few “odd” molecules which contain an odd 
number of electrons. Other such molecules (for 
example, nitrogen dioxide) readily form double 
molecules, but nitric oxide is exceptional. The gas 
is monomeric, although dimerization occurs in the 
liquid, and solid nitric oxide (which is blue) is 
almost entirely in the form of N 2 O 2 molecules. As 
an odd molecule it has the ability to lose or gain 
one electron, thus giving the electrically charged 
ions NO* and NO - . The important nitrosyl com- 
pounds contain these ions. 

Trioxide. Dinitrogen trioxide exists pure only in 
the solid state. The dissociation 

n 2 o 3 ^ NO + N0 2 

occurs partially in the blue liquid, and almost en- 
tirely in the vapor state at room temperature. It is 
the anhydride of nitrous acid; when the oxide (or 
an equimolecular mixture of NO and N0 2 gases) is 
dissolved in an alkaline solution, nitrite ion is 
produced. 

Dioxide and tetroxide. The position of the 
equilibrium between nitrogen dioxide and dinitro- 
gen tetroxide 

N 2 O 4 2N0 2 


depends upon temperature and physical state. The 
dioxide is a red-brown poisonous gas ; the tetroxide 
is colorless. The colorless solid is entirely in the 
tetroxide state. In the liquid and gaseous states the 
tetroxide always contains some dioxide. Thus the 
liquid tetroxide is brown, although it contains less 
than 0.1% nitrogen dioxide. The color of the gas 
becomes more intense with rising temperature; at 
100°C the tetroxide is 90% dissociated into dioxide. 
At temperatures above 600°C further decomposi- 
tion of nitrogen dioxide into nitric oxide occurs 

N0 2 ;=± NO + V2O2 

Dinitrogen tetroxide reacts readily with water to 
give an equimolecular mixture of nitrous and nitric- 
acids. As temperature is raised the nitrous acid 
decomposes to nitric acid and nitric oxide. These 
reactions are important in the technical production 
of nitric acid by catalytic oxidation of ammonia. 
Dinitrogen tetroxide is an oxidizing agent com- 
parable in strength to bromine, and is employed as 
such in the lead-chamber process for sulfuric acid. 
In organic chemistry the tetroxide finds use as a 
special oxidizing agent (for example, in the produr 
tion of sulfoxides and phosphine oxides) and as a 
nitrating agent. 

The tetroxide forms molecular addition com- 
pounds with many simple organic solvents, for 
example, esters, ethers, ketones, and nitrites. 

Liquid dinitrogen tetroxide. alone or mixed with 
organic solvents, undergoes self-ionization 

/ N 2 O 4 ^ NO -f NO:< 

This is to be compared with the aqueous system 

h 2 o^td + oh 

For example, liquid dinitrogen tetroxide attacks 
some metals (alkali and alkaline-earth metals, 
zinc, cadmium, and mercury) to produce metal 
nitrate and evolve nitric oxide. A scheme of reac- 
tions has been developed using the liquid tetroxide 
as a reaction medium, with nitrosyl compounds as 
acids and nitrates as bases. This medium is there- 
fore valuable for the preparation of anhydrous 
metal nitrates and nitrato-coordination complexes. 

PentOXide. The ionic nitronium nitrate structure 
N 0 2 f, N 03 _ found for N 2 Os in the solid state 
accounts for its anomalously high melting point. Tn 
solution in sulfuric, nitric, or phosphoric acids the 
oxide has the same ionic structure. Solid dinitrogen 
pentoxide readily volatilizes, and the molecular 
type of structure found in the gaseous state is ob- 
served also in solutions of the oxide in low dielec- 
tric solvents such as carbon tetrachloride and 
chloroform. Sodium metal reacts with the liquid 
oxide, liberating nitrogen dioxide and forming 
sodium nitrate. Gaseous dinitrogen pentoxide de- 
composes readily 

N2O5 2 N 0 2 -f 0 2 

and is a strong oxidizing agent. With water it is 
converted to nitric acid. See Nitrogen; Oxygen. 

pC.C.A.] 
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Nitroparaffin 

One of a series of aliphatic compounds with rela- 
tively high boiling points and high molecular polar- 
ity. Such compounds are used as solvents for cel- 
lulose derivatives, waxes, and many substances of 
high molecular weight. Their chief use is in the 
•»\ nthesis of other organic compounds. 

Direct nitration of propane at 400°C with nitric- 
arid under 150 lb pressure furnishes the com- 
mercially available nitroparaffins: nitromethanc, 
bp. 101 °C; nitroethane. bp, 114°C; 1-nitropropane, 
bp. 131 °C; and 2-nitropropane, bp, 120°C. 

Primary (RCHi*NCM and secondary (RR' 
□ li\0-j) nitroparaffins are stronger acids than wa- 
ter and react with strong bases in aqueous solution 
to form water-soluble salts. See Tautomerism. 
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The presence of the aoi (acid) form can account 
loi the relatively low pH which is observed in aque- 
ous Mispensions of the fairly insoluble nitroparaf- 
fin*. Tertiary nitroparaffins. R.jCNOj, which lack 
<m o-bydrogen, do not display this behavior. Nitro- 
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Primary and secondary nitroparaffins undergo 
aldol type condensations with aldehydes to give 
nilro alcohols 

(-H3CH2NO4 + RCHO — ^ CHjCHCHR 

N0 2 \)H 

With formaldehyde, the condensation may be re- 
peated as long as an o-hydrogen remains to yield 
polymethylol compounds. 

CHaNO* + HCHO — H0CH 2 CH 2 N0 2 

(H0CH 2 ) 2 CHN0 2 — ™ (HOCH 2 ) s CNO s 

These polymethylol compounds can be reduced to 
the industrially important amino alcohols. See 

Ai.kanolamine. 

Acid hydrolysis of nitroparaffins yields the cor- 
responding carboxylic acid and salts of hydroxyla- 
trune. This reaction provides a ready commercial 
route to hydroxylamine. 

CH,CH,no 2 + HC1 + H»0 — CHsCOOH + HONH3CI 

Halogenation of primary and secondary nitro- 
Paraffins proceeds reaiidily in alkaline solution. This 


reaction is analogous to the halogenation of alde- 
hydes and ketones. Only the ct-hydrogens are re- 
placed. The 1-chloro- and 1,1-dichloronitroparaf- 
fins find use as insecticides. 

Primary and secondary nitroparaffins add to 
«,/?-unsaturated systems, for example, in base- 
catalyzed Michael condensations 


GHjGHsNOs + CH*=aiCOCH a -4 

GHaCIICHaCHaGOCHs 


N0 2 


.See Nitratton. [l.b.c.] 

Nobelium 

A chemical element, No, atomic number 102. No- 
belium, in the actinium series, is a synthetic ele- 
ment produced in the laboratory. It decays by 
emitting an nr- particle, that is, a doubly charged 
helium ion. Only atomic quantities of the element 
have been produced to date. 
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The element is the tenth element heavier than 
uranium to be produced synthetically. It is the 
thirteenth member of the actinide series of ele- 
ments. a rare-earthlike series of elements, which 
was completed by the 1961 discovery of the element 
of atomic number 103. See Lawrkncium. 

For a discussion of the properties of the rare 
earths, .see Rahe-EAKTH elements. 

The element was made by bombarding isotopes 
of curium, element 96, with carbon ions acceler- 
ated to energies of 60 100 million electron volts 
(Mev) in a heavy-ion linear accelerator (HILAC) 
or in a heavy-ion accelerating cyclotron. The 
curium atoms capture some of the high-energy car- 
bon ions to form highly excited atoms of nobelium. 
These excited atoms lose their excess energy by 
evaporating neutrons, yielding the element of 
atomic number 102. 

Atoms having the same atomic number, and 
hence identical chemical behavior, but differing in 
atomic weight are isotopes of a given element. For 
a further discussion see Isotope. 

Since the isotopes of this element disintegrate 
rapidly after their formation, that is, they have a 
short half-life, special techniques were necessary 
to characterize the atoms of element 102 shortly 
after they were formed. 

When a high-energy particle, such as a 100-Mev 
carbon ion, is captured by a curium atom, the re- 
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suiting combined atom is caused to move in a for- 
ward direction by the original momentum of the 
carbon ion with enough velocity to separate it 
from the stationary curium atoms. Under appro- 
priate conditions these recoil atoms of element 102 
can be caught on adjacent catcher foils. By em- 
ploying such a catcher technique, it is possible to 
separate the atoms of element 102 formed by the 
nuclear reactions from the curium target and iden- 
tify them rapidly. In one case, in which the atoms 
of element 102 had a half-life of 3 sec, it was not 
possible to identify them directly. However, they 
decayed by a-particle emission to element 100. The 
process of a-decay gave enough energy to the re- 
sultant atoms of element 100 that they in turn 
recoiled off the foil and were caught on another 
foil. By identifying the recoil atoms of element 
100, it was possible to show that the atoms decay- 
ing with the 3-sec half-life were an isotope of ele- 
ment 102. The element finds use in the study of 
spontaneous fission reactions; to date, it has no 
commercial value or application. Credit for the 
discovery of this element is still in dispute, and its 
name may be changed. See Actinide elements; 
Californium; Curium; Fkrmium; Fission, nu- 
clear; Nuclear chemistry; Nuclear reaction; 
Periodic table; Radioactivity; Transuranium 
ELEMENTS. [ P.R.F.l 

Bibliography : R. W. Clarke (trans.), Plutonium 
Elements , Atomic Energy Research Est., 1958. 

Nocardiosis 

An actinomycetous disease of man caused by sev- 
eral species of Nocardia. The lesions are purulent 
and granulomatous, usually involving the subcu- 
taneous tissues, although a pulmonary form is also 
recognized. This latter form of nocardiosis is the 
most serious, often metastasizing to the viscera and 
central nervous system. Nocardia asterioides , the 
primary etiological agent, is easily found in the 
soil. It is a gram-positive branching filament (1 /x 
in diameter), often forming granules in tissues. 
Since many strains of Nocardia asterioides are 
also acid-fast, care must be taken not to confuse 
them with the tubercle bacillus. See Actinomy- 
c etai.es. 

The organism grows readily on most laboratory 
media but requires special biochemical and patho- 
genicity studies for differentiation from sapro- 
phytic species of Nocardia. This disease is treated 
with antibiotics and sulfonamides. See Antibiotic; 
Mycology, medical; Sulfa drugs. [l.d.h.] 

Noeggerathiales 

An incompletely known and poorly defined group 
of vascular plants whose geologic range extends 
from Upper Carboniferous to Triassic. Their taxo- 
nomic status and position in the plant kingdom is 
uncertain because morphological evidence, owing 
to the paucity of the fossil record, does not make it 
possible to place the group confidently in any rec- 
ognized major subdivision of the vascular plants. A 
rather heterogeneous assemblage of foliar and 
vegetative organs assignable to fairly well-defined 


genera have been placed in the group, thus some- 
what forcing the concept that these parts comprise 
a natural order of vascular plants. Internal anat- 
omy is unknown, with exception of the possible 
noeggerathialean genus Sphenostrobus. Noeggera* 
thialean genera include Noeggeratkia , Noeggera- 
thiostrobus , Tingia , T ingiostachya, and Discinites . 
The reproductive organs are strobiloid, with 
whorled organization, and vary from homosporous 
to heterosporous. In Discinites the number of 
megaspores may range from 1-16 per sporangium. 
Foliar organs vary from nonarticulate and fern- 
like to anisophyllous four-ranked fronds. The No- 
eggerathiales have been proposed in the evolution- 
ary scheme in two remotely related groups of 
vascular plants, the Pteropsida and the Sphenop- 
sida. See Paleobotany ; Plant kingdom. | e.s.b.] 

Noise, acoustic 

Unwanted sound. This definition of acoustic noise, 
while purely general, implies that some criterion 
must exist before the sound can be termed un- 
wanted. Whether a sound is noise, insofar as hu- 
mans are concerned, is a subjective matter. 

Criteria. Considerable effort has been expended 
to analyze unwanted sounds in an effort to specify 
objective criteria for the subjective human reac- 
tions to noise. These criteria have included annoy- 
ance, interference with speech, damage to hearing, 
and reduction in efficiency of work performance 
For a discussion of these factors, see Noise con- 
trol; Psycho acoustics. 

Noise jfe usually thought of in terms of its effect 
on humans; an equally important aspect, however, 
is its effect on the fatigue or malfunction of physi- 
cal structures and equipment. In these instances 
criteria can, in theory, be established on a com- 
pletely objective basis. The “unwanted” aspect in 
the definition of noise applies here to the fact that 
it is generally considered undesirable to have a 
structure such as an aircraft experience fatigue, or 
that it is undesirable to have electronic equipment 
guiding the aircraft fail because of malfunctions 
brought on by intense sound waves. 

A third major criterion for describing sound as 
noise arises in conjunction with the perception oi 
detection of a wanted sound in the presence of 
other sounds which tend to mask it. Thus in sonar 
the reflected sound from an object being detected 
is a signal which is wanted, whereas all other sound 
detected by the system is termed noise. See Sonar. 

Physical specifications. The generality of the 
preceding definitions gives no clue to the physical 
specifications of sound waves called noise. The 
sound can be composed of definite pure-tone, or 
sine-wave components, or it can be a completely 
random phenomenon made up of an infinite num- 
ber of components, each having purely random am- 
plitude and phase characteristics. Automobile 
exhaust noise, for example, contains pure-tone com- 
ponents ..related to the engine rotational speed, 
whereas an air jet hiss is a random noise. 

The physical specification of such noises is given 
by their radiated intensity, frequency, and spatial 
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distributions, as discussed elsewhere (see Sound; 
Wave motion). Random noises are usually de- 
scribed in terms of statistical values rather than in 
terms of the discrete variables used for single- 
frequency sounds. 

The statistical description of random sound 
waves parallels that used for electrical noise (see 
Noise, electrical). The magnitude of the noise is 
usually specified in terms of its radiated intensity 
in a 1 cycle per second (cps) frequency band, also 
known as the intensity spectrum level. If the ran- 
dom noise has a relatively uniform distribution of 
intensity as a function of frequency, it is often de- 
scribed as intensity in a frequency band more than 
1 cps wide. This may be done in terms of a con- 
stant bandwidth, such as 5, 50, or 500 cps, or in 
terms of a constant percentage bandwidth, such as 
Vin, or 1 octave of frequency. The most com- 
mon usage in industrial noise control is specifica- 
tion of intensity in octave frequency hands. These 
hands usually cover the frequency range of 37- 
%00 cps, although the lower limit is often extended 
to 20 and the upper to 10,000 cps. Each of these 
latter hands is then more than one octave wide. 
The over-all intensity of a random noise is the 
sum of the intensities in all the frequency hands 
hv which it is specified. 

While noise. Random noise having the same in- 
tensity, in a 1-cps band, at every frequency in the 
range of interest is called white noise. Although 
white noise is a fairly common type of electrical 
noise, it is rarely encountered in acoustic noise. 
Most random acoustic noises tend to have a definite 
nonuniform distribution of intensity as a function 
of frequency; for example, see Aircraft noise. 

Ambient noise. The residual noise present at any 
location of interest is called ambient noise. It is 
the sum of all noises present. Thus ambient noise 
in an office could be the result of ventilating sys- 
tems, distant conversations, office machines, and so 
forth. Background noise is a term often used to de- 
scribe the ambient noise when a particular source 
of sound being studied is not in operation. See 
Noise measurement; Underwater sound, [w.j.g.] 

Noise, electrical 

Interfering and unwanted currents or voltages in 
an electrical device or system. Electrical noise, usu- 
ally simply called noise, has an important effect on 
any electrical system which is used to gather, trans- 
m,l > process, or present information. In such sys- 
terns as telephone, radio, television, radar, radio- 
navigation, telemetering, electronic control, or 
electronic computing, the desired signals carrying 
intelligence may be masked or distorted by noise.* 

Noise may originate either externally to the de- 
yice in which it appears, as atmospheric static, or 
internally, as thermal noise in a resistor. It may 
result either from natural phenomena, as do both 
the types of noise just mentioned, or from interfer- 
ence from man-made devices, such a 9 nearby elec- 
tors or generators. 

Man-made interference can usually be nearly 
e lm * n *ted by good engineering design and proper 
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location of equipment. Noise due to natural phe- 
nomena often cannot be reduced below certain fixed 
levels, and good engineering design can ensure only 
that the equipment will function as effectively as 
possible in the face of this irreducible noise. For 
example, a radio receiver cannot operate on re- 
ceived signals which are very weak (compared to 
some level determined by the thermal noise in the 
receiver), no matter how much amplification is 
used in the receiver, because the noise is amplified 
along with the signal. 

Sources Of noise. Noise may conveniently be 
classified as either random noise or nonrandom 
noise. Random noise is defined as noise which is 
not predictable, although it may exhibit statistical 
regularities. 

Random noise in electron-tube circuits . Thermal 
noise is the random voltage which appears at the 
terminals of a resistor or any component with in- 
ternal resistance because of the random motion of 
thermally excited electrons in the resistor. Shot 
noise is caused by fluctuations of cunent in a 
thermionic vacuum tube caused by random emis- 
sion of electrons from its hot cathode. Partition 
noise is the result of fluctuations in current to one 
electrode in a multielement vacuum tube, caused 
by random division of the electron stream between 
two or more collecting electrodes (for example, the 
screen-grid and anode of a tetrode). Flicker noise 
is the result of low-frequency fluctuations in cur- 
rent in a vacuum tube apparently caused by rela- 
tively slowly changing emission conditions at vari- 
ous points on the cathode. Contact noise, the noise 
in carbon resistors and carbon microphones, for 
example, is caused by randomly varying fluctua- 
tions in resistance. 

Random noise in semiconductors. Random noise 
also originates in transistors and other semicon- 
ductor devices. There are various mechanisms at 
work, and the terminology is not completely stand- 
ard. Thermal noise, as above, is the noise caused by 
thermally excited, random motion of electrons. 
Shot noise, or generation-recombination noise, is 
produced by fluctuations in free carrier densities 
when an electric field is applied. Excess noise or 
modulation noise is caused by slow fluctuations in 
conductivity. Noise also originates in photoconduc- 
tors. Most mechanisms of random noise generation 
share the principle that observable gross currents 
and voltages are the result of many random actions 
at a microscopic level. 

Radiated random noise. Any electric device 
which must receive electromagnetic radiation will 
pick up radiated random noise as well as signals. 
Electrical disturbances in the atmosphere cause 
noise which is very irregular in character, often 
appearing in sharp bursts (.see Atmospheric elec- 
tricity; Static). Aside from atmospheric disturb- 
ances, an antenna receives a steady background of 
noise which is of thermal origin, thermal radiation 
from the gases of the atmosphere, and thermal 
radiation from heavenly bodies and systems. This 
last is sometimes called interstellar noise (see Ra- 
dio astronomy). Thq Sun radiates noise at all 
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times, but during sunspot activity the intensity of 
its noise radiation is greatly increased. 

Nonrandom noise . This type of noise is usually 
the result of radiation from other electric equip- 
ment, from unwanted coupling with other systems, 
or from spurious oscillations within an electrical 
circuit. See Crosstalk; Interference, electri- 
cal. 

Noise measurement. The term noise measure- 
ment is applied to a wide range of measurements 
of random and nonrandom noise. It usually refers 
to the measurement of noise power averaged over 
some brief interval of time (called quadratic con- 
tent). This kind of measurement may be made to 
check the noise level against which a system must 
operate, or it may be made to yield information 
about the physical world. In radio astronomy, for 
example, very delicate measurements are made of 
the noise radiation from particular planets, stars, 
or galaxies in order to gain information about their 
constitution and their relative velocity. In this ap- 
plication, the noise-measuring device is called a 
radiometer. 

Noise-power measurements are most conven- 
iently made by amplifying tbe noise from the 
source in a linear amplifier and then using a quad- 
ratic detector followed by a low-pass filter and an 
indicating device to determine the average noise 
power. 

The illustrated circuit measures noise power in 
the band of frequencies passed by the linear am- 
plifier. The low-pass filter must have a narrower 
bandwidth than that of the linear amplifier to give 
an averaging of the fluctuating voltage from the 
detector (the low-pass filtering may occur naturally 
in the indicating device). In such a circuit, if the 
indicator responds linearly to its input voltage, its 
reading is proportional to the noise power. Thermo- 
couples or thermistors are good quadratic detec- 
tors. Electron-tube and crystal-diode detectors can 
be made to have nearly a quadratic response over a 
certain range. If the amplifier is nonlinear or the 
detector does not follow a quadratic law, the device 
will still indicate noise power, but its entire re- 
sponse curve must be calibrated. 

Noise-power measuring devices may be either 
direct-reading or they may make comparisons be- 
tween the noise from the source being measured 
and that from a calibrated source. See Noise gen- 
erator, ELECTRICAL. 

Mathematical analysis of noise. The effects of 
nonrandom noise in an electric, circuit or system 
can be determined mathematically in the same way 
that responses to signals in the circuit are deter- 
mined. Random noise, being unpredictable and 
having only certain statistical properties, must be 
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treated differently. Usually probabilistic methods 
are used. 

The application of probability theory to the anal- 
ysis of random noise rests on the fact that for mo$t 
mechanisms of noise generation (in particular, all 
those listed above except perhaps atmospherics) 
the resulting noise waveforms have statistical prop, 
erties which remain invariant with time. These sta- 
tistical properties may be deduced from an analy- 
sis of the generating mechanism or determined 
empirically by experiment. 

One characterization of a random noise wave- 
form v(t) is in terms of the probabilities that the 
amplitude of the noise waveform will fall between 
any pair of specified values at specified instants of 
time. For example, the probabilities at a single in- 
stant t can he expressed in terms of a probability 
density function /# (rt), defined by 

ft(x)dx = probability that (x < v(t) < X -f fix) 

Then the probability that v(t) lies between two 
values a and b is 

£ft(x) dx 

Most kinds of random noise, including particularly 
those which result from the summation of a great 
many microscopic effects, such as thermal nohe 
and shot noise, have what are called gaussian or 
normal statistics. The term gaussian mfise is used 
for such noise. The probability density function for 
gaussian noise is 


^ /<(*)= 

<riV 2w 

where m t and o t 2 are the parameters which deter- 
mine ft(x) and are called the mean value (at time 
t) and the variance (at time /), respectively. 

A random noise is said to be stationary if all it- 
probability relations are unchanged by a transla- 
tion in time. Thus, in particular, for a stationary 
noise /,, ( x ) = f ti (x) , for any times t\ and t±. Hence 
ft(x ). m t , and c r, 2 do not depend on time and the 
subscript t may be dropped. Thermal noise from a 
resistor at constant temperature, or shot noise from 
a diode under fixed operating conditions are exam- 
ples of stationary noise. Usually a noise voltage 
v(t) is stationary, and in addition has the property 
that the probability that t>U) lies between any two 
values a and 6 at any time t is nearly equal to the 
fraction of time the noise voltage lies between these 
two values if a sufficiently long observation interval 
is recorded. This property, more precisely defined, 
is called ergodicity. For a stationary ergodic ran- 
dom noise the mean value m used above is just the 
average value of the noise over a long time interval 
and the variance <r- is the average of the square of 
the fluctuations about the mean. 

Other quantities that are useful in characterizing 
random noise are the covariance function /?( T ) 
and (fqr a stationary noise) the power spectral 
density N(f), The covariance function R(r) of a 
noise waveform v(t) gives a measure of hovr 
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closely related, on the average, are the present and 
future values of v(t) . For a stationary ergodic noise 
/?it) is defined as the time average of a product 
of amplitudes. 

R(t) = lim ~ { T r v (t)v(t 4- r) dt 

The power spectral density N(f) gives the distribu- 
tion of average power in the noise waveform v(t) 
ah a function of frequency f; that is, /V(/) df is 
the average power a voltage v(l) applied across a 
1-ohm resistance would dissipate in the incremental 
frequency range / to f + df. N(f) can be calcu- 
lated as the Fourier transform of R (t) , or 

N(f) - 2 J‘ R{r)t~ ,iw/T dr ()£/S® 
where / = V— 1- 

If a stationary noise waveform v(t) with power 
spectral density N(f) is passed through a linear 
lime invariant filter with a transfer function //(/), 
where //(/) is the complex gain of the filter at the 
frequency /. the power spectral density of the out- 
put noise is given by /V (f)\Hif) | ,J . The output 
noise is also stationary, and if the input noise is 
gaussian, so is the output. However if gaussian 
nni«e is passed through a nonlinear device, such as 
a square-law detector or a limiter, its statistics do 
not in general remain gaussian. 

In analyzing the response of an electrical svstem 
to signals-plus-noise a quantity of interest is the 
ratio of signal-power to noise-power, or. briefly, 
-ignal-to-noise ratio, at various points of the sys- 
tem. If .S(/) df is the signal power in the incremen- 
tal frequency hand df at /, the incremental signal- 
power-to-noise ratio is S(f)'N{f). Thi ratio is 
unchanged by passing the signal-plus-noise through 
a linear filter. If S(f) and N(f) are each inte- 
grated over the total hand of frequencies being 
passed, the ratio of the integrals is tin* total signal- 
power /noise- power ratio. 

Thermal noise. In the narrow sense, thermal 
noise refers to the random voltage at the terminals 
of a resistor caused by thermal excitation of elec- 
trons in the resistor. It can he shown from statisti- 
cal mechanics that the spectral density of such a 
noise voltage is 

N(f) = *kTRy(f) 

where k is Boltzmann’s constant (1.38 X lO -23 
joule /0 C). R is the resistance in ohms of the re- 
sistor, T is its temperature in degrees Kelvin, and 
7'/) is given by 

7( /)- 

where h is Planck’s constant (6.62 X 10" 34 joule- 
sec ) . 

At room temperature and even at microwave 
frequencies, y (/) is very close to unity, so the 
°oise voltage spectral density across a resistor is 
usually approximated by 
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N(f ) = 4kTR 

which is known as Nyquist’s formula. 

Nyquist’s formula shows that the thermal noise 
voltage spectral density is constant (to very high 
frequencies). Such noise with a uniform distribu- 
tion of power with frequency is called white noise. 

Nyquist’s formula remains valid if the simple 
resistor is replaced by a two-terminal electrical 
network with all resistance elements at the same 
temperature and with R standing for the input re- 
sistance at the terminals. Generalized forms are 
valid when the temperature is not constant through- 
out the network. 

In a broader sense thermal noise refer* to other 
kinds of noise of thermal origin. Important among 
these is antenna noise. Nvquist’s formula can be 
used for a two-terminal system in which the termi- 
nals are connected to an antenna in a perfectly 
black chamber, the whole system in thermal equi- 
librium. The R of Nyquist’s formula is then the 
radiation resistance of the antenna. Tn practice, 
Nyquist’s formula is often used to define the equiv- 
alent radiation temperature* of the portion of sky at 
which the antenna is looking, in terms of the radia- 
tion resistance and the measured noise. 

Shot noise. In a vacuum tube in which electrons 
are emitted from a healed cathode, the electron 
stream from cathode to anode does not have uni- 
form density, since the individual electrons are 
emitted randomly and with random initial veloci- 
ties. Although the fluctuations in the electron 
stream are essentially thermal in origin, the cur- 
rent fluctuations, called the shot effect, are usually 
not classified as thermal noise. One important dif- 
ference between the shot effect in tubes and ther- 
mal noise in resistors is that the former is not pres- 
ent until a voltage difference is applied between 
cathode and anode, whereas the latter is present in 
a quiescent circuit with no externally applied volt- 
ages (see Schott it r effect). Similarly in transis- 
tors, the fluctuations in the rate of flow of carrier 
electrons or holes is a type of noise not present in 
the quiescent device, and this is also often called 
shot effect. 

A satisfactory mathematical model for the emis- 
sion of electrons from a hot cathode yields the re- 
sult that the number of electrons emitted in any 
interval of time follows the Poisson law: 

Probability (K electrons are emitted in r sec) 

(nr) K (T* r 
K\ 

where ri is the average number of electrons emitted 
per second. If a sufficiently great positive electric 
field is established in the cathode-anode spare, all 
the electrons emitted at the cathode travel to the 
anode and the fluctuations in the current induced 
in the anode circuit are proportional to the fluctua- 
tions in electron emission. This happens, for exam- 
ple. in a diode with low cathode emission and high 
anode potential. In this case, the power spectral 
density of the shot noise is given approximately at 
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low frequencies by the Schottky formula, 

S(/) - 2el 

where e is the charge on an electron and / is the 
average anode current. This formula is valid if / is 
small compared to ihe reciprocal of the transit time 
of an electron from cathode to anode. 

In most electron tubes, for example, receiving 
tubes operating with negative grid bias, a nega- 
tive space charge develops near the cathode. This 
space charge has a damping effect on the shot ef- 
fect fluctuations. The low-frequency spectral den- 
sity is then approximately 

S(f) * 2 e/r a 

where V- depends on tube geometry, potentials, 
and cathode temperatures and has a value between 
0 and 1. 

Noise figure. The noise figure of an amplifier is 
a figure of merit which measures the noisiness of 
the amplifier relative to the noisiness of the source 
driving the amplifier. It is important in radio and 
radar receivers, for example, that the noise figure 
he low if weak signals in noise are to be received. 
The operating noise figure F os which is a function 
of frequency, may be defined to lie the ratio of the 
available incremental signal-to-noise power ratio 
of the source (over a frequency band df) to the 
available incremental signal-to-noise power ratio 
of the amplifier output (over the same frequency 
band df) when the amplifier is driven by the source. 
If the source noise is ascribed to thermul origins, 
F n depends on the effective noise temperature of 
the source. A standard noise figure F is sometimes 
defined to be the operating noise figure with the 
source at 290°K. [ W.I..K.] 

Bibliography : W. B. Davenport. Jr., and W. L. 
Root, Introduction to the Theory of Random Sig- 
nals and Noise , 1958; A. van der Ziel. Noise , 1954. 

Noise control 

The process of obtaining an acceptable noise envi- 
ronment for a particular observation point or 
receiver. An acceptable environment implies a bal- 
ance between resultant noise levels and the at- 
tendant operational and economic limitations on 
the process whereby they are obtained. See Noise, 
acoustic. 

Adequate noise control involves the entire system 
of noise source, transmission path, and receiver. 
Measures can be taken to control any one or all of 
the three basic elements comprising the system. 
The choice of noise-control techniques to be em- 
ployed in any instance is largely dependent upon 
the relative economics of working on any particu- 
lar element of the problem. For example, it is often 
much less expensive in initial cost and operational 
simplicity to supply factory workers with ear plugs 
than to redesign major pieces of machinery. 

The first step in noise control is an analysis of 
the nature and extent of the problem. This analysis 
includes (1) the physical description of the inten- 
sity. frequency, and spatial distribution of the 


sound radiated by the major sources of noise con- 
tributing to the problem, and the paths by which 
the sound is transmitted to the receiver; (2) the 
designation of acceptable noise criteria for the re- 
ceiver; and (3) the determination of the noise re- 
duction required to achieve these criteria. 

The description of the noise sources, at least o n 
an engineering basis, can be based upon proce- 
dures developed from theoretical analyses and ex- 
perimental measurements. These procedures are 
described for a number of sources later on in this 
article. The choice of adequate criteria, however, 
often depends largely upon the designer and the 
long-range cost. Significant progress has been 
made in analysis of human reactions to noise in an 
effort to obtain specifications involving, primarilv. 
considerations of annoyance, interference with 
speech, and damage to hearing. A general discus- 
sion of these human criteria for noise control L 
presented later in this article. If the receiver is a 
particular piece of equipment which must be pro- 
tected from excess noise, the criterion is usualb 
chosen to avoid dynamic stress which would pro- 
duce structural failure or malfunction. In these 
problems, criteria must be derived individually for 
each case. 

NOISE REDUCTION TECHNIQUES 

Once an adequate specification has beqp made of 
the source and an acceptable criterion has been 
chosen, the amount of noise reduction required is- 
simply determined as the difference, a* a function 
of frequyicy, between the noise levels which would 
be produced at the receiver by the source in ques- 
tion and the noise level criterion selected. The de- 
signer now must exercise his ingenuity to produce 
this noise reduction by operating on the parts of 
the source-path-receiver system available to him. 

Make-up of source. Noise control of the source 
is most often left to the manufacturer. Manufac- 
turers of consumer goods such as household ap- 
pliances have concentrated considerable effort on 
reducing the noise of their products. Automobile, 
aircraft, and railroad-car manufacturers expend 
large amounts of money to reduce the noise of their 
equipment. Lowered noise levels are often the sell- 
ing point in consumer acceptance of an article. 

Attenuation methods. On the other hand, be- 
cause it is usually difficult for a user to alter the 
physical make-up of an article in order to lower 
the noise it produces, he must somehow reduce the 
noise by external means. In general, the basic way 
in which noise control can be effected between the 
source and the receiver is to introduce attenuation 
in the air-borne and structure-borne paths between 
them. Attenuation is generally provided in air- 
borne paths by one or more of the following ap- 
proaches: (1) increasing the distance between 
source and receiver, (2) isolating source and re- 
ceiver by impervious walls or enclosures, (3) pro- 
viding acoustical absorption in spaces which con- 
tain both source and receiver, (4) making use of 
directional characteristics of source and receiver. 
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(5) providing shielding walls or barriers, and 
^6) introducing mufflers into air-stream paths 

transmitting sound. 

Attenuation is achieved in structure-borne trans- 
mission paths by (1) mounting source or receiver 
on vibration isolation mounts, (2) increasing the 
vibration damping inherent to the transmission 
path by adding damping materials, and (3) provid- 
ing discontinuities in the structural transmission 
path. For a discussion of these last three techniques 
see Vibration damping; Vibration isolation. 

Source placement. Increasing the distance be- 
tween source and receiver under free- field condi- 
tions will reduce the noise levels at the receiver in 
inverse proportion to the square of the distance. 
Tor example, moving a source from SO to 100 ft 
auav from a receiver will reduce the received noise 
levels by 10 log ( 100/50)-, or 6 decibels (db). See 
Free held; Inverse-square law. 

Walls and enclosures. Surrounding a source by 
an impervious enclosure or separating a source 
and receiver located in the same room by interpos- 
ing a wall between them to form two rooms will 
provide an amount of noise reduction which de- 
pends upon the transmission loss of the wall or en- 
closure. its surface area, and the amount of acous- 
tical absorption in the receiving room. This noise 
reduction NR in decibels can be computed from 
l lie expression 

AK = 77. - 10 lo R i„ (J + ‘^) ‘lb 

where NR - difference in sound pressure levels in 
decibels oil the two sides of the wall 
(determined by measuring the sound 
pressure level on the piunaiy side 
with a microphone that is moved 
around in the reverberant sound field 
and then subtracting from it the 
sound pressure level obtained with a 
microphone that is moved around in 
a region fairly near the surface on 
the secondary side) 

TL = 10 times the logarithm to the base 10 
of the ratio of the sound energy inci- 
dent on the wall to the sound energy 
transmitted through the wall 
Sw = area of the transmitting wall 
R ~ room constant for receiving room = 
[S5/(l — 3)1, where S is the total 
area of the surfaces of the room on 
the secondary side and a is the aver- 
age absorption coefficient for the re- 
ceiving room. S must have the same 
dimensions as Sw 

If the source and receiver are in the open and one 
or other is being enclosed completely, the value 
°f R approaches infinity, reducing the equation to 
hR - TL + 6 db. For the method of determining 
the TL of any given wall, and other aspects of noise 
control within buildings, see Architectural 
acoustics; Noise control in buildings. 


Acoustical absorption . It can be seen from the 
preceding discussion that increasing the acoustical 
absorption in the receiving room increases the 
noise reduction. However, the amount of reduction 
obtained, in decibels, is only moderate. Because 
the TL will normally be 20 60 db or more, the ef- 
fect of the wall is considerably more important 
than the effect of acoustical absorption in the re- 
ceiving room. 

The noise reduction provided by acoustical ab- 
sorption in an enclosure containing both source 
and receiver is dependent not only upon this ab- 
sorption but on the directivity of the source and 
the distance of ihe receiver from the source as 
well. The amount of noise reduction obtained by 
adding absorption is calculated from the expres- 
sion 


m ■ 10 '■** (it + «,) - 10 "*• (t? + i) 

where Q is the directivity index of the source, 
equal to unity for an omnidirectional (nondirec- 
tional) source; r is the distance from source to re- 
ceiver: R\ is the room constant, as previously de- 
fined before adding acoustical absorption; and 
R\> is the room constant after acoustical absorption 
is added. It should he observed that increasing the 
acoustical absorption in the enclosure by a factor 
of 10 will provide a noi«e reduction of 10 db, and 
that increasing the absorption by a factor of 100 
provides a noise reduction of only 20 db. 

Directional effects . Relocating or rotating a 
source with strong directional characteristics will 
often provide substantial noise reduction. For ex- 
ample, a small air jet used to clean machined parts 
will produce much less noise at the operator’s ear 
if its axis is directed away from him, as compared 
with the noise he perceives if it is directed side- 
ways to him. In a similar manner, substantial noise 
reduction of engine, compressor, furnace, and 
other exhausts can he achieved by directing them 
vertically upward rather than horizontally. 

The amount of noise reduction obtained by this 
vertical directionality can be computed from the 
chart in Fig. 1, where the directivity index at 00° 
to the axis of the exhausting device is given for var- 
ious frequency hands. .Sec Directivity; Sound. 

Barriers. Impervious barriers or partial parti- 
tions between noise sources and receivers will pro- 
vide a moderate amount of noise reduction. The 
most effective use of a shielding barrier is obtained 
if it is located close to the source or receiver. The 
approximate noise reduction, in decibels, ob- 
tained by such a shield can be computed from the 
expression 


NB = 10 + 10 log? {* [(l + - l] 

+ d[( 


i + B 
+ DM 


->T) 


where H is the height of the barrier above the line 
of sight between source and receiver, R is horizon- 
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Fig. 1. Directivity of a vertical stack. 


t a 1 distance from source to barrier, T) is horizontal 
distance from receiver to barrier, and A. is wave- 
length of sound. If A) is much larger than R and R 
is larger than or equal to //, then the expression is 
approximately NR - 10 4- 10 log (FF-/XR). 

Mufflers. Many problems in noise control in- 
volve the reduction of sound being propagated in 
a pipe or duct along with the flow of a liquid or 
gas. Engine exhausts, compressor intakes, venti- 
lating systems, pumps, and other mechanical de- 
vices provide examples of this t>pe of noise prob- 
lem. The most effective noise control in these cases 
is often the addition of a structure to the system 
which will permit the fluid to flow but will at- 
tenuate sound. For a discussion of types of devices 
that perform this function see Muffler. 

MAJOR NOISE SOURCES 

The general discussion given in the preceding 
paragraphs outlines the basic approaches to iden- 
tification and solution of a noise-control problem. 
One of the primary requirements given was the 
specification of the physical properties of the noise 
source. The following paragraphs outline the noise 
characteristics of a number of general types of 
source and suggest means, where possible, for es- 
timating these characteristics from the mechanical 
properties of the device. 

Aircraft noise. Some of the major noise-control 
problems in present-day society are those pro- 
duced by modern commercial and military aircraft. 


Noise in/airrraft is a problem to both the passen- 
gers and to observers on the ground. Interior nobe 
control on aircraft is obtained by introducing 
acoustical absorption in the cabin spaces and In 
providing adequate transmission loss through the 
cabin side walls and windows. In order to provide 
lightweight structures, great ingenuity has been 
applied in the development of multiple-layer struc- 
tures of thin solid materials interspersed between 
blankets of absorbing materials. These composite 
structures provide considerably higher transmis- 
sion loss than an equivalent weight of solid mate- 
rial alone. 

Measures to control exterior noise produced b v 
aircraft are primarily operational in nature. Flight 
paths and power settings can be prescribed to min- 
imize noise, and ground operations can be ori- 
ented to take maximum advantage of directional 
characteristics of noise radiation patterns. Muffler* 
and engine test cells are often emphned to reduce 
noise from maintenance operations. For a discus- 
sion of the mechanisms of noise production in air- 
craft, see Aircraft noise. 

Automobile noise. The noise from automotive 
vehicles is produced primarily from engine intake 
and exhaust, vibration transmitted to the chassis 
from the motor, transmission and differential gears, 
tire treads, tires thumping against road irregulari- 
ties, and wind turbulence about body protrusions. 

Intake and exhaust noise are primarily pulsating 
pressure phenomena associated with the engine ro- 
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ntional speed. Major pressure pulsations occur at 
( j 1( . fundamental firing frequency f of the engine 
n( ] a t harmonics of /. For a 4-cycle engine, 

I =* ns 120 where n is the number of cylinders, s is 
the crankshaft speed in rpm, and / is in cps. At the 
normal operating speeds of automobile engines, ef- 
fective reactive mufflers can be designed to reduce 
[n substantial amounts the pulsating pressures 
ranging intake and exhaust noise. Effective vibra- 
tion mounting of the engine itself has resulted in 
Inw transmission of vibration induced by the en- 
gine into the body structure. 

Gear noise from the transmission and differen- 
ti.il of an automobile is largely a function of the 
quality of the gears and the amount of structural 
isolation which can be achieved in mounting the 
on the chassis. Gear noise in general is de- 
scribed later. 

\ major contribution to noise control inside au- 
tomobiles has been the use of mastic damping rna- 
irriak such as body undercoating, to reduce vi- 
bration of sheet-metal components, and the use of 
acoustically absorbing materials to reduce the re- 
wrhoration inside the passenger compartment. 

\oisc produced h\ tires has been reduced sub- 
-i.intiallv b\ redesign of tread patterns and meth- 
od* oi bonding the cord structures to tin* tread. 
Tire thump, on the other hand. is still a major 
problem. Reduction of this noise depends upon im- 
proved shock absorbers and spring suspensions of 
tiie running gear from the automobile body and 
upon even inure effective dam ping of vibrations of 
die body structure than is presently available. 

The high speeds of which modern automobiles 
ue capable results in high noise levels from wind 
turbulence. The turbulence noise associated with 
automobiles, like that associated with aircraft, in- 
« reuses with the fourth power of speed. Reduction 
"I ibis noise is obtained by aerodynamic shaping of 
the body and the minimizing of protuberances 
which ran accentuate turbulence in the slipstream 
of air past the body. 


Compressor noise. In many industrial facilities, 
compressors are often the cause of major noise 
problems. Three types of compressor are found in 
common usage: axial, centrifugal, and reciprocat- 
ing. Each of these units produces noise by causing 
an alternating pressure to be developed at both its 
inlet and outlet openings. Theoretical analyses of 
the noise produced by such devices are useful pri- 
marily in estimating various physical models for 
predicting which operating parameters of the com- 
pressor are important in determining its noise out- 
put. Empirical evaluations of compressor noise 
output are generally more usebil in noise-control 
problems. 

Axial and centrifugal compressors. The over-all 
sound power level PWL in decibels re (relative to) 
10 l; * watt produced by the discharge of axial and 
centrifugal compressors can he estimated from the 
horsepower flip) used to drive the compressor, and 
the tip speed v> of the impeller in feet per seeond, 
by the following expression: 

PWL ” 20 b>g hp 4 40 log v t — 46 

The sound power radiated from the intake of an 
axial compressor is essentially equal to that rudi- 
ated from the discharge. The sound power radiated 
from the? intake of a centrifugal compressor, how- 
ever, is approximately 10 dh higher than that com- 
puted from this equation. 

Both axial and centrifugal compressors pioduce 
noise over a broad range of frequencies, with the 
predominant power occurring at frequencies asso- 
ciated with blade and impeller passage rates. The 
peak frequency output of axial compressors is usu- 
ally at higher frequencies than those produced by 
centrifugal compressors. An estimate of the spec- 
tral distribution of noise from axial and centrifu- 
gal compressors can be obtained from Fig. 2. 

Reciprocating compressors. Reciprocating com- 
pressors produce a series of pressure pulses at 
their intakes and exhausts at the fundamental and 
harmonic frequencies of the rotational speed of 
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Sound spectra pf axial and centrifugal compressors. 
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Fig. 4. Proposed damage risk criteria for wide-band 
noise (upper curve) and for pure tones or critical bands 
of noise (lower curve). 
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and a trained crew of talkers and listeners. See 
Psycho acoustics ; Speech. 

Hearing loss. An extremely important aspect of 
noise control is concerned with the prevention of 
damage to the hearing of people who are exposed 
to noise of high intensity. In these situations 
speech communication is usually unnecessary or is 
held to a minimum. 

Hearing loss is usually measured by pure-tone 
audiometry, which measures the intensity in deci- 
bels of a pure tone that is just audible to a person 
in the quiet {see Audiometry). This process is 
repeated at a number of different frequencies, and 
the values thus obtained constitute an audiogram 
called the threshold of hearing. The normal thresh- 
old of hearing has been determined for persons of 
different age groups. The difference between the 
normal threshold of hearing for a particular age 
group and the threshold of hearing for a given in- 
dividual of a comparable age is the measure of the 
amount of hearing loss suffered by that individual. 

It has been found that intense sound can cause 
either a temporary hearing loss from which the 
person recovers in time or a permanent loss from 
which there is only slight or no recovery. 

The amount of hearing loss that is suffered be- 
cause of exposure to intense noise is influenced by 
a number of factors. The following factors are im- 


portant: (1) the frequency and intensit) of the 
noise. (2) the bandwidth of the noise. (3 I the du- 
ration of exposure during a single dav, and (4) tin 
number oi years of working-day exposures. 

Damage risk eriteria. Two basic criteria have 
been deduced from research on hearing loss due to 
exposure to sound. One criterion applies to sound* 
that are pure tones or to sounds that contain most 
of their energy in narrow, so-called critical hands. 
Critical hands vary somewhat in width as a filin'- 
tion of frequency but are approximately 100 cps 
wide for most of the audible range of sound fre- 
quencies. The second criterion applies to wide- 
band noise, in which the energy is spread over an 
octave or several octave hands. These two criteria 
are shown in Fig. 4. That figure shows the maxi- 
mum pressure level that a sound can possess if per- 
sons are not to suffer a possible hearing loss as the 
result of exposure to the sound. The exposure may 
be for as long as 8 hr /day for a working life of 
20-30 yrs. 

The criteria in Fig. 4 are called damage risk for 
hearing. They are based primarily on industrial 
surveys and are designed to provide adequate pro- 
tection for all people with normal ears. Many per- 
sons can be exposed to greater intensities than 
those shown in Fig. 4 without suffering any appre- 
ciable Hearing loss. 




Fig. 5. Proposed maximum permissible sound pressure 
levels for pure tones or critical bands of noise (left- 
hand ordinate) and for octave bands of noise (right- 
hand ordinate) for frequencies of 500-1800 cps as a 
function of daily exposure time. 

People ran tolerate greater intensities than those 
shown in 1'Tg. 4 when exposure to a sound or noise 
has a total duration of less than 8 hr 'day. When 
thr exposure time is redueed by a factor of 2, for 
example from 8 to 4 hr, the maximum permissible 
level is increased by ft db; halving the exposure 
time again, from 4 to 2 hr, permits a further in- 
f rease ot ft db in the maximum permissible sound 
pressure level. Figure 5 shows how the damage 
iek eriieria for sounds above 300 rps change as a 
iimetion of the duration of dailv exposure time. 

Equivalent exftosure time. In industries and in 
the military services, persons are often exposed 
during a single day to noises of different intensities 
and do rations. Tn these situations, the durations 
<»! exposure at each intensity are expressed in 
term-, of equivalent exposure time. Equivalent ex- 
posnrr time is computed with reference to the level 
°l a "<>und of the same frequency and bandwidth 
that is at the damage risk criterion for an H-hr 
I MO-min ) exposure. For example, a 30-min expo* 
s,m * during a single day to an octave band of noise 
from 600 to 1200 cps at Hft db is equivalent to a 
ftO-min exposure to a similar noise at a level of 
dO db (the maximum level permitted for that oc- 
tave hand of noise for a 480-rniii period). The 
**fpd'alent exposure time for this example is there- 
fore ftO min. In order to determine the noise expo 
H,r<l experienced by u particular person, the actual 
durations and levels present during a typical work- 
ing day are converted into equivalent exposure 
limes. These equivalent exposure times are then 
added together; if the total exceeds 480 min it is 
included that the noise exposure is potentially 
dangerous to hearing. See Deafness; Ear fro- 
’I'^tors. 

Noise and work performance. Many studies 
uave been conducted on the effects of noise on work 
°nl])ut in industry and upon the performance of 
Psychological tests and motor-skill tasks in the 
* oratory. The results of these studies indicate 

at, in genera], noise does not have an adverse ef- 

t u P°n work performance provided (1) speech 
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communication is not involved in the work and (2) 
the workers have become adapted to the noise. 

ihe following represent the conclusions of ma- 
jor studies conducted on this problem. The work 
performed in these studies did not require a sig- 
nificant degree of speech communication. 

1. Initially workers are annoyed with and upset 
by the presence of intense industrial noise; how- 
ever. after a few days or weeks they become 
adapted and do not object to the noise. 

2. In some occupations, the reduction of noise 
results in an initial increase in work output. This 
initial increase tends to diminish with the passage 
of time. 

3. In some tasks, for example, typing, work out- 
put Eighth greater in noise than in quiet. The 
noise apparently isolates the worker from auditory 
distractions and permits greater concentration. 

4. Laboratory experiments in whuh subjects 
worked during alternating periods of noise and 
quiet show that subjects do as well on mental and 
motor tasks in the noise as in the quiet 

5. There is some indication that greater effort 
is expended when person.- work in mdse than in 
the quiet. However, with continued exposure and 
adaptation to the noise this difference in the 
amount of effort expended disappears. 

These negative or equivocal findings indicate 
that noise-control criteria are not required because 
of any possible effects of noise on work perform- 
ance. I he application of spcech-inlerferem.p level, 
or equivalent, criteria where speech communica- 
tion is an important part of the job will provide a 
noise environment that is acceptable for those work 

frequency, cps 
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Fig. 6 . Equal annoyance contours for bands of noise. 
( After K. D. Kryter) 
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spaces. The application of damage risk criteria 
where speech communication is not an important 
aspect of the job will provide a noise environment 
that is acceptable and which will not interfere with 
work output. 

Annoyance feelings. Independently of other ef- 
fects they may have, some sounds are judged by 
people to be inherently more annoying than other 
sounds. Other factors being equal, the higher the 
frequency components, or pitch, of a sound, the 
more annoying it tends to he. This fact was de- 
termined by asking people to adjust the intensity 
of sounds containing different frequency compo- 
nents until they thought that each sound would be 
as annoying as (or conversely, as acceptable as) 
each of the other sounds (see Fig. 6). 

People judge with fair consistency how annoy- 
ing, or how acceptable, they think one sound is rel- 
ative to another sound. However, people do not 
consistently agree among themselves as to how tol- 
erable, in an absolute sense, a given sound or noisq 
is. Laboratory experiments and surveys of public 
opinion (for example, around airports and along 
heavily traveled highways) reveal that with con- 
tinued exposure people heroine adapted in some 
respects to sounds of great intensities, intensities 
which initially may have been considered by them 
to he intolerable. This adaptation progresses most 
rapidly when the listeners lose their fear of i he 
sound, when they expect the sound as part of their 
normal environment, and when they learn to sleep 
in its presence. 

Largely because of these adaptation effects, it 
has not been possible to specify a criterion or 
standard for noise with respect to feelings of an- 
noyance or interference with sleep. However, there 
are ut least two major effects of noise to which man 
does not heroine adapted even though he is ex- 
posed repeatedly to the noise. These are interfer- 
ence w T ith speech communication and damage to 
hearing. 

response 

vigorous 
community 
action 
threats of 
community 
action 
widespread 
complaints 

sporadic 
complaints 

no observed 

reaction 25 30 35 40 45 50 55 60 65 

speech interference level, db 

Fig. 7. Relation between response of residents in o 
neighborhood to the speech-interference level of the 
noise causing the response. ( Modified from figure and 
method proposed by K. D. Stevens , W. A. Rosenblith , 
and R. H. Bolt) 


Corrections in db to be applied to speech-interference 
level (SIL) noise rating* 


Influencing factor 

Possible conditions 

Number «f 
db to he 
added 
to SI L 

Spectrum character 

Continuous 

0 


Pure- tone corn ponen ts 

f-3 

Peak fuctor 

Continuous 

0 


Impulsive 

43 

Repetitive character 

l exposure /min 

0 

(20- to 30-sec ex- 

(or continuous) 


posures assumed) 

1 0 00 e x posures /hr 

— 3 


1 -10 exposures/hr 

' 10 


1-20 exposures /duy 

-13 


1-4 exposures/day 

-20 

Huckground noise 

1 exposure /day 

-23 

Very <jui* k t suburban 

+3 


Suburban 

0 


- Residential urban 

-r. 


I'rhait near some in- 
dustry 

-10 


Area of heavy industry 

-- 13 

Time of day 

1 laytime only 

—3 


Nighttime 

0 

Adjustment to ex- 

No previous exposure 

0 

posure 

Considera hie pre v ic >us 
exposure 

-- 3 


Kxl rente conditions of 
exposure 

- to 


* A Tier L. L. Reranek, 1934. 


Community reaction. Noises from factorie- 
passing aircraft, automobiles, and tfucks are the 
cause of annoyance and complaints in a number ul 
communities. In some cases, legal action has been 
taken by private citizens and by municipalities to 
haveffhe noise stopped as a public nuisance. 

Surveys of this problem show a wide range in tin 
responses made by people to noises found in com- 
munities. Figure 7 summarizes the general finding 
of these surveys. In Fig. 7, the response of people 
is plotted against the intensity of the noise in term* 
of its speech-interference level. The area covered 
by the curve in Fig. 7 is for tvpical conditions. 

The results shown in Fig. 7 can he adjusted to 
make special allowance for the effects of certain 
environmental and noise conditions. Some of t liesc 
factors, as shown in the accompanying table, tend 
to make a noise more or less acceptable than is in- 
dicated in Fig. 7. The speech-interference level of 
a given environmental noise should he corrected in 
accordance with the table before being incorpo- 
rated in Fig. 7 to determine its probable effect 
upon a community. 

It should be emphasized that for any individual 
community or neighborhood there may be factor? 
present that cause the response to noise to be con- 
siderably different from that predicted by refer- 
ence to the table and to Fig. 7. [k.d.k.I 

Bibliography: L. L. Beranek, Acoustics , 1954: 
L. L. Beranek, Revised criteria for noise in build- 
ings, Noise Control , 3(1) : 19-27, 1957; C. M. Har- 
ris (ed.). Handbook of Noise Control , 1957; K. D- 
Kryter, The Effects of Noise on Man , J. Speech 
and 'Hearing Disorders, Monogr. suppl. 1, 1950; 




K. N. Stevens, W. A. Rosenblith, and R. H. Bolt, A 
community's reaction to noise: can it be fore- 
cast ?, Noise Control, 1(1) :63-71, 1955. 

Noise control in buildings 

The technology of obtaining an acceptable noise 
rruironment in various types of enclosures. Satis- 
! jirtorv noise control in buildings can be achieved 
Ili0 „r economically if it is given consideration in the 
planning stages of the building, for example, in the 
"election of the location of a building on its site, in 
the arrangement of rooms, corridors, and vestibules, 
and in the location of doors and windows. 

Sources ot noise in a building originate either in 
the air. or from direct impacts, or from a combina- 
tion of both. The sounds which originate in the air 
are transmitted (1) along a continuous air path 
through openings such as ventilating ducts, open 
windows, or cracks around doors, or (2) by forcing 
a partition lo move back and forth as a diaphragm, 
thereby communicating sound from one side of a 
wall to the other. 

Sound insulation. The methods of insulating 
-u|id borne impact sounds are somewhat different 
irorn those of insulating air-borne sounds. A struc- 
ture that i< a very good insulator for one type may 
he a verv poor insulator for the other. For example, 
a baie concrete slab 1 ft thick provides high insula- 
tion against air borne sound, blit it propagates im- 
pacts readilv. However, some constructions provide 
excellent insulation for both air-borne and solid- 
hot ne sound. 

Air borne sound can be effectively controlled by 
the use of heavy walls and ceilings or by special 
tv pcs of multiple wall structures: solid-borne 
sound can be suppressed by discontinuities in the 
transmission path. The advantages of good insula- 
tion against both types of noise may be incorpo- 
rated in discontinuous construction, that is, con- 
struction in which the rooms in a building ar 
treated essentially as a suspended “box within a 
s he||. , ‘ The wails of a room are built on a floating 
floor, that is. a floor which rests on the structural 
floor hut is separated from it by resilient supports 
°r by a resilient blanket. Ties between the walls 
and the continuous construction are avoided, bu< 
when necessary, resilient isolators are employed. 
I he ceiling is suspended from the structural floor 
by resilient hangers to leave enough space above 
• he false ceiling for pipes and other material. 

Ihe benefits of discontinuous construction can be 
almost entirely lost if proper treatment of the de- 
taiK i* neglected. Windows and doors should not 
h>rm a rigid link between a detached room and the 
"•u? rounding continuous construction, nor shonld 
pipes or duett* be allowed to present a solid bridge 
between these elements. Pipes should be suspended 
Inuu the structural floor by resilient supports. 

here they penetrate walls, pipes should be iso- 
[ r °m the partitions by rubber, felt, or other 
* ,,rn pliant material. Care should be exercised to 
Prevent cracks at these junctions and around doors. 
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otherwise the insulation against airborne sounds 
will be reduced significantly. 

Noise reduction by absorption. In addition to 
providing good air-borne and solid-borne sound 
insulation, it is necessary, in rooms where very low 
noise levels are required. to use a considerable 
amount of sound-absorptive material. The noise 
reduction provided by an increase in absorption in 
an enclosure can be estimated by the following 
equation. If the acoustic-power output of a noise 
source remains constant, and if the total absorp- 
tion in the room is increased from a i to the 
reduction in noise level in decibels is given approxi- 
mately by 10 log (do/fti). Thus if the absorption 
in a room is inc reased b> a factor of 4, the average 
noise reduction will be about 6 db. (Note that 
reduction is different at different frequencies be- 
cause the total absorption is a function of fre- 
quency.) This equation shows that the addition of 
absorptive materials in a room will provide sub- 
stantial noise reduction in a room that is relatively 
bare. However, if the boundaries and furnishings 
of a room absorb much sound, the addition of ab- 
sorptive treatment on the eeiling may not produce a 
significant reduction in noise level. In rooms that 
have high ceilings, treatment of the ceiling only 
mav not yield satisfactory results, because sus- 
tained reflections may take! [dace between the bard 
side walls. In such rooms some acoustical treat- 
ment should be applied to the side walls (for ex- 
ample, in the form of panels) as well as on the 
ceiling. Besides reducing the steady-state noise 
level, the addition of absorptive treatment also pro- 
vides beneficial effects by reducing the reverbera- 
tion time in the room and by localizing the source 
of noise to the area in which it originates. See 
Absorption (sound): Kfakhbkha tion. 

Acceptable noise levels. The accompanying ta- 
ble gives values of recommended acceptable aver- 
age noise levels for unoccupied rooms with the 
ventilation system in operation. These values are 


Acceptable average noise levels in unoccupied rooms* 


Type of room 

Recommended 
level, db 
re 0.0002 
dyne/cm 2 

Radio, recording, and television studios 

25-30 

Music rooms 

30-35 

Legitimate theaters 

30-35 

Hospitals 

35 40 

Motion-picture theaters, auditoriums 

35-40 

Churches 

35-40 

Apartments, hotels, homes 

35-45 

Classrooms, lecture rooms 

35-40 

Conference rooms, small offices 

40-45 

Courtrooms 

40-45 

Private offices 

40-45 

Libraries 

40-45 

Large public oflii es, banks, stores 

45-55 

Restaurants 

50-55 


* After V. O. Knudsen and C. M. Harris. The levels given 
in this tabic are “weighted”; that is, they are the levels 
measured with a standard sound-level meter incorporating 
an “A” 40-db frequency-weighting network. 
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used for design purposes, for example, in comput- 
ing the amount of over-all noise insulation that 
should be provided for a room. They hold for typi- 
cal room-noise spectra. Although even lower noise 
levels than those which are listed may provide some 
advantage under certain circumstances, and may 
be desirable if cost is not a factor, this table gives 
values which represent a combination of accept- 
ability and economic practicality. For certain types 
of rooms the values which are recommended are 
lower than those which are commonly found. 

Control Of solid-borne noise. Mechanical energy, 
for example an impact, may be imparted directly 
to a building structure and then transmitted with 
little attenuation to another part of a building 
where a surface is forced into vibration, thereby 
radiating noise. Such solid-borne noise should be 
suppressed at its source wherever it is practical to 
do so. Kxamples of control methods include the use 
of heavy carpeting, cork tile, or linoleum on felt 
to reduce impact transmission to the floor. 

In rating various types of floor constructions re- 
garding their solid-borne sound insulation, a device 
called a tapping machine is used. This device can 
produce steady impacts (10 per see) on the floor. 
The steady-state sound pressure levels in octave 
(or fractional-octave) hands produced by this 
source are measured in the room below or in some 
other room in the building. From these data the 
impact-sound insulation is determined. This quan- 
tity represents the improvement in insulation in 
decibels that the test floor construction provides 
over another one which is arbitrarily selected as a 
standard of reference. A floating floor construc- 
tion usually provides high values of impact-sound 
insulation. Further improvement is obtained with a 
resilient floor finish which reduces the noise in the 
room where the impart is produced, thereby lower- 
ing the resulting noise level elsewhere in the build- 
ing. .See Architectural acoustics; Noise con- 
trol; Vibration isolation. 

Bibliography: V. O. Knudsen and C. M. Harris. 
Acoustical Designing in Architecture , 1950; P. H. 
Parkin and H. R. Humphreys, Acoustics , Noise and 
Buildings , 1958. 

Noise filter, radio 

A filter used in radio communications receivers to 
reduce noise. Usually it is an auxiliary low-pass 
filter which can he switched in or out of the audio 
system. The noise filter may also he equipped with 
a switch to vary the effective receiving bandwidth 
to meet the existing conditions of interfering noise. 
The tone control of a radio or record player can 
act as a noise filter, as when high-frequencies are 
cut down to reduce record noise. A hand-pass filter 
may also he used, if the noise has a band-limited 
spectrum. See Filter, electric. [w.h.l.) 

Noise generator, electrical 

A device which produces (usually random) elec- 
trical noise for use in electrical measurements. 
Electrical noise generators are commonly used in 
measuring the noise figure of a radio receiver or 


other amplifier. They are also used in other tests o{ 
the response of an electrical system to random 
noise, and in measurements of noise intensity. Sir 
Noise, electrical. 

Some standard types of noise generator are: hoi- 
wire, diode, gas-discharge tube, and klystron. A 
hot-wire noise generator is commonly the filament 
of a lamp heated by a direct current. The filament 
is connected across the terminals where the nuisr 
is to he introduced, for example, the antenna ter- 
minals of a radio receiver. The noise generated 
the filament is thermal, so its intensity N cun W 
calculated from the Nyquist formula N = 4A77f, 
where T is temperature (°K), R is resistance of 
the filament, and k is Boltzmann's constant. A di- 
ode noise generator relies on the shot effect to pro- 
duce noise. At frequencies appreciably less than 
the reciprocal of the transit time, the noise inten- 
sity N can he calculated from the Schott ky lormula 
N = 2 e.l if, as is customary in this application, the 
anode current is emission-limited. In this formula 
e is the charge of an electron and / is the average 
anode current. A gas-discharge noise generator ib 
usually a fluorescent light tube enclosed in a wa\c 
guide. The mechanism of noise production is essen 
tially thermal; the electrons in the ga^ discharge 
acquire high random veloc ities, corresponding lo 
a high equivalent noise temperature. 'This equiva- 
lent noise temperature varies with the gas in the 
tube, bpt does not depend very much on tube di- 
mensions or on the discharge current. A reflex Ma- 
tron, with reflector grid connected to the cavity to 
prevent oscillation, generates noise because* of 
shot effect in the cathode current. 

It is convenient if the noise generated by a noise 
generator has a nearly constant intensity; cerrainlv 
it must not fall off very much, over the entire fre- 
quency range of operation. Thermal noise source* 
do potentially provide such a flut spectrum of noise 
over all radio frequencies, being frequency-limited 
only by capacitances and inductances inherent in 
the source device and its circuitry. Diodes, how- 
ever, are ultimately limited to frequencies of the 
order of the reciprocal of the transit time. In prac- 
tice, special diodes can he used up to a few hun- 
dred megacycles. For the measurement of noise 
figure at microwave frequencies, where most am- 
plifiers (triodes. traveling-wave tubes, and klys- 
trons) have a relatively high noise figure (as high 
as 20 db above basic thermal noise), gas-discharge 
tubes are preferable to hot-wire noise sources be- 
cause they produce more available noise power. 
Klystrons are also suitable noise generators at mi- 
crowave frequencies, hut they are not absolute 
standards and require calibration. I w.l.R-1 

Bibliography : A. van der Ziel, Noise , 1954. 

Noise measurement 

The process of quantitatively determining one or 
more of the properties of acoustic noise. In noise 
control research, knowledge of the physical proper- 
ties of the undesirable sound constitutes die initial 
step toward an undefstanding of what should be 
done to reduce or eliminate it. Thus the instru- 
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merits and techniques used for measuring noise 
are of fundamental importance in noise control. 
Srr Noise, acoustic; Noise control. 

instruments may be used to measure the ampli- 
tude of a sound as a function of time or frequency 
at anv point in an acoustical noise field. Although 
limited noise measurements may be performed 
with mechanical devices, almost all noise measure- 
ments today are performed with the aid of elec- 
tronic equipment. Noise measurement involves the 
use of an electroacoustic transducer (a microphone 
in air, a hydrophone in water) which transforms 
the sound pressure at the point of observation 
into a corresponding electrical signal. This elec- 
trical signal is then passed through devices such as 
filters which select the property of interest, and the 
value of thi'i property is then displayed on an indi- 
cating instrument, such as a meter or an oscillo- 
scope. 

For noise measurements in air, an instrument 
standardized hv the American Standards Associa- 
tion is available for measuring the approximate 
rms amplitude of a noise on a weighted logarithmic 
scale. Thi-> instrument is called a sound-level meter 
(SLMl, and a reading in decibels (db) obtained 
on it is called a sound level. A standard instru- 
ment also exists for filtering a microphone signal 
into octave hands of frequency, and indicating the 
amplitude in each hand on a logarithmic scale. 
Thi- instrument is called an octave-hand analyzer 
|01V\>. 

Specialized noise measurements, such as the de- 
termination of the peak or duration of a transient, 
or the computation of correlation functions, are 
o< casionallv performed. These measurements re- 
quite the use of peak-reading meters, oseilh' 
graphs or oscilloscopes, time-delay machine^. 



microphone 



Fig. 2. Simplified block diagram of sound-level me- 
ter. 


matched filter sets, and the like. Often, noise meas- 
urements are facilitated by the use of a magnetic 
tape recorder which preserves the electrical signal 
produced by the microphone for subsequent de- 
tailed analysis. 

Noise measurements are usually required to de- 
termine the properties of a noise field so that the 
optimum means for controlling this noise field may 
he determined. In general, it is possible to make 
noise measurements only at particular points in a 
noise field. Thus many measurements may he re- 
quired to determine adequately the distribution of 
noise in a space. 

This article gives detailed information on the 
sound-level meter and on various types of sound 
analyzers. For information on other devices and 
techniques common ly employed in the measure- 
ment of sound, see Hydrophone; Magnetic re- 
cording; Microphone; Oscilloscope, cathode- 
ray; Recording instruments, graphic: Sound; 
Voltmeter. 

Sound-level meter. This is an instrument which 
measures the approximate rms amplitude of a 
sound weighted according to frequency content 
and which meets the requirements of the American 
Standards Association. The sound-level meter was 
original]) standardized to indicate sound level, a 
singb number in db giving the total sound-pressure 
level weighted by an approximation to the loud- 
ness-level sensitivity of the human ear for pure 
tones. Unfortunately, however, this single number 
is not very closely related to the loudness level of a 
complex noise, and complex noises are encountered 
much more frequently than are pure tones. As a re- 
sult, the sound-level meter is often used primarily 
as a calibrated amplifier between the microphone 
and some other analyzing instrument. 

A typical sound-level meter (Fig. 1) consists of 
a microphone (usually of the piezoelectric type), 
an amplifier with a calibrated logarithmic attenu- 
ator. a set of frequency response (weighting), net- 
works, and an indicating meter with a logarithmic 
scale (Fig. 2). The electrical signal produced by 
the microphone in the presence of a sound is read 
on the meter after having been weighted with re- 
spect to frequency content by the weighting net- 
works. The sound level is the sum of the meter 
reading and the attenuator setting. 

The sound-level meter is basically a device for 
field use, and as such it is generally self-contained 
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and battery-operated. It is reliable, portable, rea- 
sonably stable under battery operation, and light 
in weight. The input impedance is sufficiently high 
to provide minimal loading for high-impedance mi- 
crophones. The output impedance is low and the 
output level high enough to drive most analyzers. 

W righting networks . The weighting networks, 
of which there are three, adjust the response of the 
instrument to fall within the limits specified by the 
American Standards Association. The A scale per- 
mits the instrument to have a response approximat- 
ing the 40-phon equal-loudness contour, the B scale 
the 70-phon contour, and the C scale provides a flat 
response to 8000 cps {see Loudness; Piion). The 
A and B weighting networks are usually used only 
to make sound-level measurements. In addition to 
the weighting networks, some instruments have a 
20-kc scale which provides a nominally uniform 
amplifier response up to 20,000 cps. When making 
a sound-pressure- level measurement or using the 
sound-level meter as an amplifier to drive a sound 
analyzer, the C scale or the 20-kc scale is used. 

The present sound-level-meter standard permits 
a certain range, or deviation, about the prescribed 
frequency response curve for each of the weight- 
ing networks. This varies from more than A 5 db at 
the extremes of the spectrum to A 2 db in the cen- 
ter. This range is primarily to accommodate varia- 
tions in the microphones supplied with the instru- 
ments. 

Meter response . The indicating instrument on a 
sound-level meter is provided with fast and slow 
response speeds which may be selected by a damp- 
ing switch. The fast response is standardized so 
that the meter gives a true indication within about 
0.2 0.25 sec after a steady 1000-cps tone is applied 
to the input of the instrument, and does not over- 
shoot more than 1 db. The slow response has not 
been standardized and may van between instru- 
ments of different manufacture. The indicating in- 
strument is designed to read approximately the 
rms value of the signal. 

Output . Most sound-level meters have an elec- 
trical output as well as an indicating instrument. 
This permits the use of earphones or some type of 
sound-analyzing equipment with the SLM. The 
electrical output is either driven from a separate 
output amplifier or designed to disconnect the in- 
dicating instrument when an output cable is con- 
nected. This prevents distortion of the output by the 
nonlinear loading of the indicating instrument. 

Smaller instruments. Several manufacturers mar- 
ket, under various names, a relatively inexpensive 
pocket-sized instrument similar to the sound-level 
meter. Complete with an integral crystal micro- 
phone, transistor amplifier, and batteries, this in- 
strument is convenient for initial examinations dur- 
ing noise studies and for acoustical comparisons 
of different noise sources. However, this device is 
less accurate than the standard sound-level meter. 
Likewise, the microphone is not removable, and 
field calibration of the device is difficult. 

Sound analyzer. This is a device which permits 
the determination of certain properties of a sound. 


signal input 



Fig. 3. Simplified block diagram of heterodyne ana- 
lyzer. 

In particular, the term sound analyzer is upplied 
to an instrument which permits determination of 
the amount of sound energy in various frequency 
bands. This device generally consists of a set of 
fixed electrical filters, or a tunable electrical filter, 
along with associated amplifiers and a meter which 
indicates the filter output. Such a sound analyzer i* 
designed to analyze the electrical signal produced 
by a microphone in a sound field. 

Analyzers used for analysis over a range of fre- 
quencies are usually divided into three catego- 
ries: constant bandwidth, constant percentage 
bandwidth, and variable bandwidth. 

Constant-bandwidth analyzers. The tunable con- 
stant-bandwidth analvzer has a fixed pass band, a 5 ' 
the name implies. This fixed pass band is swept 
through the frequency range of interest and the 
electrical signal which passes through the filter al 
each frequency is observed. 

A familiar type of constant-bandwidth analvzet 
is the heterodyne analyzer ( Fig. 8). In this device, 
the electrical signal from the microphone modu- 
lates (heats with) the signal from an oscillator. 
One of the side bands produced by this modulation 
is then passed through a fixed filter and detected. 
As the oscillator is tuned, the heterodyne passed by 
the filter contains components from different fre- 
quencies through the range of the microphone sig- 
nal. The heterodyne filter has the advantage of em- 
ploying a fixed passive filter circuit which may 
have very sharp cutoff characteristics, for only the 
oscillator need be tuned to vary the frequency 
passed by the filter. Furthermore, this technique is 
easily adaptable to use on a linear frequency scale 

Narrow, tunable, constant-bandwidth filters are 
occasionally used as sound analyzers in order to 
locate discrete frequency components in the sound. 
However, they are much more commonly employed 
as vibration analyzers, for vibration is usually ana- 
lyzed over a narrower frequency range than sound. 
The constant-bandwidth filter analyzes the range 
from 9900 to 10,000 cps in as much detail as the 
range from 100 to 200 cps. Thus it is not readily 
adaptable for use on the logarithmic frequency 
scale common to acoustics. See Vibration. 

Constant-percentage-bandwidth filters. These 
have a bandwidth directly proportional to the fre- 
quency to which they are tuned. As a result, the 
width oLthe pass band is constant on a logarithmic 
frequency scale. Sound analyzers commonly em- 
ploy constant-percentage-bandwidth filters tuned to 











Fig. 4. Response characteristics of three octave-band 
filters: 1, General Radio 1550-A; 2, H. H. Scott 420-A; 
3, Mine Safety Appliances Sound Scope. Abscissa 
scale is in units of /// ( „ where / is the frequency and 
t„ is the center frequency of the octave band. ( Data 
furnished by G. W. Kamperman) 

<ulu' «’ frequency ranges or submultiples thereof. 
Commercially available sound analyzers permit 
iin.ilxsis in hands as narrow as octave and as 
wide a- 2 octaves. However, hand widths of !•», 1 u- 
and I octavo are most common. Such sound ana- 
l\/i*is almost always employ sets of passive filters, 
one of which mav he selected for use hv a switch. 
Continuous tuning of 1 lie filter through the fre- 
qiiencx range is uncommon, although some narrow 
I'oiisumt-percenluge-handwidth filters arc on the 
market. 

The most familiar type of sound analyzer is the 
octdx e-hand analyzer (OBA). the operation of 
which lias been standardized by the American 
Standards Association. This instrument contains 
an amplifier, a set of filters selected hy a switch, 
and a meter which can indicate the signal strength 
in each filter pass hand. The standard instrument 
ha^ the following filter hands: low pass to 75 cps. 
75 150 cps. 150- 300 cps, 300-600 cps. 600 1200 
rp". 1200-2400 cps. 2400 4800 cps. 4800 cps to 
high pass, and an over-all hand which passes all 
frequencies from 20 to 10.000 cps (see Fig. 4). 
Hie lower and upper cutoff points arc controlled 
die amplifier bandwidth, the microphone re- 
sponse, or both. Assuming normal values for these 
limits the first of these hands is sometimes called 
the 20 75 cps hand and the next-to-last the 4800- 
10.000 cps hand. It can be seen that -six of these 
hands span an octave in frequency, hence the name. 
However, some of the commercially available ver- 
sions of this instrument also permit an analysis in 
narrower frequency hands. 

The octave-hand analyzer is basically a field in- 
strument. It is portable and battery operated, and 
,K commonly used to analyze the electrical output 
(, f a sound-level meter. This output is fed either to 
the over-all position or to one of the filters as se- 
lected by a switch, and thence to a 10-db step at- 
tenuator. The output of the attenuator goes to a 
feedback-stabilized amplifier stage whose gain may 
>e set during calibration. Finally, a meter and an 
°utput jack are fed through parallel output am- 
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plifiers. It is usually possible to vary the damping 
in the meter with a switch marked fast and slow. 

The standard requires that the insertion loss of 
each octave filter he 3 db or less, that the filter 
skirts fall off at approximately 20 db/octave or 
more, and that the maximum rejection be at least 
45 db. 

V anable-handwidth filter. This device, a familiar 
laboratory instrument, is occasionally used as a 
sound analyzer. The filter permits the independent 
selection of upper and lower cutoff frequencies so 
that almost any bandwidth may he obtained. 

The variahle-handwidth filter usually consists of 
several stages of RC filters, each separated hy buf- 
fer amplifiers. High-pass and h w-pass characteris- 
tics are combined to obtain bandpass characteris- 
tics. and the R and C values may he varied to tune 
the filter. 

Although some variable-bandwidth filters of the 
RC type contain peaking circuits to sharpen the 
filter edges, these filters usually do not have cutoff 
rates greater than 18 24 db 'octave. Thus they may 
not he suitable for the analysis of sounds having 
steeply sloped spectra nor for use as very narrow 
filters. See Fh.tkr, ki.kctrk:. |d.n.k.| 

Bibliography : 1.. I„ Bcranek. Acoustic Measure- 
ments , 1949; C. M. Harris fed.). Handbook of 
Noise Control , 1957; A. P. G. Peterson and L. .4- 
Beranek. Handbook of Noise Measurement , 3d 
ed.. 1956. 

Nomograph 

A graphical relationship between a set of variables 
that are related hy a mathematical equation or law. 
The fundamental principle involved "in the con- 
struction of a nomographic or alignment chart con- 
sists of representing an equation containing three 
variables, f(u,i\w) = 0 , hy means of three scales 



Fig. 1 . Nomograph for energy content of a rectangu- 
lar channel with uniform flow. 
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Fig. 2. Conversion scales for finding squares and 
square roots. 



C = f(F-32) 

Fig. 3. Stationary scales relate Centigrade and Fahr- 
enheit temperatures. 

in such a manner that a straight line cuts the three 
scales in values of u % and u\ satisfying the 
equation. The cutting line is called the isopleth 
or index line. Numbers ma> he quickly and easily- 
read from the scales of such a chart even by one 
unfamiliar with the construction of the chart and 
the equation involved. Figure 1 illustrates such an 
example. Assume that it is desired to find the value 
of E when D = 2 and Q = 50. Lay a straightedge 
through 50 on the Q scale and through 2 on the 
D scale and read 11.8 at its intersection with the E 
scale. As another example, it might he desired to 
know what value or values of I) should he used if 
E and Q are required to he 10 and 60 respectively. 
A straightedge through E = 10 and Q — 60 cuts 
the D scale in two points. D = 2.8 and D = 9.4. 
This is equivalent to finding two positive roots of 
the cubic equation IP — 10Z) 2 -f- 56.25 — 0. It is 
assumed that g — 32 ft/sec 2 in this equation. 


Scale. The graphical scale is a curve or straight 
line, called an axis, on which is marked a series „f 
points or strokes corresponding to a set of mirnhei s 
arranged in order of magnitude. If the distances be- 
tween successive strokes are equal, the scale is uni- 
form; otherwise the scale is nonuniform. The M ah- 
on a yardstick or thermometer is uniform whereat 
a logarithmic scale on a slide rule is nonuni form 

Representation of a function by a scale. Consider 
t lie function /(//). Lay off, from a fixed point Q on 
a straight line or curve, lengths equal to f(u) units: 
mark at the strokes indicating the end of each unit 
the corresponding value of //. If the unit of measure 
is an inch, the equation of the scale is x = /(//) j n , 
More generally, the equation of the scale i* 
x — mf(u) units, where the constant m { modulus) 
regulates the length of scale used for the required 
values of the variable u needed. 

Stationary scales. A relation between two \ ari 
aides of the form v = flu). or flv ) ~ Fin). • an 
he represented by the natural scales x - nu and 
x rnf(u) : or x — mf[r) and .v - tnF(u). on tin 
opposite side of the same line or axis. Figure 2 
shows the relation n 9 - r using the natural M ale- 
x — mu- and x = wu, where in this illustration 
m — 0.43 and the unit is an inch. By using loga- 
rithms the above equation becomes 2 log u - 
log v: and the scales are r — ml 2 Jog //). and 
x - tn log v. 

Adjacent stationary scales may he used to ad- 
vantage in representing the relationship between 
the tw^» variables in a conversion formula. Figure 
3 shows the relation between degrees Centigrade 
and Fahrenheit. It is easy to see that F = 1 I 1 '* 
when (! = 60; and when F - —40. ( = 10. 

Perpendicular scales. A relation between !\v« 
variables u and v of the form v ~ flu). fitt.v ) -0 
or flu) = Flv) can he represented by construct- 
ing two scales x — nif(u) and y — mF{v) on per 
pendieular axes. Anv pair of values of u and i 
will determine a point in the plane The locus of 
all such points is a curve which represents the re 
lationship between the variables a and v. The vari- 
ous types of coordinate paper, sold commercially. 
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Fig. 4. Alignment d}art for simple summation. 
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Fig 5. Variation of alignment chart involving loga- 
rithm. 
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Fig. 6. Nomograph for velocity of flow of water in 
open channels. 


are constructed in this manner. Log-log. semilog 
and reciprocal coordinate papers are probably the 
most common. These types of scales and their com- 
binations are essential in the construction of nomo- 
graphic charts, especially when the number of vari- 
ables involved exceeds three. 

Types of nomographic charts. The form of the 
equation serves to classify the type of chart. An 
equation of the form 

fi(u) 4- / 2 (f) =fi(w) 
fi(u) 4-/ 2 (t;) 4- • * =/nW da) 

leads to a chart of the type shown in Fig. 4. The 
equations of the three scales are x = mifi(u), 
m if 2 (v) and [mim 2 / (mi + m 2 ) ]h( w ) * respec- 


tively; and d\ /do = nii/m?. The equation 2u 4- 
w = 10 log v is in this form. Taking m\ = 33 1 

and </j = do the scales are 10 log i\ * 2 u> and n;/2. 
The completed chart is shown in Fig. 5. As an 
example, if v = 8 and w = 3 the value of u is 
found to be 3.01. 

Another form of equation that leads to a similar 
chart is 

U(u)h(v) • * * = fnlt) db) 

Using logarithms, this equation takes the form of 
(1) which is 

log /,(//) f log/*j(r) 4 * * • = log f n (t) 

(lc) 

The Che/.y formula for the vrlocitv of the flow' of 
water v = ci RS ) 1 / - is of this type. When loga- 
rithms are user!, the equation becomes log v = 
log r f Vs. log R 4- log .S' which may he written 

V» log ,S 4 - Vs log R = log v — log r = Q 

wlieve Q is a dummy variable. The completed chart 
is shown in Fig. f>. To find the value of v when 
R = 1. S = 0.001 and r = 100. set the straightedge 
on y - 0.001 and R — l ; now connect the point of 
intersection on the dummy scale to r — 100 and 
it-ad r = 3 at the point of crossing on the v scale. 
Alternatively the equation rnav be of the form 

’ - Mu) (Id) 

Using logarithms, this equation also takes the form 
of ( 1 ), which is 

log /j(r) -I- log log Mu) = log log M w ) 

A second form is 

Mu) +Mv) - Mu) ‘MO (2) 

when- mj K ~ m.\ ' "• » Such a chart is shown in 

Fig. 7. 



Fig. 7. Alignment chart for summation involving a 
ratio. 
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A third form is 

/l<«) +/■<*•)/«(») =/4W (3) 


where 

m \K 

*i - - > / . , M w ) 
miM w ) + w 2 

and 

y i - fi \ 7 - M w ) 
m\M w ) + m 2 


Such charts are illustrated by Figs. ] and 8. This is 
a frequently encountered type of equation. In con- 
structing the nomograph of Fig. 1, first the equa- 
tion E = L) + Q-/2gl)“ was rewritten in the form 
— Q- -+■ 2 gD-E = 2 gl) :i which corresponds to the 
basic form of (3). 

A fourth basic form is 

f\(u)/f‘Av) « f:\(w)/f\{t) (4) 

where mi > = mu/m This can he treated as a 
/-chart by using natural scales, or it takes the 
form of (1) by using logarithms. 

A fifth form is the conversion chart 

h(ii) = Cfn(v) ( 5 ) 

This is a special case of (1) or (4) and is useful 
when several conversions are to he made. Ex- 
amples are Figs. 9 and 10. In practice it may he 
useful or even necessary to use two or more com- 
binations of these basic types. 


X 



Fig. 8. Alignment chart for summation involving a 
product. 


Determinant as a basis of a nomograph. The 

condition that the three points (*t,yi), ix&yz) 
and lie on a straight line is that the deter- 

minant 


*i y\ 1 

xt yt 1 

V3 1 


0 


If an equation that relates three variables u, v, and 
tv can be expressed in the determinant form 



Fig. 9. Conversion chart relates units of measure on 
linear scales. 
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10. Conversion chart relates units of measure 
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exponential scale. 
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/l(«) £l(«) 1 

/*(«’) ^2(» : ) 1=0 

| /s(M’) gi l(«’) 1 

then a nomograph can be constructed from the 

parametric equations 

* =/i(«)i 7 #i(«) 

a: - Mv ), Y = # 2 (t’) 

* = fi(w), y « ga(u') 

The mean temperature equation 


r = (7 1 ! - r 2 )/(ln 7\ - In Tz) 


expressed as a determinant is 

0 T 1 

1/lnT, 7\/ln7\ 1 

1 / In T'i 7*2 /In 1 2 1 


0 


Figme 11 shows the resulting nomograph. 

Figure 1 e- »i ild also have been constructed from 
ihe determinant form after the energy equation is 
written as 
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Circular nomographs. The general form of t lie 
determinant for a circular nomograph is 


1 /.<«) , 

1 + l/.(«)l 2 I + l/i(«)| 2 

I Mr) 

l+f/tWI 2 l + [/2(c) 1 2 


0 



example 

9 = 30 ° 

0 = 315 * 
cut U at 2.1 

Fig. 12. Circular nomograph results from trigonomet- 
ric equation. 

(sin 0 — eos 0) 4 - AV (sin 0 — ros 0) = 0. Ex- 
pressed in the form of a determinant, it is 

| A sin 6 A eos 6 1 j 

| R ('os 0 B sin 0 1,-0 

\ II l 1 1 i 

which leads to the nomograph of Fig. 12. [r.d.d.] 

Bibliography: W. Staniar, Plant Engineering 
Handbook . 1950; K. I). Douglass and D. I\ Adams, 
Elements of Notnography , 1947. 


'\here the // and v scales lie on circular axes hav- 
ing the same center and with radii equal to x /ii. 
Consider the equation AB eos (0 — 0) 4- BV 



m *an temperature on vertical scale. 


Nonelectrolyte 

A chemical compound which does not conduct elec- 
tricity either when fused or when dissolved in a 
solvent such as water. The bonding in nonelectro- 
lytes is covalent. Most organic compounds, with the 
exception of the acids and amines, are nonelectro- 
iytes, and so are many inorganic compounds such 
as the halides of the nonmetals. However many in- 
organic compounds with covalent bonds react chem- 
ically with water to produce electrolytic solutions. 
See Chemical binding; Electrolyte; Somjtiqn. 

[t.c.w.1 

Nonmetal 

The elements are conveniently, but arbitrarily, 
divided into metals and nonmetals. The nonmetals 
do not conduct electricity readily, are not ductile, 
do not have a complex refractive index, and in gen- 
eral have high ionization potentials. 

The nonmetals may vary widely in physical prop- 
erties. Hydrogen is a colorless permanent gas; 
bromine is a dark red, volatile liquid, and carbon, 
as diamond, is a solid of great hardness and high 
refractive index. If the periodic table is divided 
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diagonally from upper left to lower right, all the 
nonmetais are on the right-hand side of the diag- 
onal. Examples of elements which do not fit neatly 
into this useful but arbitrary classification are tin, 
which exists in two allotropic modifications, one 
definitely metallic and the other with many prop- 
erties of a nonmetal, and tellurium and antimony. 
Such elements are called metalloids. See Ioniza- 
tion potential ; Metal; Metalloid; Periodic 
table. [t.c.w. j 

Nonstoichiometric compounds 

The law of constant proportions is usually con- 
sidered to be among the most general principles in 
chemistry. It is. of course, true that the familiar 
organic compounds and many inorganic substances 
appear to have constant compositions. There are, 
however, a large number of inorganic substances 
which do not exhibit constant, integral ratios of 
atoms in their stoichiometries. Many familiar bi- 
nary compounds exhibit this variability. Examples 
are VHoiwm Cello. r> .», TiOo.« i as, FeOi.oi, i i<». and 
CiiySi is. These substances are called nonstoichio- 
metric or Berthnllide compounds. The classification 
does not normally include simple solid solutions 
such as are common to certain alloy systems, be- 
cause these are not compounds in the usual meaning 
of the word. See Definite composition, law of; 
Stoichiometry. 

Classification. The deviations from stoichiome- 
try may he explained and classified simultaneously. 
The most obvious classification of these compounds 
involves separating them into two categories de- 
pending on the nature of the element which is in 
excess, that is, those compounds containing an 
excess of the more electropositive element (metal) 
and those containing an excess of the more elec- 
tronegative element (nonmetal). Because tlie^e 
deviations from ideal stoichiometry arc limited to 
the solid state, thev are most readily understood in 
terms of the manner in which the structures of 
crystals may be altered bv the presence of an ex- 
cess of one of the elements. These effects are un- 
derstandable as a consequence of theories dealing 
with defects in crystalline solids. The two tvpes of 
crystal defects which arc of significance here in- 
volve the removal of ions from their usual sites in 
the crystal, giving rise to ion vacancies, and the 
addition of ions into voids (interstices) between 
the ions that make up a normal completed lattice. 
The latter may he referred to as interstitial ions. 
These considerations double the number of classes 
of nonstoichiometric compounds, as follows; 

Compounds with excess metal; Type I, as a re- 
sult of vacancies at anion sites; type II, as a result 
of the presence of interstitial cations. 

Compounds with excess nonmetal; Type HI, as 
a result of vacancies at cation sites; type IV. as a 
result of the presence of interstitial anions. This 
classification is illustrated in the table. 

Structure. In all of these cases, crystals must re- 
main electrostatically uncharged. Consequently, 
an excess of metal can occur only if some of the 
metal ions are in lower oxidation states than the 
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hulk of those making up the lattice, or alletnu- 
li\elv. if the number of electrons necc^uy to main- 
tain electrical neutrality arc* otherwise incorpo 
rated in the lattice. It has been •diown that in some 
type I structures, electrons may occupy the umm. 
vacanyes. Similarly, if the nonmetal is in excr«. 
an equivalent number of the metal ions must c\i-t 
in oxidation states higher than the dominant state. 

From these considerations, it may he conclude*! 
that nonstoichiometric compounds should omit 
when (1 ) the energy necessary to produce cnstal 
defects is small, (2) the energy difference between 
two oxidation states of one of the elements is n<» r 
too large, and (3) the difference in the sizes of the 
atoms is similar for the two oxidation states men- 
tioned in (2). See Crystal defects; Ionic crys- 
tals; Solid-state chemistry. [d.h.b.1 

Normal 

A term generic-ally synonymous with perpendicular, 
which often refers, specifically, to a line that g<>e^ 
through a point P of a curve C and is perpendicular 
to the tangent to C at P. If a plane curve C has 
equation y = /(*), in rectangular coordinates, the 
normal (line) to C at / > (*n,yo) has slope —1/' ( *•>)- 
provided /'(*<>) 0. The expression /'(so) denote? 

the derivative of /(s), evaluated for x = xo, and so 
has equation y — y<> = [ — ]/f'(xo) ] (x — xo) • ^ 
curve C is not a plane curve, all normal lines of C 
at point P on C lie in a plane, the normal plane of 
C at P. For the other uses of normal (for example- 
normal form of equation of a line or a plane), see 
Analytic geometry. [l.m.rl-] 

North America 

The northern of the two continents of the New 
World or Western Hemisphere, extending fr orn 
narrow parts in the tropics to progressively broader 
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Fig. 1. Landform map 


of North America. (Drawn by E. Raise) 
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portions in middle latitudes and Arctic polar mar- 
gins. This protuberance of the earth's crustal shell 
stands with some 9,363,000 mi- of land above the sea 
and ranks third in size among the continents. The 
continental mass upstands with deep submarine 
continental scarps toward the ocean basins at a 
marginal break or change in slope which appears 
at varying shallow depths of continental submarine 
shelf. These shelf areas of shallow sea bottom ex- 
tend offshore for distances up to several hundred 
miles (see Continent). As a practical expedient, 
maps commonly show the bathymetric contour of 
500 ft or 100 fathoms (600 ft) to indicate the ap- 
proximate limits of these peripheral continental 
features (Fig. 1). Most of this outline of North 
American physical geography emphasizes physiog- 
raphy, especially land surface character, but it 
also includes some aspects of continental shelves 
considered as coastal-zone character. This focus is 
intended to present a basis for understanding other 
environmental and human features with which the 
land character is commonly interrelated. 

Location. Two aspects of the location of North 
America, local and global, appear of considerable 
importance in present affairs. 

Local extent and location. North America, the 
continent with adjacent islands, traditionally in- 
cludes Greenland and the West Indies which are 
considered only incidentally here. See Arctic and 
subakctk: islands; West Inlhk*. 

The North American continent extends from 
southeastern Panama (6°6 / N) at its isthmian fron- 
tier with .South America to the northern tip of the 
Boothia Peninsula (72°10'N), northeast of the 
magnetic pole. This makes an extreme north-south 
distance of approximately 4-554 miles. If the Arc- 
tic islands are included, this distance increases to 
5272 miles; the northern tip of Grant Land on 
Ellesmere Island is at 82°30 , N. The maximum lon- 
gitudinal spread is from easternmost Greenland 
( 18°W ) to the westernmost of the Aleutian Islands 
(172°E), a total of 170°. Canada and the United 
States, exclusive of Alaska, lie between longitude 
52°W and 142°W. Since the narrower portion of 
the continent lies equatorward of 30°N latitude, 
relatively little of its area is in the tropics, whereas 
the greatest area occurs in mid-latitudes with con- 
siderable portions extending into the subpolar and 
polar regions. 

Global position. The peculiarly strategic posi- 
tion of this northern continent in relation to Cen- 
tral and South America, the oceans, and the other 
continents of the world is difficult to visualize with- 
out the aid of a globe (see Globe, terrestrial). 
Almost all of North America lies west of South 
America. Aviation routes due south from most of 
North America would miss South America entirely; 
those south from New York and Miami cross Pan- 
ama, continue along the western coastal margins 
of South America, and turn eastward over the An- 
des Mountains, in reaching such places as Buenos 
Aires or Montevideo. The distance is shorter, by 
surface ship, between the east and west coasts of 


North America via the Panama Canal, and it is also 
shorter from Buenos Aires to New Orleans via 
Cape Horn or the Strait of Magellan, along the 
west coast, and through the Panama Canal, than 
via the routes of eastern South America into the 
Caribbean Sea and Gulf of Mexico. The location of 
Panama and the Caribbean is still strategic with 
regard to modern airways as well as to sea routes 
between the Atlantic and Pacific Oceans. 

The grouping of the broad parts of the land- 
masses of the Northern Hemisphere, North Amer- 
ica and Eurasia, around the polar region and the 
Arctic Ocean has special significance today. Great 
circle routes between the regions of greatest popu- 
lation in North America, Europe, and southern and 
eastern Asia have long caused surface ships to 
swing far north along the Aleutians, Newfound- 
land, Greenland, and Iceland on the subarctic mar- 
gins (see Great circle, terrestrial). Modern air- 
craft, submarines, and navigation methods make 
possible today even shorter great circle routes be- 
tween certain centers via polar-margin and trans- 
polar routes which are more northerly than wu* 
previously considered feasible. See Navigation. 

Polar navigation; Submarine. 

Physiographic provinces. The land surface is 
the base upon which all the other geographical ele- 
ments arc placed. North America can reason- 
ably divided into some (> broad physiographic divi- 
sions, based on their general geologic stiucture 
and subsequent landform development. Those are. 
in turn, further subdivided on the basis of inoie 
localized variations in topography. Various phase- 
of physical geography are integrated into a discus- 
sion of the physiographic divisions so as to present 
some composite geographic concept of each divi 
sion. province, and section. 

CANADIAN SHIELD 

The Canadian Shield, also known on the main- 
land as the Laurentian Upland province, is the 
core around which the rest of North America has 
been built. In general, this province occupies the 
northeast quarter of North America, being defined 
by the St. Lawrence Gulf and River, the upper 
Great Lakes, and the series of large lakes in cen- 
tral Canada extending north from the United 
States border, including Winnipeg, Athabaska, 
Great Slave, and Great Bear lakes. The two exten- 
sions of this region into the United States are the 
Adirondack Mountains in northern New York state 
and the Superior Highland circling the western end 
of Lake Superior. 

The Canadian Shield is composed of ancient 
crystalline rocks which have been subjected to geo- 
logical processes such as volcanism, folding, fault- 
ing, warpage, and erosion. With minor exceptions 
the surface rocks were formed in Archeozoic and 
Proterozoic times (see Geological time scale). 
It is hero, outcropping at the surface, that some of 
the most ancient rocks of the world are found, and 
any younger overlying structures are missing, hav- 
ing been eroded and carried away. Extensive ero- 



North America 


141 



New England Maritime Province 2 Older Appnlac hums 
| 3 Newer Appalachian 4 Tmqssic lowland 5 Appalachian 
| Plateau 6 Interior low Plateaus 7 Otark Province 8 Ouachita 
| Province 9 Central lowland Piovirne 10 Great Plain* Province* 

11 Southern Rocky Mountains 12 Middle Rocky Mountains 20 Columbia Plateau 

13 NorthrrnRock.es 14 A,«t.cRock.es 15 Central Alaska 21 Basin ar.d Range Province 

16 Sierra-Cascade Const Mountains 17 Pacific Troughs 22 Colorado Plateaus 

18 Pacific Coast Ranges 19 Interior Plateaus of Canada 22 Mexi con Highland 


Fig. 2. Sketch map of physical divisions of North America. (Modified from A. K. Lobeck and others) 


*ii>n over long periods has resulted in a surface 
tuat has been somewhat smoothed and lowered in 
Mirf so it resembles an undulating plain, except 
along the southern and eastern borders. Most of it 
lies at elevations of less than 2000 ft above sea 
level. Near the coast of Labrador uplift and tilting 
hive created higher elevations which make the area 
a Ppear mountainous. The escarpment along the At- 
lantic Coast has been serrated by the tongues of 
mountain glaciers into fiords, making this area the 
m<>si rugged section of the province. Sre Imord. 

Two centers of Pleistocene glaciation were lo- 
r atcd in the Ungava Peninsula (between the At- 
lantic Ocean and Hudson Bay), known as the Lab- 
ra dor center, and the Keewatin center, west of 


Hudson Bay. The glaciers scraped most of the 
loose rock off the Laurentian Upland, leaving out- 
crops of hare rock on knobs and low rises and 
gouging out troughs and depressions in the softer 
rocks. These low spots have since been occupied by 
lakes and streams, some of which are clogged with 
vegetative debris (muck) and are called mus- 
kegs. Since the entire area has either a subpolar 
(tundra ) climate or one with long severe winders 
and short cool summers, bacterial action is slow, 
so that peat and muck bogs are readily formed. 1 he 
great northern or coniferous forest is well devel- 
oped in the southern portions of the Laurentian 
Upland and in areas of better soils, but the trees 
become more scattered and stunted in growth with 
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Fig. 3. Three-dimensional block profile of surface Shield. ( From A. K. Lobeck, Physiographic Diagram of 
and structure of a part of the Laurentian or Canadian the United States, Hammond, 1957) 


progression northward. .See Forest vegetation; 
Tundra. 

Native animal life is varied and plentiful with 
the larger herbivores (vegetation eaters) repre- 
sented by moose, bears, deer, caribou, and musk 
oxen, and the carnivores (meat eaters) involving a 
great variety of smaller fur-bearing animals, such 
as wolves, fox, otter, and mink. Kish in great vari- 
ety are found in the many lakes and streams, while 
numerous migratory land birds are attracted dur- 
ing the summer by the hordes of mosquitoes and in- 
sects that annually hatch in the swamps and bogs. 
Migratory waterfowl find this area ideal for their 
breeding grounds and summer sustenance. 

Because of the low average annual temperatures, 
evaporation is slight, and a small amount of pre- 
cipitation is capable of keeping the area humid. 
Early snowfalls do not melt and a considerable 
snow depth is accumulated by late winter even 
when the total winter precipitation represents only 
3 or 4 in. of rainfall. 

Most of the rivers are of local significance only, 
having glacial lakes as their origin and containing 
many rapids and falls. The rapid run-ofl of melting 
snow in the spring creates floods, whereas in win- 
ter the surfaces may be frozen over. Along the 
southern border near settled areas some streams 
are utilized for the generation of hydroelectric 
power, but most of this resource is as yet undevel- 
oped. 

The Canadian Shield is one of the great miner- 
alized areas of the world, containing a variety of 
both ferrous and nonferrous ores. Detailed pros- 
pecting and utilization of the minerals are gener- 
ally limited to the outer border of this province, es- 
pecially along the south fringe where economical 
transportation is provided. 

Podzol soils have profiles of 18 to 24 in. in the 
equatorward sections but northward become pro- 
gressively shallower until the tundra soils are 
reached. In general, the soil is thin, often coarse 
in texture, acid in reaction, and of questionable 
fertility for agriculture. Many areas are water- 
logged so that mature profile soils cannot be 
formed. .SVe Soil; Soil, zonal distribution. 

Adirondacks. This detached section in New 
York state is an eroded plateau on the northwest 
but is a rugged mountain area with elevations over 
5000 ft in the central and southeastern sections. 
The area has been made a state park, the largest in 
the United States. Timber cover of mixed hard- 


woods and conifers is maintained to enhance it * 
value for recreation and to protect the watershed 
which supplies some of the water needed by i\n* 
York City. Iron ore ir. mined in the northern part of 
this subdivision. 

Superior Highland. A subdued portion of thr 
Canadian Shield encircles the western end of Lak* 
Superior. It is best known for the iron-ore deposit^ 
which have been extensively exploited in Minne- 
sota, Michigan, and Wisconsin and for native (me 
tallic form) copper, that, in all of North America, 
is found in commercial quantities only in the K< 
weenaw Peninsula of Michigan. 

Clay Belt. Bordering the western and southern 
portions of Hudson and James Bays, the Clay Brit 
is a lowland area composed of recently deposited 
clays and silts laid down in large glaeial lakes tlur 
ing the withdrawal of the continental glacier* 
These clays are underlain hy sedimentary rocks o! 
Paleozoic age (500,000,000 to 250.000.000 year* 
old) that slope gently under Hudson Buy. This ana 
has only recently been uplifted above sea lew! 
West and south from Hudson Bay the area rise* 
gradually to an elevation of a few hundred feet. The 
low elevation and almost level nature of this area 
give rise to many swamps. Better soils, of the day* 
and silts, provide more favorable conditions for 
forest growth so that some of the best sprint 
stands in the Canadian Shield are found in thi* 
section. 

Ontario-Quebec subdivision. This section i* 
best known for its mineral and forest resources. 
The geology is very complex so that great varia 
tions occur within limited distances. Gold is wide- 
spread in distribution hut ores of many nonfer- 
rous metals have been uncovered at numerous site*. 
Sudbury accounts for 85% of the nickel mined in 
the world, excluding the Communist countries. 
Ores of copper, lead, zinc, and cohalt, and silver 
deposits are also worked. The spruce forests are 
utilized for wood pulp and paper. Sportsmen and 
other recreationalists are attracted by this land 
and by the game and fish which abound in the for- 
ests, lakes, and streams of the area. 

Labrador section. The Labrador section ha> 
been roughly prospected and holds promise of be- 
ing as well endowed with minerals as the Ontario- 
Quebec section, but until recently very little ha* 
been done to exploit the mineral resources. Iron 
ores in the Ungava trough are now being mined. 
This trough extends as a down-faulted area from 
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f'9* 4- Map of natural vegetation of North America, 
'^om P. E. James and H. V. 8. Kline , Jr ., Geography 
of Man, Ginn, 1949) 


I'ngava Bay in the north to the St. Lawrence Bay. 

the east lie the higher mountainous portions 
p nil>racjng the Labrador coast. Both coniferous 
a *id broad-leafed trees grow in the area but the 
trcf»s generally are not well developed and give 
Place to tundra in the north and to an almost veg- 


etationless zone along the Labrador coast (Fig. 3). 
Communications have been very poor so the area 
remains practically undeveloped. 

Keewatin and Barren Lands. The Keewatin 
section lies west of Hudson Bay, and the Barren 
Lands are the tundra extending north to the inter- 
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island waters of the Arctic archipelago. These 
areas are little-known. The southern part appears 
to be a poorly drained, low plateau with a thin 
cover of coniferous forest. In the north, crystalline 
rock slopes gently northward and forest gives way 
to tundra. These Barren Lands are the home of 
caribou and musk oxen. Some uranium is mined in 
the south, in Manitoba, and on the shores of Great 
Bear Lake in the north. Adequate prospecting 
should uncover additional mineral resources. 

APPALACHIAN HIGHLANDS 

A great variety of highlands and associated low- 
lands in eastern United States and southeastern 
Canada are considered as composing the Appala- 
chian Highlands, making it a very complex region. 
It is generally divided into the New England-Mari- 
tiine Canada province and the Appalachian prov- 
ince, which in turn is further subdivided into older 
and newer sections. 

Rocks ranging from ancient crystalline to Re- 
cent sediments are found in the same geographic 
area in various sections of this highland region. 
The crystalline rocks predominate in the northern 
and eastern portions while the northwest and west 
are characterized by sediments of Paleozoic time. 
See Geological time s< ale. 

Geologic structures of almost every type, which 
have been subjected to a variety of erosional and 
depositional processes, are found somewhere in this 
region. Doming, folding, faulting, and tilling, as 
well as volcanic activities, contribute to the variety 
of surface features. Major uplifts followed by long 
periods of erosion have left what might otherwise 
have been a very high and rugged mountain area as 
a generally subdued highland with maximum ele- 
vation only slightly exceeding 6000 ft in a few sum- 
mits. Even the peaks are smoothed and rounded by 
erosional forces. 'The northeast-southwest trend of 
the province from Newfoundland to northern Ala- 
bama appears in most of the individual structures. 

The severe winter phase of the continental humid 
climate prevails throughout the area providing 
marked seasonal changes between winter and sum- 
mer. The more elevated sections in the south have 
cooler temperatures than the latitudinal position 
would indicate, thus providing relief from summer 
heat in adjacent lowlands. Also, the uplands re- 
ceive from 35 to 55 in. of precipitation which 
makes this a well-watered region and in winter 
provides a deep snow blanket. 

Podzol and gray podzolitic soils prevail where 
slopes permit the accumulation of regolith (frag- 
mental mineral material) and erosion has been less 
rapid than the soil-making processes. Where 
formed from crystallines, these soils are acidic in 
reaction but are neutral or alkaline in the lime- 
stone outcrops which provide the better soils for 
agriculture. 

The mixed mid-latitude broad-leaf coniferous 
forest occurs throughout the region, but locally 
either the broad-leaf or coniferous .species may oc- 
cur in pure stands with different species predomi- 


nating (Fig. 4). Excessive lumbering has changed 
the character of the remaining forest, even on tin? 
more rugged and less settled parts of the region. 

The larger animals native to the Appalachian* 
include bear and deer, and a few moose in the 
north, and considerable numbers of both larger and 
smaller animals still live in the area. Small game, 
fur hearers, and meat animals include beaver, fox. 
opossum, and squirrels. 

The rivers are mostly small and turbulent. The 
relatively heavy rainfall supplies abundant water 
that drains out of the region and the upland char- 
acter of the area provides many small hydro- 
electric- power sites. The water resources, however, 
have been useful in attracting industries that utilize 
large amounts of water, such as papermaking and 
the synthetic fiber industry. 

This highland area is rich in mineral resources 
which tend Lo be localized. The newer Appala- 
chians, as a whole, have the greatest bituminous 
coal reserve in the world and are the site of the fir ^t 
developed petroleum field in the United Stales 
Elsewhere, minor coal deposits are found in Nova 
Scotia; iron ores in Newfoundland, New England. 
New Jersey, and Alabama; lead, zinc, wolframite 
in New Jersey; asbestos in Quebec; limestone, 
granite, marble, and slate in various localities; ami 
gold in North Carolina. The Appalachian coal 
resources have contributed greatly to making the 
United States the world's leading industrial nation 
and locating much of this industry in the north- 
eastern portion of the country. 

New England-Maritime province. Asa result in 
part of continental and mountain glaciation, hut 
also because of extensive recent stream erosion 
much of this province is rough land and some 
more rugged than most of the Appalachians. Set- 
tlement has largely been limited to the coastal bor- 
ders or the larger lowlands trapped inland among 
the highlands. Much of New England and New- 
foundland is composed of crystalline rocks that 
have been subjected to considerable warpage, fold- 
ing, uplift, and erosion, whereas the western part 
of New England and the Canadian section south of 
the St. Lawrence is made of sediments that wen* 
folded, compressed, and only locally metamor- 
phosed into crystallines. Brief notes on the eight 
commonly recognized subdivisions follow. 

N ew fo midland. Ancient and Paleozoic crystal- 
line rock structures of northeast trend compose 
this detached segment of the Appalachians. The 
island is a tilted low plateau sloping generally to 
the east. A few peaks along the western edge have 
elevations of 2500 ft. The irregular coastline with 
long, narrow, parallel peninsulas results from the 
basic structural alignment and the intermixture of 
rocks with varying resistance to erosion. Spruce 
forests of the interior support wood-pulp and pa- 
per-making industries, and high-grade iron ore is 
available on Bell Island in Conception Bay. 

Coastal Border and Nova Scotia . The Coastal 
Border and Nova Scotia section resembles New- 
foundland in structure except that the orientation 
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Fig. 5- Diagram of land surface and structural re- A. K. Lobeck, Physiographic Diagram of the United 
lationships in southern part of New England. (From States , Hammond , 1957) 


j iW r ,|ort» east-west and the rocks are geologically 
\minper. Very little of the area rises above SOU ft 
in do at ion so that local relief is moderate. Low- 
land* between the ridges in Nova Scotia provide 
better-qnalitv soils which are the sites for agri- 
cultural settlements. Coal, mined in Cape Breton 
Mand. is the base for a small-scale steel industry. 
I'nderlving crystalline rocks. exposed along the 
ocean shoreline by wave; cutting, provide a very ir- 
regular shore: with small bays, headlands, and is- 
lands. The coastal strip, which becomes narrower 
r<» i lie south, is covered bv unconsolidated marine 
,'liivs which are intensively farmed in New Bruns- 
wick and southern Maine but elsewhere have re- 
veiled to second-growth scrub forest after lumber- 
ing. Fishing and boat building support numerous 
small settlements along the coast. A few large 
i il'c- such a- Boston and Portland depend on trade 
and manufacture of raw materials imported from 
niiNide this section. Claciation contributed to the 
irregularity of the coastline. The continental shelf 
lie i e is the wide Grand Ranks noted for fishing and 
for stormy seas. 

A etc England Upland section. Old rocks of this 
area constitute a core of the New England-Mari- 
time province. The crystalline rocks have been sub- 
let to a number of peneplanations (.see Gkomoh- 
I’Homh.y: Fi.timai. kkosion cycli.) during and 
since Paleozoic time so that the area is a plateau 
with the hill crests varying from 800 to 2000 ft in 
elevation. Beginning on the shore of Baie de Cha- 
Iciir. the Upland extends south to Long Island 
^ound with a prong forming Manhattan Island and 
anoMier protruding southwestward across the lind- 
en River to the vicinity of Reading, Pennsylva- 
nia. The southern portions of this section are lower 
than the res*, ranging from sea level to elevations 
°f a few hundred feet, and creating hilly belts 
rather than plateaus. Forests are maintained in 
the central and northern sections while efforts to 
reforest the area are progressing in the south. 

Connecticut Lowland . A down-faulted and tilted 
block of Triassic rocks through which the Connec- 
ticut River flows makes an area of fertile soil and 
divides the southern upland into two segments. 

Taconic section. This is a narrow strip lying be- 
tween the New England Upland and the Green 
Mountains to the east and the Hudson-Chamtdain 
Lowland to the west (Fig. 5). It is an area of folded 
S edinients that have in part been metamorphosed, 
‘beating slate from shales. The higher ridges reach 


2000 ft elevation compared t** the lower relief in 
the western Upland. 

Green Mountain section. Some of Vermont and 
southern Quebec resembles the Taconic section in 
that it is a folded area with the axis running north- 
south, hut the Green Mountain folding was more 
intensive so that most of the rocks are metamor- 
phosed and intrusions of volcanics provide a 
greater variety of rocks. More resistant ridges 
reach 3000 ft elevation. Relatively little lowland is 
available for agriculture; the main activity is min- 
ing granite, marble, and. in Canada, asbestos. 

White Mountain section. Here the surface rises 
above the New England Upland in northern New 
Hampshire and western Maine to an elevation of 
6000 ft. ft trends in a northeasterly direction from 
the Green Mountains, but is composed of individual 
erosional remnants rather than parallel ridges. 
Higher elevations are above timber line and the 
heavy snows in this section have encouraged its 
use for winter sporN 

Gaspe section. This coastal upland resembles 
the Taconic Mountains except that the folds extend 
eastward around the north portion of the New 
England area to the Gulf of St. Lawrence. Here 
elevations reach 4250 ft. The sparse population is 
concentrated in small villages along the coast. 

Appalachian provinces. Northwest and west of 
the New England-Maritime province are structures 
of folded Paleozoic rock in the St. Lawrence Val- 
ley. the Champlain Lowland, and the Hudson Val- 
iev. Although their surface character and soils have 
been modified by recent (Pleistocene) glaciation, 
their physical and related geographical character- 
istics are such that it is logical to consider them 
related parts of the northeast-southwest extent of 
the Newer Appalachians, variously called the 
folded valley and ridge province, the Great Valjey. 
and numerous other names in local parts (such as 
Shenandoah Valley). The regionally parallel ridges 
and valleys are subdued, but present, in these 
northeastern parts of the Newer Appalachians, but 
the ridges of relatively resistant rock upstand in 
linear pattern of hill and low mountain terrain 
between Pennsylvania and Alabama. 

A sketch of geological history may be of aid in 
understanding ihe Appalachian provinces. Thou- 
sands of feet of sediments were scoured off from a 
great Paleozoic Appalachian highland and depos- 
ited into beds to the westward in what is now in- 
terior North America. These beds extend great dis- 
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tances into the present interior plateaus and plains, 
but the deposition was particularly heavy in a long 
northeast-southwest geosyncline, or developing 
trough, just westward of the old eroding highland. 
Lateral pressure subsequently folded the sedimen- 
tary rock beds of the geosyncline into generally 
open folds, [t is thought that these fold structures 
were eroded to a peneplain during the Mesozoic 
Era, and that later uplift or rejuvenated stream ac- 
tion is now etching the region at a differential rate 
— more rapidly in the less-resistant rocks. This 
leaves the edges of the more-resistant layers up- 
standing in the generally linear pattern of the 
Newer Appalachians. The summits of the more- 
resistant ridge structures may represent in part 
the past (Cretaceous) peneplain level, thereby ex- 
plaining the rather common accordance of summit 
level of the ridges in many parts of the Newer Ap- 
palachians. 

To the west today are the several sections of the 
Appalachian plateau and to the east the long- 
eroded remnants of the old Appalachian high- 
lands- the Older Appalachian provinces. These ex- 
tend alongside the Newer Appalachians to form, 
with the New England-Maritime province**, the 
present Appalachian Highlands of southeastern 
North America. 

Ohlcr Appalachians provinces. Mostly crystal- 
line rocks, igneous and tnetamorphic of long and 
complex history, underlie this two-part region of 
northeast-southwest trend between the New Appa- 
lachians province and the sedimentary rocks of the 
coastal plain. In a sense these are the stump and 
root rocks of the great Paleozoic Appalachian 
highland that presently appear at the face of the 
earth. The materials, long eroded from the overly- 
ing mass, were deposited not only in the beds of 
interior regions, such as the present Newer Appa- 
lachians and the Appalachian plateaus, but also es- 
pecially in great beds that now comprise the struc- 
tures of the coastal plain and the continental shelf. 
Thus the older crystalline rocks also form the base 
upon which the coastal-zone sediments rest. Be- 
cause the old-rock areas were not affected by Pleis- 
tocene glaciation, present surface of these prov- 
inces is generally deeply mantled by soil materials. 
In considerable contrast to the New England-Mar- 
itime provinces, rocky and bouldery soils are rare; 
hare rock exposures are uncommon enough even in 


mountainous parts to be conspicuously notable- 
and the interesting lakes of the New England urea 
are lacking. 

The two parts are (1) a long belt of the Blur 
Ridge section along the northwestern side, of hill 
and low mountain country overlooking the Newei 
Appalachians; and (2) the somewhat broader and 
longer Piedmont upland extending as a rolling and 
occasionally hilly country, mostly between the 
mountains of the Blue Ridge section and a lower 
eastern horder with the coastal plain lowland* 
Both of these sections extend from rather blunt 
ends in North Georgia and Alabama, respectively, 
to narrow prongs in Pennsylvania and New Jersey 
Between these prongs and two similar hut south- 
ward-pointing prong* of the New England upland^ 
stretches a Triassic lowland. This separates the 
New England provinces, at about the location <>t 
New York City, from the Older Appalachians in 
Virginia and to the southwest. 

1. The Blue Ridge section is generally a mass u( 
the Older Appalachian rocks upstanding above thr 
lowland floors of the Newer Appalachians on out- 
side and distinctly above the Piedmont upland on 
the Atlantic side. The Roanoke River, near Koa 
noke. Virginia, flows through a water gap from the 
valleys of the Newer Appalachians and thence east 
ward to the Atlantic, and the Blue Ridge K seg- 
mented to the north by the James and the Pntnrnm 
Rivers passing eastward through similar water 
gaps. In all these parts the mountains vary from a 
fairly ^compact range of irregularly arranged 
rounded mountain summits (largely forested or re- 
forested) to a definite linear ridge character in the 
northern parts. Today a growing proportion of tlii*- 
section is being preserved in national forests and 
parks. Southward of Front Royal, Virginia, the 
Shenandoah National Park contains the scenic Sk\- 
line Drive for more than 100 mi to Rockfish (hip. 
and all parts are being used more and more fur 
recreational activities, especially camping and hik- 
ing on the Appalachian Trail. Between Rockfish 
(Jap and Roanoke the mountain highway, the Blue 
Ridge Parkway, runs through large areas of na- 
tional forest. After u gap across the Roanoke Val- 
ley this great parkway resumes at the summit of the 
Blue Ridge. 

Southwest of the Roanoke River gap, the moun- 
tain country is perhaps better termed the Southern 


FOLDED APPALACHIANS Great Smokies 

Great Valley It.' 


COASTAL PLAIN 


Stone Mtn. 

v?c v‘ v ' ' '''• f ~ ' •- - rr rsr 

\ OLDER APPALACHIANS 


Chunnenugga Ridge 
inner lowland. cuesta* 


ocean 




^ Piedmont C Fall Line 




Fig. 6. Structure and topography diagram of the southeastern United States. ( From A. K. Lobeck, Physi’ 
Older Appalachians (Southern Appalachian Moun- o graphic Diagram of the United States, Hammond' 
tains. Piedmont plus bordering Coastal Plain) in 1957) 




North America 


147 



Fig. 7- Surface and structure diagram of the Newer 
Appalachians. ( From A. K. Lobeck, Physiographic Dia- 
gram of the United States , Hammond , 1957) 


•Vppalachian Mountains. For some 300 mi the Blue 
i<- the asymmetrical summit and stream di- 
vide of a scarp, narrow and steep in places, hut up 
to 10 mi wide where it ha** been deeply scored ]>v 
headwaters of streams flowing to the Atlantic. Oc- 
casional groups of hills and low mountains stand 
iihove the adjoining Piedmont as outlier remnants 
of the retreating scarp face. Beyond the elevated 
blue Kidge Divide, headwaters of streams flowing 
to the ( r ii I f appear to he eating out rolling to li ill \ 
Doored upland basins interspersed between various 
masse* and ranges of mountains reaching 2000 ft 
and mote above the basins. A few' peaks surmount 
tin Blue Ridge summit, but moie and higher 
iminded mountain summits rise beyond: Ml. Milch- 
ell at h()H4 ft is the highest elevation east of the 
Mississippi River. All of the northwestern margins 
ate mountainous in the Unaka Range and the Cical 
>ii:okv Mountains, now a national park. Here the 
-tnmglv metamorphosed rocks of the Newer Appa- 
lachians are tightly compressed and oeeasionalh 
pushed (overthrust) out over the normal sedirnen- 
f ur\ rocks of the adjoining vallevs. The streams, 
• ntting the basin floors, notch through the Dnakas, 
but tlieir upland gradients are upheld bv passing 
n\er resistant rock sills, below whic h these streams 
kill rapidly out of the region. 'File southern margins 
<‘f the Southern Appalachian Mountains stand 
alu uptjy rugged above the Georgia Piedmont un- 
der some of the rainiest climate in the southeastern 
1 nited States. 


A large part of the more rugged and forested ter- 
rain oi this large mountainous highland is in vari- 
ous national forests and parks, but the rolling floors 
and basins are used for agriculture, habitation, in- 
dustries, dams and reservoirs, and the larger cen- 
ti.d city of Asheville. Recreational uses increase 
*ith increased population and travel. 

Although the mountains are much less of a bar- 
ber to tiavel and commerce now than in the past, 
here and in the Blue Ridge farther north roads.* 
r ail routes, and airlines still tend to follow certain 
routes of relative importance and easier passage, 
liavel other than local and recreational generally 
toakes use of the adjoining valley or upland Pied- 
monl r «utes for north-south movement. 

. The Piedmont section, much generalized about 
J n Past, needs considerable reappraisal today. 
ts long extent, from New Jersey to Alabama, 


makes the Piedmont a major part of five southeast- 
ern seaboard states. The general regional slope of 
this old-rock area is from northwest to southeast, 
and it is being drained and etched hv streams flow- 
ing seaward from the Blue Ridge. Most parts of the 
area appear to have been reduced to a stage of old 
age (peneplain), and then, perhaps as a result of 
general upwarpiug. stream erosion heroines active 
again. The present cycle of erosion is approaching 
its middle (sulmiature) stagt , so that the area is a 
rolling plain, with local relief in the steep-sided 
vallevs .eldom surpassing 100 ft. The inner Pied- 
mont, toward the bordering mountains, is conspicu- 
ously marked b\ rougher liilL and low r mountain 
groups of moiiadnock remnants of oner-higher over- 
King niateiials. 

Although some fine agriculture remains, the 
character of the soils and land use has altered from 
that of the past. Virtually all of the mixed forest 
has been cleared on< c md prohahlv several times 
for cultivation of such crops as corn, tobacco, and 
cotton, as well as for general farming. With com- 
part clay soils, heavy precipitation, and mild win- 
ters, erosion takes a heavy toll from the upper and 
generally more fertile parts of the soil, so that 
onlv with expensive methods of refertilization, ero- 
sion control, and special cropping techniques is 
agriculture maintained in competition with the in- 
terior plains or the newer lands of the Gulf Coastal 
Plain. 

Much land is in regrowing timber: urban and in- 
dustrial patterns are increasing. Most volunteer re- 
growth is hardwood, hut the greatest demand is for 
softwood timhei and lumber. Some of the earlier 
cities have grown; most, however, are still small 
but increasing in number. Some of the cities estab- 
lished at the head of navigation at the fall line (or 
fall zone junction with the Coastal Plain struc- 
tures) continue to grow (such as Philadelphia, 
Washington, Richmond, and Columbus. Ga.) but 
often for reasons other than tidewater navigation. 
Atlanta, at the southern end of the Blue Ridge sec- 
tion, is the largest industrial and commercial cen- 
ter. 

Newer or Folded Appalachians . Five distinctive 
sections characterize the great northeast-southwest 
extent of these structures of eroded sedimentary 
folds: (! ) St. Lawrence Valley section. (2) Chain- 
plain Lowland, (3) Hudson Valley section. 
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(4) Pennsylvania- Virginia section, and (5) Ten- 
nessee Valley section. All of these have consider- 
able significance in relation to past and current 
routes of travel — especially in the axial direction 
(NE-SW) of the upstanding ridges as well as the 
connecting lowlands developed on the weaker rocks 
of the folded structures. The first three form an 
easy route from eastern United Stales to Canada. 
The Hudson Valley connects at Albany with the 
Mohawk depression to make an easy route from 
New York City to the great interior plains via the 
Great Lakes region. This contributed much to the 
growth and dominance of New York City during the 
settlement and development of the country, and 
the route still has multiple “water-lever' railway 
and highway lines. Predominant physical character 
of the first three was discussed at the beginning of 
the section on the Appalachian provinces. Major 
characteristics of the fourth and fifth sections are 
outlined below. 

The classic development of the Appalachian type 
of peneplaned and rejuvenated folded mountain 
and valley terrain is found in the broad (75 mi) 
band across Pennsylvania (see Fig. 7). This con- 
tinues, in a narrower band, in West Virginia and 
western Virginia. The peculiar pattern of upstand- 
ing linear ridges would be difficult to cross trans- 
versely, were it not for several rivers cutting 
through water gaps to cross the region. Examples 
are the Delaware and Susquehanna Rivers of Penn- 
sylvania and the Potomac and New Rivers farther 
southward; these gaps create easier transverse rail 
and highway routes. 

Some of the sedimentary rocks result in interest- 
ing features or contain valuable minerals. In being 
folded, heat and pressure altered to hard coal (or 
anthracite) some coal beds in parts of Pennsylvania 
which are soft (or bituminous coal) in the less-dis- 
turbed beds of the plateaus to the west (Fig. 7). 
Oil fields are developed in some parts of the area 
in Virginia and West Virginia. Some of the lime- 
stones, underlying the valley floors because they 
are a less-resistant rock under humid climate, de- 
velop typical karst features of sinkholes and many 
caverns, such as those found in western Virginia 
(.see Kakst topography). Much of the hilly and 
mountainous ridge lands is regrowing forest in na- 
tional forests, but many of the valley portions are 
still agricultural areas. The lowland portions con- 
tain important northeast-southwest routes of travel 
and commerce and scattered towns and small cities. 


The Tennessee Valley section of the Newer or 
Folded Appalachians presents several aspects Jjj. 
fering from the more northern parts. Folding of th e 
rock layers is less open, and a series of thrusts from 
the east results in lower, repeated, and more nunier- 
ous ridges and intervening valleys. The trellised 
pattern of valleys and streams tributary to the Tom 
nessee River contains numerous sites of note in the 
regional program of the TVA. Available power and 
associated resources have contributed to the growth 
of cities such as Bristol, Knoxville, and Chatta- 
nooga. The most southern parts of this valley and 
ridge section, drained largely by the Coosa River 
system, constitute a district noted for iron and steel 
industries, centered at Birmingham. In close pro*, 
imily to the fine coal of the adjoining plateau, the 
easily available iron ore deposits and fluxing lime 
stone of the valley and ridge structures have been 
important in the development of the industry of 
this area. 

Triassic Lowland. A small but distinctive and 
useful area makes a strategically located, primarih 
lowland province amid the Appalachian High- 
lands. Suuthwestward from the Hudson River, this 
Triassic Lowland extends from between the Man- 
hattan prong and longer Reading prong of the Neu 
England Upland area in a curving band across 
northern New Jersey. Between suburban New York 
and Trenton, the lowland borders the inner Coaxial 
Plain to give easy ways inland beyond the north- 
ward-protruding Trenton prong of the Appalachian 
Piedpfont. These ways lead to the northeast-south 
west valley routes or to the transverse gapways. a* 
in the Susquehanna Valley near Harrisburg, in th» 
Newer Appalachians. The Triassic Lowland, how 
ever, swings in a narrowing hand southward in 
Pennsylvania across Maryland and into Viiginia 
between the Trenton Piedmont prong and the Car 
lisle or Cumberland prong of the Blue Ridge soull* 
ward of Harrisburg. 

The westward-dipping shale and sandstone layers 
of the area are eroded to low hills and plains, bul 
occasionally interbedded igneous rocks remain 
more upstanding at the surface in a few ridges, es- 
pecially the Wachungs, and in the trap-rock cliff- 
of the Palisades along the Hudson River. The gra\ 
igneous rocks are used as crushed-rock road nia 
terial, and the softer red sandstones provided ma- 
terials for buildings of Dutch settlers and for the 
“brownstone” fronts in older residential district* 
of New York City. 
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The region is threaded with good roads and i 1 - 
progressively more densely settled toward New 
York City. The daily commuter movement adds 
tremendously to traffic, already heavy in this transit 
area in the hinterland of New York City. Some of 
the cities of this province are parts of the industrial 
and rommeieial complex; those on tidewater also 
have contact with ocean shipping. Many of the 
rities, however, simply serve as suburban residen- 
tial areas. 

Appalachian plateau.. Little-disturbed rock lay- 
ers. Paleozoic sediments offscoured from the great 
Paleozoic highlands of Appalachia and thinning 
from east to west, upstand in a platterlike struc- 
ture to form, with local variations, the western- 
most Appalachian provinces. The great, slightly 
down-bent basin or synclinal structure contains 
-ornc minor folds, especially along the eastern part 
and where this province adjoins, with an abrupt 
front, the tighter folds of the Newer Appalachians 
province. The rough easterly front is commonly 
designated Allegheny (in the north) and Cumber- 
land “mountains” or front (in the south). Variably 
lough fronts also border the Mohawk Valley and 
bake Erie lowland on the north and characterize 
the western margins from New York State into 
Alabama where these structures are overlain Vw 
those of the coastal plain on the south. As a result 
of past peneplanation of the warped structure, 
older layers of roek underlie the surface near the 
margins, and vounger layers are preserved in more 
central portions of the plateau. The great Appa- 
lachian coal fields in some of the younger rock? 
1 Permian and Pennsylvanian) are thus largely in 
ihe central portions of the plateau, especially in 
Pennsylvania. West Virginia, and eastern Kentucky, 
whereas the local folds contained the petroleum de- 
posits which once made the plateau an important 
petroleum region. 

Some structural differences and variations in 
erosion contribute to contrast in mature erosional 
dissection: the resulting landforms with associated 
features can be divided into five distinctive parts. 

h Catskill section. An abrupt stepped escarp- 
ment rUes some 3000 ft from the western side of 
die Hudson Valley in southeastern New York as 
•he front for an area of massive sandstone now ma- 
turely dissected into what are commonly called the 
Catskill Mountains. Valleys are cut as much as 
2000 ft beneath the general upland level, remaining 
about 4000 ft in rounded to flattish summits. The 


coarse-textured hold terrain w is somewhat marked 
by recent glaciation but contains few lakes. The 
forested land is used for recreation and water sup- 
ply reservoirs for New York City, some 80 mi dis- 
tant. The somewhat circular area stands, in all di- 
rections except the highest east, above the lower 
plateau land‘s of southern New York State and 
northeastern Pcnnsv lvunia. 

2. New York State section. Maturely dissected 
hillv uplands somewhat influenced by recent glacia- 
tion characterize all except the Pocono sandstone 
area (eastern Pennsylvania) of this northern sec- 
tion of the Appalachian plateau. The long east- 
west Allegheny escarpment stands above the Mo- 
hawk depression and the lowlands of Lakes Ontario 
and Erie. In western New York State several of the 
valleys of this northern margin were occupied and 
enlarged hv tongues of glacial ice. resulting in 
the Finger Lakes of the present landscape (see 
Finu;r i.akks). Mostly cleared of forest and less 
intensively settled md developed than the Great 
Lake*- and Mohawk lowlands on the north, this up- 
land country contains widespread agriculture, scat- 
tered cities such as Ithaca and Binghamton, and a 
few through routes that are important for travel 
and communication. 

3. Allegheny section. This unglaeiated plateau 
area of western Pennsylvania and parts of Mary- 
land and WcM Virginia contains such a deeply and 
intricately dissected hill and low mountain terrain 
that it is commonly termed Allegheny Mountains. 
The wild and rugged eastern Allegheny front is as- 
cended by the Baltimore and Ohio and the Penn- 
sylvania Railroads by spectacular horseshoe nnves. 
Some of the locally anticlinal structures once con- 
tained oil fields. The rough land still contains large 
forest areas, scattered bituminous coal mining and 
associated industries, little agriculture, small pop- 
ulation. and few towns or industries. 

4. Kanawha section. With local relief up to 
1000 ft or more, the Kanawha section presents an 
intricately etched, rough hill and low mountain 
country in most of West Virginia and eastern Ohio. 
The Kanawha River flows in a gorge northwestward 
toward the Ohio River valley to form a constricted 
hut important way through the plateau. The Chesa- 
peake and Ohio Railway and IbS. Highway 60 with 
numerous mining communities and associated in- 
dustries are narrowly strung along the valley. The 
highland remains more forested than cleared for 
agriculture although sheep grazing is developed to 
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some extent. Petroleum extraction continues in sev- 
eral parts. The central portion is in the heart of the 
Appalachian bituminous coal fields and coal indus- 
tries. The great urban center of Pittsburgh stands 
within the region at the head of the Ohio Valley. 
There coal, coke from neighboring industries, and 
various iron ores have been combined to make this 
a leading iron and steel manufacturing center. 
Other chief centers of population in the valleys 
and a few such as Charleston and Wheeling. West 
Virginia, have become sizable urban centers. 

5. Cumberland section. In this southern portion 
the plateau belt narrows in width and gradually de- 
creases in local relief. The breadth of the gener- 
ally slight synclinal structure is broken by a few 
longitudinal folds. These anticlinal parts are etched 
out as vallevs between large, long, flat-topped rem- 
nants of the plateau upland, such as Sand Moun- 
tain and West Sand Mountain. Lookout Mountain 
is a similar remnant, judged by some to belong to 
the Folded Appalachians and by others to be part 
of the plateau system. The Tennessee River cuts 
an irregular course across the region and forms 
many valley sections now developed hv dams and 
reservoirs as important links in tin* TVA system. 
Farther north the eastern part of the plateau, c alled 
the Cumberland Mountains, contains historic' Cum- 
berland Cap. This is actually a narrow valley as- 
cending the eastern margin of the upland near the 
border junction of Virginia. Kentuc ky, and Tennes- 
see, and is a route still used by railroads and high- 
ways. 

Fine coal fields have been developed in the Ken- 
tucky. Tennessee, and Alabama parts of the plateau 
region. The Warrior coal field contributes largely 
to the great iron and steel industries centering in 
Birmingham. Alabama. 

SOUTHEASTERN COASTAL PLAIN 

A distinc tive coastal plain margins North Amer- 
ica. along the coastal zone of the Atlantic Ocean 
and the Gulf of Mexico, in varying widths but 
nearly unbroken from Cape Cod and Long Island to 
Yucatan in southeastern Mexico. In most parts, 
very flut seaward margins of low-lying and most re- 
cent sedimentary deposits are followed inland by a 
tendency for a coastwise handing of features. A 
landward increase in elevation and erosional dis- 
section also tends to contribute toward rolling and 
irregular plains with local relief up to u very few 
hundreds of feet. A gradual gentle uplift or up- 
warp of the geologically recent sedimentary rock 
layers means that they are little disturbed from 
their original horizontal attitude and dip slightly 
seaward and that such regions haVe most uplift in- 
land toward bordering backland areas of differing 
character. Erosion, therefore, hares lower and 
somewhat older .sedimentary layers progressively 
in a landwaid direction. Landward-facing ruestas 
or bands of low hills may develop on more-resistant 
rock exposures: whereas lower relief and occa- 
sional flat intervales develop by differential erosion 
in exposures of less-resistant rock layers. The far- 
thest inland of these, commonly developed in Cre- 


taceous clays, are termed inner lowland (see Es- 
carpment). The landward coastal plain boundary 
is commonly the inner margin of the Cretaceous 
clays, and the border between the coastal plain 
layers and the oldland or backland rocks is known 
as the fall line or fall zone. .See Fall line. 

Several other factors influence differences within 
the great extent of these southeastern coastal 
plains. Recent changes in relative elevation of land 
and sea constitute such an influence. A predomi- 
nance of land subsidence marks the region from 
North Carolina to Cape Cod with many ombnv- 
nionts and shorelines irregular in contrast to most 
other parts, of recent upraisal or stillstand of the 
land relative to the sea. A strongly marked variance 
from north to south Wt climatic' characteristics with 
an especially strep temperature gradient is re- 
flected in such aspects as natural vegetation 
(Fig. 4) and length of growing season and agri- 
cultural production, as well as the pattern contrast* 
in winter resorts of Florida and the Gulf coast ver- 
sus the definite winter influences of the New York 
and New Jersey coastal zones. .See Air tempera- 
tiirk; Soil; Soil, zonal msiHinrnoN; Vixma- 
tion zones (wom.n). Differing widths of vullev 
bottom alluvium appear along streams and arc u 
large and significant factor in case of vallov* of 
trunk streams following the tegional slojpe from the 
backland to the sea the Apalachicola. Rio Grande, 
and particularly the great vallev and delta of the 
Mississippi. .See Coastal plain; Delta; Flood 

PLAINS j/'FUJVI At. EROSION CYCLE: Fl.UVIAI. EROSION 
EA NUCOR MS. 

Within the essential unit \ of this great coastal 
plain form and structure. si\ or seven subdivision- 
arc useful in outlining the regional variations char- 
acterizing its long extent: Northern embayed. Sea 
Island. Peninsular Florida. East Gulf section, 
sis.sippi alluvial plain. West Gulf, and Yucatan sec- 
tion. 

Northern embayed section. Considerable evi- 
dence indicates that the coastal plain feature- 
northward from Cape Fear and the estuary of the 
Cape Fear River, although affected by both emer- 
gence and submergence, are most marked from a 
recent predominance of .submergence in relation l<> 
tidewater. The outer coastal plain flats are not only 
marked by swamps and marshes but tidewater ex- 
tends upvalley inland in the North Carolina sound* 
and in the drowned-valley estuaries of Chesapeake 
and Delaware Bays. Bars and barrier beache* 
form on the longshore margin of the sediments ex- 
tending beneath the shallow sea, partially enclosing 
the lagoons and other tidewater features of this 
coastal plain section. Sec Coastal landforms: 
Marine marsh; Shore processes. 

From Long Island to Cape Cod, subsidence 
makes most of the recent coastal plain, including 
the inner lowland (as in Long Island Sound), now 
a part of the continental shelf. This portion was 
glaciated, and moraines augment the ruestas and 
erosional remnants of the coastal plain that remain 
as islands and peninsulas, such as Long Island, 
Martha’s Vineyard,. Nantucket, and Cape Cod. 
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proximity to great urban areas is reflected from 
l s |and through New Jersey and eastern Mary- 
md Truck farming utilizes many areas of sandy 
oil 6 , and the beaches include some of the most out- 
.landing coastal resorts in the United States. Much 
the more southern portions is returning to forest 
s along with continuing truck farming and spe- 
iidi/.ed agriculture. Along with scattered urban 
population, some of the great urban areas center 
ipon the older seaports, such as New York and 
Baltimore at the fall line. 

Sea Island section. The Coastal Plain in South 
la ml in a and Georgia is broad and comparatively 
jmple in pattern. The fall zone is a nearly indis- 
mgiiishahle transition marked by low hills and »-ev- 
*riil cities, such as Columbus. Macon, and Augusta. 
Georgia: and Columbia, South Carolina. Regrow- 
„ir forests, grazing, and agriculture including 
uriv-srason truck farming utilize much of this 
irea. Wet lands and tidewater intermingle in 
/wanip forest, marsh, and muddy or sandy islands 
n the outer Coastal Plain. The name Sea Island is 
a ken from the repeated coastal pattern of long- 
.|ii)i c islands. The outer lowland plain contains a 
rw urban foci at seaport locations such as 
T«u lesion Savannah, and Brunswick. 

Peninsular Florida. This low-relief peninsula re- 
■uils from a recent anticlinal upwarping of a pot- 
ion of the continental shelf. The resulting youthful 
r.oiistal Plain is marked in the north hv numerous 
siiiM features, such as sinkholes, shallow lake-filled 
Icpiessions. underground drainage, and great 
-piings. developed in the limestone rock. Marine 
irganic sediments yield valuable phosphate mate- 
ti.ils. Much of the rural land of the north is taken 
up hv piney forest, considerable grazing, and citrus 
hnit raising. A great deal of tlie land of southern 
Florida is very low. youthfully exposed plains sur- 
kwj*. Lake Okeechobee and the poorly drained 
F ' erglades art: examples of initially undrained df- 
liicssious in such a land surface, but artificial 
ilrainage projects are reclaiming more land for 
hnit and truck farming for off-season and other 
marketing in northern United States. 

Tropical mild winters and attractive coastal- 
^onc patterns stimulate a vaiietv of developments. 
Jacksonville and Miami are examples of growing 
seaports and industrial places as well as resort 
'‘enters. Older shell beach ridges, lagoons, and cui- 
r( ‘ n l harrier beaches comprise much of the eastern 
**horc with its speculative and resort developments. 
This coastal line, partly harrier bar and parti v 
,ora l in origin, swings southward in the chain of 
f he Keys to the marine base at Key West. Offshore 
to southeast a broad protrusion of continental 
*helf is marked by the Bahama Islands in a zone of 
recent prospecting for petroleum. Western Florida 
r, >astai zones resemble the other Gulf sections. 

East and West Gulf sections. The Mississippi 
d uvial plain divides these two coastal plain seg- 
ments bordering the Gulf of Mexico. The eastern 
in Alabama and Mississippi, presents the 
ypical land features of the belted coastal plain 
w, *n cuestaform ridges separating intervale and 


inner lowlands. The previously rich agricultural 
land of the inner lowland in the Alabama Black 
Belt is faced with problems of depletion of soil 
fertility under present plans of use and from com- 
petition with cultivation farther west and in the in- 
terior plains. As well as continuing agriculture, 
these coastal plain lands support grazing in forest 
and grassy openings, and the piney woods are re- 
growing as sources of lumber and turpentine. Some 
petroleum fields are producing from local domes, 
folds, and entrapping structures within the 
coastal plain rocks. Small cities and towns are 
mostly scattered in t lit* inland In'-, land belts except 
for a few in the outer coastal plain, such as Talla- 
hassee and Pensacola in Florida and Mobile, Ala- 
bama. 

The West Gulf Coastal Plain continues from the 
Mississippi lowlands to the Bio Grande as a wide 
belted coastal plain but with certain mark°d dif- 
ferences. The fertile inner lowland terminates 
against an abrupt fault scarp, most of which is the 
Balcones Escarpment up to the high plains of west- 
ern Texas. Eastward the Coastal Plain i.- bordered 
by the Ouachita upland. The inner belt is marked 
bv the cities of Dallas. Fort Worth. Austin, and 
San Antonio. The outer Coastal Plain, with barrier 
beaches, lagoons, estuarial hays, and marshes, 
maintains channeled seaport contact through Gal- 
veston. Houston. Beaumont. Port Arthur and 
Corpus Christi. which are also growing industrial 
places. Notable spots of subtropical agriculture 
now mark the coastal zone in machine cultivation 
of rice, citrus and other fruits, and truck raising, 
especially citrus in the lower Rio Grande vicinity. 

Petroleum fields have been prospected with geo- 
physical and other techniques to develop some of 
the continent’s outstanding gas and oil productions 
(.sec GkoI*IIYM< At. KXrT.ORAItON; PkTKOLUjM (,M)L- 
o<;y : Phosimj n\c,, rviRoLKUM ). Particularly nota- 
ble in recent years has been the extension of suc- 
cessful petroleum exploitation into the submarine 
sediments offshore in the continental shelf. This 
happened first in California, then in the Gulf of 
Mexico and is recently showing promise of future 
-diccprts in the Bahama section and po*-sibl\ in the 
Atlantic continental shelf off the eastern United 
States. 

The Gulf Coastal Plain narrows southward in 
Mexico, is interrupted in several places, and be- 
comes too hot and steaming a tropical lowland m 
Mexico to attract much settlement. Tarnpieo and 
Veracruz are seaport cities with rail and highway 
connection into highland Mexico. Petroleum pro- 
duction declined in this area, but it is now being re- 
vived on a considerable scale. The volcanic high- 
lands of Mexico end in abrupt slopes to the sea 
northward of Veracruz, and the striking Tuxtlis 
volcanoes rise cm the seaward margin of the coastal 
plain to the south of that eitv. Beyond, at the 
Isthmus of Tehuantepec, the coastal plains of the 
Gulf of Mexico and of the Pacific Gulf of Tehuante- 
pec are nearly joined. 

Yucatan section. More coral than limestone rock 
material, more definitely tropical climate and veg- 
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etation, and less settlement and development mod- 
ify an otherwise striking comparison between the 
peninsulas of Yucatan and Florida. Such karstland 
features as many sinkholes and underground drain- 
age are widespread. Mayan Indian civilization has 
left many remains of scattered towns of the past. 
Today this peninsular plain has areas of agricul- 
tural development in sugar cane, maize, tobacco, 
coffee, and the plantation production of sisal fiber. 
A large part of the region, however, remains a 
wilderness of tropical scrub land on the north and 
tropical forest inland to the south. 

Mississippi alluvial plain. Beginning at about 
Cairo, III., the Mississippi River swings in an im- 
mensely meandering course first on one side and 
then on the other of a broad flood plain (50 - ]()() mi 
wide) for 600 mi before discharging over a birds- 
foot delta into the Gulf of Mexico. The junctions of 
tributaries are dragged downstream, with the mi- 
gration of swinging meanders, so that they com- 
monly flow downvalley for great distances before 
actually joining the main stream -as is the case of 
the Yazoo River and Basin. The detailed landforms 
of streamside natural levees, meander scars, oxbow 
lakes, and poorly drained back marshes an? typical 
of the old age stage in the development of a river 
valley (.see Plains). These features appear in mod- 
ified but characteristic patterns in the great delta. 

Several physical attributes make this plain both 
valuable and troublesome for human use. The soils 
are fertile and the climate largely humid subtropi- 
cal. The river ways have been used for travel and 
commerce from the beginning of European settle- 
ment to the present, but always in the face of the 
difficulties of flooding, silting, and shifting courses. 
Earlier attempts to control the river by enlarging 
the natural levees and by strict confinement rnet 
with recurrent disaster. Today somewhat better re- 
sults are attained by a eombination of drainways 
and flooding areas along with river confinement in 
strategic places. 

A few smaller cities and one great one are eco- 
nomic and cultural foci of the river plain. Baton 
Rouge, Natchez, Vicksburg, and Memphis are ex- 
amples of the smaller urban renters. New Orleans, 
on the delta, continues to dominate the lower Mis- 
sissippi and is its seaport connection with the 
Gulf, Caribbean, South America, and more distant 
places. 

ARCTIC MARGIN PLAINS 

Two plains units that are commonly considered 
parts of the interior North American lowlands are 
here separately considered because of their high 
latitude location and features. Both — the Arctic 
slope of Alaska and the Mackenzie plains of Can- 
ada — open out to Arctic Ocean shores from which 
the polar ice pack recedes for an unpredictable 
duration during the late part of the warm season. 
Ships do touch these Arctic shores briefly, and both 
areas are on the great circle routes by air between 
the eastern United States and the Far East or 
much of the Asiatic U.S.S.R. Both are now served 
by air for local and external contacts. These plains 


are subject to Arctic cold and long hours of dark 
ness during the low-sun period, and conversely t f 
long hours of daylight with short but surprising 
warm periods during the high sun. Both ar* 
strongly marked in their lower parts by small lak^ 
and ponds, polygonal ground, and other features 0 f 
permanently frozen ground [see Pekmafiiosh 
T hey are also subject to the widespread flooding n t 
lower and flatter parts which characterizes s „|,. 
arctic regions, especially when the headwater, 
thaw earlier than the ice breakup in the main 
streams to the northward. 

Alaskan Arctic slope. Variable widths of thi< 
sloping treeless tundra extend northward from th t > 
Brooks Range to Arctic shores. Most of the middle 
and outer parts have true coastal plain charade!- 
istics, but the inner portion varies from rolling 
foothill plateau at about 2000 ft elevation to a liilh 
upland, in the western part, strongly marked In 
partial erosion of domes and folds. The lattei re 
suit s in a patter n of lulls like those in the Newer fir 
Folded Appalachians. Much of this slope region 
has been a U.S. Naval petroleum reserve, and oil 
has been recovered from reservoir structures nr.ir 
Barrow on the coast and IJmiat farther in the cen- 
ter. A few Eskimos and research posts occupy tin- 
area, which is also invaded during summer h> mi 
grating herds of caribou and oilier herbivore* and 
their itinerant hunters. The brief Arctic summer 
brings out great numbers of flowers, mignium: 
birds, myriads of insects, and numerous small am 
rnals; 

Mackenzie plains. Cuestaform plains, like thu-r* 
of the interior, here extend to the Arctic shop- 
The Mackenzie River drains most of this subarctic 
extension of the interior cuestaform plains between 
the Canadian Shield and the Rocky Mountain cor 
dillera. The lower course is in ail alluvial plain and 
delta of poorly drained, watery, permafrost and 
tundra country that is easier to cross when frozen 
but it is contacted by air and by summer navigator’ 
of river and lake steamers. The boreal forest or 
taiga, progressively sparser and more stunted in 
height to the north, covers much of the land except 
for marsh and muskeg of the lower parts. HunOT 
and trapping for furs continue, but agriculture i* 
scarcely feasible by present practices farther north 
than the Peace River country. Scattered mines for 
radium, uranium, and other metallic minerals w 
the bordering rocks of the Shield are linked to out 
side markets by air and by the river and lak^ 
routes (such as Great Slave and Great Bear Lake *' 1 
on the borders between the Shield and Mackenzie 
regions. 

These plains are known to contain locally en ‘ 
trapped reservoirs of petroleum, as at Norm® 11 
Wells, but they remain a future reserve in the 
of competition with those closer to markets, a? in 
the interior plains. 

INTERIOR PROVINCES 

Interior North America j* 80 predominant^ 
plainsland, although it coiftftin# a. few highly 
parts, that other^physical attributes commonly con 
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tribute as much to regional differences as do struc- 
ture and surface form of the plains. The aspects of 
great area and huge distances often cause the ex- 
tent and character of climate and its closely asso- 
ciated problems of natural vegetation (Fig. 4) 
and "oil to make the greatest regional physical 
mntrasN in many parts of the plains. See Clima- 
roiix.Y; Soil, zonal distribution; Vegetation 
/i i n i> (world). Recent (Pleistocene) glaciation 
north of the Ohio and Missouri river valleys leaves 
:,n impress on patterns of drainage, surface forms, 
and c\en soil materials quite different from areas 
not iecenll\ affected by glaciers (see Glaciated 
The map and list of Fig. 2 indicate the 
n;;me and location of the five provinces and their 
prim ipal sectional divisions of the great interior of 
the continent. The predominant characteristics of 
nu ll division are outlined briefly below. For illus- 
i ration and detailed considerations, .sec Earth 
iiisourck patterns; Terrain areas, world- wide. 

Two other matters of general character and re- 
gional differences are perhaps best outlined for the 
*hole interior of the continent. Only a few parts 
are extensive flat plains, so featureless as to be con- 
spicuous. Most of these are exposed bottoms of 
linger lakes of the glacial period such as the Lake 
Maumee Plain (west of Lake Erie), the Lake 
Vgassiz Plain (Minnesota, North Dakota, and 
southern Manitoba), and the area to the west of 
breat Slave Lake. Nearly all of the others are areas 
°f s «»me local relief and are perhaps best termed 
low relief of rolling and irregular plains. The lit- 
ile-disturbed sedimentary rocks are seldom per- 
tatlv horizontal but are repeatedly bowed or 
warped into domed or basin shapes. Erosion tends 
to degrade the higher and weaker parts first, so 
that rings of hills or infacing cuestaform ridges 
t^nH to develop around an erosional basin cut into 
a domed structure. Conversely, outfacing cuestas 
and rings of hills tend to develop around a struc- 
tural basin while erosion is beveling off, at differ- 
ential rates, the more- and less-resistant rock layers^ 
(,n the higher margins of the basin structure. Scat- 
tered places develop enough local relief to he 
elasprd as hilly country, and parts of the high Great 
lains are here and there cut into tablelands by 
Mattered but deep stream-valley dissection. Only 
H n ® uac ^ la Mountains and parts of the Black 
1 * s (Fig. 12) , in the Great Plains province, have 
s °n»^ tow mountain terrain, 
interior low plateaus. Westward from the Appa- 
ttc tan plateau in Kentucky and Tennessee slopes a 


gently up-arched limestone surfa'-"' pocked by sink- 
holes and solution caverns. This upland, called the 
Highland Kim, contains two domed parts now be- 
ing eroded into the Kentucky Bluegrass or Lexing- 
ton Plain and. to the southward, the Nashville 
Dome, now presenting the eroded basin of the 
Nashville Basin or Tennessee Bluegrass. The cues- 
tas and eroded margins of the Highland Rim make 
bill v uplands surrounding the two local plains. The 
local plains are regions of agriculture, animal rais- 
ing, and some urban development. 

Ozark province. This is a hilly upland in a 
slightly disturbed, locally warped and scarped 
domelike plateau. Lead is mined near Joplin on 
the western margin, and some iron is extracted and 
used from granitic rocks exposed in the eroded 
local domes of the so-called St. Francis Mountains 
on the east. The Springfield-Salem plateau section 
is varied hilly upland cut into an upraised and 
scarped structure. Springfield is a small city and 
cross-route center in tin irregularly settled plateau. 
7'he Boston Mountains, a dissected portion of the 
plateau structure, have the roughest and wildest 
portions for some 200 ini east -west on the southern 
margin of the Ozarks. 

Ouachita province. One broad anticlinal struc- 
ture and two large synclinal structures in the Pale- 
ozoic rock layers are variously affected by erosion 
to cause extension of this highland province 200 
mi westward from the Mississippi alluvia! plain 
through central Arkansas into Oklahoma. 

Between the Boston Mountains on the north and 
the Ouachita Mountains on the south the locally- 
wrinkled syncline or .synclinorium of the Arkansas 
Valley is a structural depression that also contains 
the swampy alluvial plain of the meandering Ar- 
kansas River. Much of this lowland has been used 
for cotton raising. More-resistant sandstones of thj; 
wrinkled rock layers remain upstanding as scat- 
tered linear ridges. 

South of the Arkansas Valley the anticlinoriurn 
is erosively etched by streams in a trellis pattern 
into hill and low mountain country resembling 
that of the Folded or Newer Appalachians. Local 
relief ranges up to 1500 ft, and the more rugged 
portions are laigely wild and forested land. Hot 
Springs National Park is found in the southeast, 
where there are several major faults with dykes 
and more massive intrusions of igneous rocks. Most 
of the southern margins of this mountain section 
are in the second synclinorial zone, where the pre- 
viously beveled (peneplaned) rock layers decline 
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in elevation and are overlapped by the Gulf Coastal 
Plain. .See Fall link. 

Central Lowland province. A great three-pronged 
area of interior plainslands spreads between the 
more eastern highlands of the Laurcntian or Cana- 
dian Shield, the Appalachian Highlands, and the 
Ozark-Ouaohita provinces, and the western higher 
plains in the Great Plains province. The geographi- 
cal heart of this low- relief interior, which led in the 
settlement and development of the Continent, is 
commonly called the Midwest and Great Lakes re- 
gions of the United States and Canada. These re- 
gions coincide fairly closelv with the center and 
eastern prong of the great Central Lowland 
reaching from the Corn Belt agricultural region 
eastward through the Great Lakes country into the 
Mohawk depression toward the Hudson River Val- 
ley. All of this center and eastern prong except the 
Wisconsin Drift less section has been recently af- 
fected by Pleistocene glaciation, as has the large 
northwestern prong, the Western Lake section. 
(For the character of surface features of plains, 
modified by recent glaciation, .see Gi.aciatkd tik- 
rank; Plains.) Only a third prong, the smaller 
southwestern protrusion called the Osage section, 
has not been so modified. 

Eastern Lake Section. Here great lobes of the 
glaciers weighed down and enlarged depressions of 
earlier terrain to leave, after they melted, all the 
Great Lakes except Superior. These waterways and 
the lowland route to tidewater through the Hud- 
son-Mohawk depression have long been important 
in the settlement and development of the continent, 
hut their value is augmented by the completion of 
the Great Lakes -St. Lawrence Seaway. Iron ore. 
from Superior fields of the Shield and from other 
places, has been readily brought to meet with coal 
and coke from Appalachian and Illinois fields. In- 
dustrial and commercial growth of cities and towns 
has gone hand in hand with the development of wa- 
terways. railroads, and roadways in a net commonly 
focusing on or funneling through this region. Per- 
haps the greatest urban focus developed at Chicago 
on the south end of Lake Michigan, but other cities, 
such as Milwaukee. Detroit, Cleveland, and many 
smaller ones, have grown in the area. Originally a 
great lumbering region, its regrowing forests, many 
inland Jakes, and park systems have stimulated 
growth of tourism and resorts. With a variety of 
sandy to loamy soils, the area is used for hay and 
dairying, general farming, and specialized fruit 


growing (just east of Lake Michigan, along th< 
south shores of Lake Krie, and in the Niaga.d 
country between Lakes Ontario and Eric). 

The broad shallow structural basin centering ui. 
the southern peninsula of Michigan is rimmed h\ 
the Niagara escarpment. The basin contains the 
Michigan petroleum fields and some coal. The mar 
gining escarpment is conspicuous in Wisc-onm, 
where it nearly separates Green Pay from Lakr- 
Michigan, and in Canada where it forms much <>! 
the separation of Georgian Hav from Lake Huron 
The escarpment stands out plainly between Lak- 
Erie and Lake Ontario, and the Niagara Kivei fall, 
spectacularly into the gorge it has notched throuirl 
the resistant Niagara limestone. 

Wisconsin Drift/css area. Retween the Ka^teri 
and Western Lake sections this art* was unnmrii 
tied by Pleistocene glaciation. It lies mostly in 
eonsin and serves as an example of the Midwestern 
interior before glacial alteration. Low-relief hilL 
andiNalleys and orher forms result from fluvial eli- 
sion. Although it contains some lead and zinc d* 
posits, the Driftless area is mostly an agricultural 
region, although the soils are less desirable than ir 
several adjoining areas. 

Western Lake section. This low-relief plain? *-ei 
turn is covered by glacial drift and dotted by lakes 
large and small. It lies on the transition betwen' 
the originally forested lands with brown or gia* 
soils and the prairie grasslands with their deer 
staining of humus and great natural fertility. Win 
ters are long and severe, while summers are con- 
tinentally warm to hot. Spring-wheat raising ha* 
been extended from Iowa through Minnesota and 
the Dakotas northward into the Canadian frontier 
toward the narrow junction with the Mackenzie 
Lowland section. 

Till plains and dissected till plains section* 
These two sections coincide closely with the fertile 
American Corn Belt. The eastern or till plains se r 
tion was heavily mantled with glacial till d»r ,n r 
the later stages of glaciation. Originally forests 
with a fertile brown forest soil, it was early clean* 1 
and valued for cultivation of corn (maize) and f 01 
age to produce beef and pork. The Illinois part eon - 
tains the coal basin. The region is now dotted v ][] 
industrial towns in Illinois, Indiana, and Ohio- 

The dissected till section west of the MississipP 1 
is a plainsland of older drift, completely dissect** 
by streams in valleys cutting as much as a few Hu” 
dred feet of local relief. Since this was also tlf 
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prairie grassland area, fertile drift materials were 
f ven more darkly and richly stained. This is also 
meat-raising farm country with packing, trading, 
and some industry. 

Osage section . Because this is the western slope 
uf die Ozark uplift, the Paleozoic rock layers dip 
westward. These layers are somewhat beveled by 
erosion and there are banded north-south rougher 
hilly lands margining, like east-facing cuestas. the 
plateaulike harder-rock uplands. The dipping 
structure of this southwesterly prong of the Central 
Lowland province is overlapped by later (Cretace- 
ous) rocks of the ('.real Plains on the west. Cultiva- 
tion of corn on the north and cotton in the south is 
the chief agricultural use of this land near the dry 
margins of such types of farming. 

Great Plains province. Cretaceous sedimentary 
rock layers, mostly offscourings from the high- 
lands to the west, underlie these plains with in 
creasing surface elevations from east to west. 
Ecologically the plains are a great shallow syn- 
clinal basin elongated from north to south. In many 
places, petroleum entrapped in local parts of the 
ha^in is knowui and exploited in oil and gas fields 
limn Texas far northward into the Canadian plains. 
Coal beds are widely known, hilt their poor quality 
:i iid the great distance to major markets generallv 
preclude mining development. Many of the tradi- 
tional subdivisions of the region (see map of Fig. 
2\ an* based on progress and depth of erosion, re- 
I'ent glaciation or its lack of influence in the land 
chaiacler, local doming or upfolding, structural 
intrusion or voleanism, and near-plateau character 
o! main parts of these elevated plains. 

Most of the Creat Plains was originally grass. 
Lind, from short praiiie to semiarid steppe land in 
the dr\ continental interior. Drv-margin winter- 
wheat raising was [rushed westward in Kansas, an 1 
spring-wheat growing spread in an arc through lb'* 
plains to the north from the Dakota** to the base of 
the Hookies in tin* Saskatchewan plateau section 
• fig. 2). Recently this spring-wheat raising has 
hern successfully extended, along with cattle rais- 
ing, as far north as the Peace River plains at the 
northern margin of the Creat Plains province. 
Most other parts have limited farming and arc more 
extensively utilized for ranging and grazing of cat- 
tle and sheep. Some cotton growing is, however, 
established in the southern margins of the piovinee. 
‘w VI in krai. mjki. ahi-.as: Pkaiiuk; Si Kerr.. 


Because of the harshness of the continental in- 
terior and cordilleran blocking of Pacific air 
masses, these continental high plains remain, in 
general, some of the leust -populated and least-de- 
veloped parts of the continent, with a few scattered 
exceptions. 

CORDILLERAN NORTH AMERICA 

A large proportion of western North America 
is a great north-smith highland ol mountain masses, 
ranges and systems, and of elevated basins and 
plateaus. With the Central American ranges and 
mountains of somewhat differ* nt structure and ax- 
ial orientation, the North American Cordillera 
continues from those of Andean South America, 
the great mountain rim of the Pacific. These Pacific- 
encircling mountains turn westward in Alaska and 
swing toward the Asian shores of the Pacific in the 
great arcuate festoons of the Aleutian, Kuril, and 
Japanese islands. 

The consequences in the physical and human 
geograph\ of the continent are pronounced hut 
somewhat in contrast with those of South America. 
Tin* great orographic harrier made difficult an ar- 
ticulation of settlement and development between 
the eastern regions and the western highlands and 
coastal zones. This difficulty was only resolved by 
the penetration of railways and telecommunica- 
tions through the harrier passes, shortened water 
routes via Panama Canal, and a later extension of 
motor highways and aviation routes. The greatest 
contrasts appear, however, in the patterns of cli- 
mate and reflected \egclation because most, and 
the broader parts, of North Ameiiea lie in the mid- 
dle and higher middle latitudes. In these zones of 
prevailing west-to-cast air-mass movements, the 
north-south Cordillera blocks easv access of the 
moderate and moisture-bearing Pacific air masses. 
Thus much of the western highland areas and a 
large proportion of the great interior plains have 
extremes of continental temperatures and meager- 
ness of precipitation (see desert, steppe, and prai- 
rie vegetation of Fig. 4), in contrast to the marine 
moderation and moisture which extend far into Eu- 
ropean plains. See Continkn iality. wkathkr and 
ci.imatk: Maiunk INKLl'KNCK on wkatiikk and 
<1.1 MAIL. 

Although bold in plan and extent, the Cordil- 
leran land** are diverse in component highland 
parts and commonly intricate in local details of 



^9- 12. Structure and surface diagram of part of 
the Great Plains. {From A . K. Lobeck, Physiographic 
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highland relief. This article uses a classification 
with three or four levels of category to outline the 
highland characteristics. The largest parts may he 
designated as three systems: Rocky Mountain sys- 
tem. of ranges extending in various parts on the 
eastern margin of the Cordilleran region from New 
Mexico to Arctic shores of Alaska: intermonlane 
plateau system, westward of the Rockies and ex- 
tending even further (from southern Mexico to 
Alaska) ; and Pacific mountain system, from the 
Aleutians to peninsular Lower California. The out- 
standing physical characteristics of numerous dis- 
tinctive parts are then briefly discussed under 
italicized headings, such as Northern Rockies, Co- 
lumbia Plateau, and Sierra-Caseade-Coast moun- 
tains; but their notably different parts are then 
discussed in separate paragraphs; or they arc num- 
bered, sueh as (1) Sierra Nevada section or 
(2) Yukon Plateau section. 

Rocky Mountain system. Four masses and 
ranges of mountains upstand above the interior and 
Arctic plains regions of North America from 
north central New Mexico to Alaskan Arctic 
shores, north of Bering Strait. The divisions have 
been designated Southern Rocky Mountains. Mid- 
dle Rocky Mountains, Northern Rockies, and Arc- 
tic Rockies. 

Southern Rocky Mountains. Although mountain 
structures and some rugged terrain stand between 
the North American plains and the Cordilleran 
plateau system to the south (as in the Guadalupe 
Range in the United States and the Sierra Madre 
Oriental of eastern Mexico), the Rocky Mountain 
system is considered to have its beginning in this 
area of massive rugged ranges with intervening 
valleys and occasionally more open basin parks. 
Floors of the latter contain some remaining down- 
warped sedimentary remnants and are littered with 
recent alluvium. A great up-arched or wrinkled 
structure appears to have been uplifted one or more 
times and degraded by erosional processes. During 
sueh erosional processing a peneplain developed, 
truncating the wrinkled structures. The peneplain 
was surmounted in places by upstanding remnants 
or inonadnoek ranges and peaks, left as reminders 
of once-higher overlying materials. These stand out 
as conspicuous eminences in the Front Range and 
partieularlv in such as Longs Peak and Pikes Peak 
(see diagram sketch of Fig. 13). On the eastern 
margins, the Rockies in Colorado are flanked by a 
series of valleys and parallel hogback ridges left 


by differential erosion in exposed edges of the 
younger sedimentary rock layers, where they are 
upturned against the Rocky Mountain front. Tlih 
forms the Colorado l*jedmont. and in localities <>t 
weird forms etched into red sandstone, the Carden 
of the (rods (near Colorado Springs). The Crawl 
Hogback is the conspicuous piedmont feature n| 
the western side. 

The main trend of the ranges and valley:- m 
parks (except for the more volcanic mass of the 
San Juan section on the southwest) is so rugged, 
unbroken, and so nearly north-south as to lx* more 
of a harrier than the Middle and Northern Rork\ 
Mountains. Santa Fe. a town at the southern end 
of the region, has long been associated with 
through trails and routes between the Creat Plain- 
and the West. A 12-mile Moffat tunnel pierces the 
Front Range near Denver, at the piedmont mar 
gin. Somewhat southward a rail route uses tin* nar- 
row Royal Corge where the Arkansas River 
notches ftirough to the Croat Plains. The old Union 
Pacific route crosses the narrow northern part of 
the region to make a relatively low and short wav 
through. 

This mountain area contains a variety of ph\M- 
cal features and resources, the development <d 
which is made difficult by isolation, irregular and 
patchy distribution (as for forest, grass ranges, 
cultivable land), and by the fixed and exhaustible 
amount of such resources as minerals. Many a fa- 
mous mining place has thus become a ghost town. 
A few places of multiple function and strategic lo- 
cation in the area continue as cities and towns: on 
the east, generally at places where plains routes 
funnel into canyons or passes through the high- 
lands, are Cheyenne, Boulder, Denver, Colorado 
Springs. Pueblo, and Trinidad; but Santa Fe i** 
situated at the south. 

Middle Rocky Mountains. A large embayment of 
Great Plains structures indents the Rocky system 
at the north end of the Southern Rocky Mountains 
to form a basin floor, with scattered hills and moun- 
tains. This Wyoming Basin floor is actually a series 
of smaller structural basins between scattered 
domed, arched, or folded and faulted structures- 
which are eroded into a variety of hilly and moun- 
tain patterns. The northwest-southeast Wind River 
Range, a linear folded and faulted anticlinal mass, 
extends from the Yellowstone section well into the 
center of the Basin. The encircling mountain ter- 
rain has structures and developing laridforms that 
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,artakt B of the character of bordering regions as 
II a * of those of the Southern Rocky Mountains, 
distinctive highlands separate, on the south and 
t . ti the Wyoming Basins from the Colorado Pla- 
te . al|S and the Great Basin near the Great Salt 
1 ake. West of Cheyenne and on the other side of 
t j 1(1 Southern Rockies the Uinta Mountains extend 
iM'-t-west through northern Utah to adjoin the 
north-south Wasatch Mountains just east of Salt 
Lake City and near the southwestern corner of 
Wvorning. This roughly eroded upwarp of the sedi- 
mentary layer of the Colorado Plateau structures 
make* a high, rugged barrier on the south which is 
sharply breached by the Green River as it passes 
thioiigh the Flamina Gorge and. after an eastward 
ofUct, cuts south through narrow Ladnre Canyon 
r ft become a major tributary of the Colorado River. 
The loftv Wasatch Mountains, a north-south block- 
mountain range between Great Salt Lake and the 
Wvoming Basin, are continued northward in a 
slight I \ east-bowing arc as a series of parallel 
block-mountain ranges, like those of the Great 
Badri but more closely spaced. These then continue 
curving slightly west to pass by the south end of 
the Teton Range and disappear beneath the lava 
Liver of the Snake River Plateau, one part of tin; 
Columbia Plateau system. 

The Teton Range ( now included in the Grand 'Fe- 
lon National Park) is a short but majestic range. 
<WpI\ cut h\ erosion blit with its summits reach- 
ing above 12,000 ft, several thousand feet above 
timber line and with many snow-eovered peaks. 
The whole range overtowers the Jackson Hole, one 
of the small, nearly enclosed basins of the Wyoming 
Badn region. 

The Yellowstone section includes the elevated, 
faulted, and occasionally deeply eroded basin pla- 
teau. which is the heart of Yellowstone National 
Park, and its irregularly bordering mountains. The 
mountains, named in a clockwise direction, are the 
Madison and Gallatin Ranges, with their ends in 
the northwest of the Park, the Snowy (on the 
north), and the Absaroka Ranges (on the east). 
The Tctons extend south from the southwestern 
area of the park. Deeply gashed canyons, the ba- 
s *n lake (Yellowstone), and the great scarps with 
many associated hot springs and geysers are some 
<>f the spectacular features of Yellowstone National 
Park. 

Last of Yellowstone the Bighorn Basin is nearly 
enclosed by the curving Bighorn Mountains and the 
Owl Creek Range on the south. The basin opens 
onto the Great Plains on the north, but is notably 
drained by rivers tributary to the Big Horn, which 
A in through the Owl Creek Mountains, across 
|he basin and out through a canyon gap in the Big* 
not n Mountains. 

The Wyoming Basin has some interesting man- 
jnade development despite its semiarid climate. 
Rams and reservoirs in the mountain-fed streams 
control considerable irrigation water. The underly- 
basin layers have yielded much petroleum. The 
rst transcontinental rail route, the Union Pacific, 


extends through the southern basin and is paral- 
leled by transcontinental highway U.S. 30. The Ore- 
gon Trail was notable among several earlier trails 
which passed through this Rocky Mountain inter- 
montane basin. 

Northern Rockies, The Northern Rockies of 
Idaho and western Montana in the United States and 
of British Columbia and southwestern Alberta in 
Canada are a varied and complex mountain land, 
but contain certain consistent characteristics. First, 
the mountain front swings northwestward and 
roughly parallels the Pacific Coast in this narrow- 
ing part of the Cordilleran region. Second, pied- 
mont hogbacks are largely missing at the junction 
with the plains because most of the linear Rocky 
Mountains have been strongly pushed, or over- 
thrust, from the west to override lower formations. 
Some of them override the sedimentary layers of 
the Great Plains. Third, outlying small domes, 
eroded into hill and low mountain country, dot 
the plains of bordering Montana, but are infre- 
quent or missing in Canadian plains. Fourth, the 
Canadian Rockies are a narrow belt (70-80 mi) of 
roughly parallel ranges separated by the Rocky 
Mountain Trench from the interior plateaus of Can- 
ada in northern British Columbia; but the moun- 
tain region broadens complexly westward of this 
trench in southern Canada. 

Next to the Rocky Mountain Trench lies the Pur- 
cell Range and then the Selkirk Range, both cut off 
diagonally on the north by the trench. A mass of 
mountains sometimes designated the Columbia 
Range extends as a broad band of highlands some 
300 miles southward into the United States at the 
Columbia River. Where the Fraser Plateau pinches 
off at the south, the Columbia mountain mass 
closely adjoins the Cascade Range of the Coast 
Mountains at the Canada United States frontier. All 
of these mountains in both the United States and 
Canada are strongly marked by mountain and val- 
ley glaciation, and many of the valleys contain elon- 
gated finger lakes in their unevenly eroded glaci- 
ated valley bottoms. The northern Selkirks contain 
majestic mountain scenery and a variety of glacial 
features that are set off in the Glacier National 
Park, just west of a larger famous preserve, the 
Banff National Park in the Canadian Rockies. 

Nearly all of the few Canadian highway and rail 
routes through the Rockies and to Pacific tidewater 
at Vancouver and Prince Rupert find pass and tun- 
nel ways through these spectacular parts of the 
Rocky system. The Canadian National Railway 
passes through Yellowhead Pass, at 3700 ft. in Jas- 
per National Park not far from Mount Robson, 
which has a 13,068-ft summit. Farther south, the 
Canadian Pacific uses remarkable spiral tunnels: to 
go through Kicking Horse Pass in Banff National 
Park. Motor highways now penetrate these same 
pass routes. 

Diversity of mountain character and a few out- 
standing man-made features mark the three-part 
United States portion of the Northern Rockies. The 
Waterton Glacier International Peace Park ex- 
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tends into the Rockies of Montana and southern 
Canada. Igneous intrusions have brought mineral 
resources to parts of these regions, and such 
outstanding developments as those in the Butte, 
Anaconda, and Helena district* result. Three trans- 
continental rail routes, the Great Northern, North- 
ern Pacific, and Milwaukee, swing through the 
Montana part of the Rocky Mountains, hut even the 
two more southerly routes are diverted far enough 
northward between Missoula and Spokane to avoid 
the nearly impassable terrain of the Bitterroot sec- 
tion. Forest and mineral resource* characterize 
both the Bitterroot and Salmon River Mountains, 
hut isolation and rugged terrain leave them largely 
undeveloped or in national forest reserves for 
scenery and possible future use. 

Arctic Rockies. Predominantly parallel linear 
ridges and ranges of Rocky Mountain type make a 
great curve between the Mackenzie Lowland of 
Canada ami the elevated and rugged interior pla- 
teaus. Because of greater proportion of igneous in- 
trusive masses in the plateau structures their high- 
land and mountain terrain is less regularly linear. 
This is a point illustrated by the difference between 
the curving Mackenzie Mountains and thrii easterly 
parallel outlier, the Franklin Mountains, and the 
less regularly arranged mountain masses of the 
Ogilvie and Selwyn Mountain sections of the inte- 
rior plateaus of Canada. Similar but less strongly 
developed folds and domes appear in the plains 
just east of the Franklin Mountains and furnish 
the basin structures entrapping the petroleum re- 
sources developed during World War II at Fort 
Norman Wells. The oil was refined and sent by a 
great pipeline and parallel service road developed 
through the mountains and plateaus to Pacific tide- 
water at Skagway in the northern panhandle of 
Alaska. The line was later abandoned and the metal 
pipe reclaimed lor reuse elsewhere. 

The Alaska Highway finds a way through near 
the Liard River Cap to pass from Fort Nelson into 
the Liard Plain at the north end of the Rocky 
Mountain Trench. Few other easy ways through 
the Arctic Rockies are known until the low gaps at 
the ends of the Richardson Mountains but these 
are undeveloped. At the southeast end is a broad 
gapway of the Bonnet Plume Basin where the Peel 
River flows through to join the lower Mackenzie. 
There are low saddles at the northwest end of the 
Richardson Mountains connecting the coastal zone 
of Mackenzie Bay with the watery Porcupine Plains 
and thence to the Yukon Valley. 

The Brooks Range is high and compactly rugged 
mountuin terrain of rather complex Rocky Moun- 
tain type of structure through the first three- fourths 
of its westward extent to Kotzebue Sound and the 
Arctic coastal zone. Here the Brooks Range is a 
barrier to easy passage and a barren zone of transi- 
tion between central Alaska with some boreal for- 
est and the treeless tundra land of the Arctic 
coastal plain. The western quarter becomes hill and 
low mountain country interspersed with low passes 
and a few upland basins. 


Central Alaska. Plains interspersed with several 
areas of hill and low mountain country characterize 
all save one part of Alaska between the Brooks 
Range to the north and the great Alaska-AJeutian 
Ranges to the south. Plains are nearly flat in area* 
of recent glacial out wash and in the alluvial bot- 
toms of some of the larger rivers, such as the Yu- 
kon, Kuskokwim, and Tanana; and in the great 
deltas of the Yukon and Kuskokwim Rivers th»*v 
are very flat. 

In areas where marine influence contributes to 
chilly cool summers the vegetation is tundra, as in 
the west and northwestern parts. Northern coniiei- 
oils and mixed forest, however, survives in inland 
parts having a more continental short warm sum- 
mer except in higher parts, such as in the compart 
protrusion of the interior plateaus between the 
Yukon and Tanana Rivers in southeastern central 

A 1 a s k a . 

Pacific mountain system, Alaska, Canada. Saw 

for the one protrusion mentioned above, the in- 
terior plateaus are in Canada, and will be round 
rred in this connection in a later section. The l\j 
cific mountain system here has two main parts. th» i 
Siei ra-Coasf mountains, and Pacific coast range*' 
but these are separated in several places by area* 
of basin and trough, designated Pacific Trough* 

Alaskan Sierra-coast, mountains . TJje arniati 
chain of the Aleutian Islands appears to he nnlv 
the upper portions, exposed above the level ol the 
sea, of a great volcanic mountuin range. Despite the 
lack of ^flinch level land, dangers from volcann 
eruption and earthquake, and the storm v chill cli- 
mate throughout the year, ways are found to de- 
velop usable landing fields and aviation way i *la- 
lions along the great circle routes, and surface shin 
facilities continue in natural harbors at such place* 
as Dutch Harbor and the non- Aleutian bill nearhv 
Kodiak Island. 

Similar conditions of rugged volcanic mountain*, 
marked with many active and quiescent volcanoes, 
caldera, and zones of gaseous vents, such as the 
famed Valley of Ten Thousand Smokes, stand in a 
curve with ragged shore on the southern side uf 
the Alaska Peninsula. The treeless plain on the 
northern side broadens along Bristol Bay, of the 
Bering Sea. to the break in terrain near the largf 
Lake Iliamna. 

Great compact masses of high rugged moun- 
tains, occasionally punctuated with volcanoes, re- 
verse the curve of the Aleutian arc convexly north- 
ward around all the south Alaskan mountain and 
basin country. Broadest northwest of Anchorage 
and the Cook Inlet, the range culminates in heigh* 
somewhat northward at the spectacular Mount Mc- 
Kinley (20,200 ft). The Alaska Railway uses an 
elevated pass, just east of Mount McKinley Na- 
tional Park, in going northward from ice-free 
ports of Seward and Whittier via Anchorage to 
Fairbanks in central Alaska. The range narrows and 
has a few lower passes to the east through whien 
two roadways pass from Copper Basin northward to 
the Alaska Highway in the Tanana Valley. 
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Fig 14. Structure-topography diagram of Columbia Physiographic Diagram of the United States , Ham- 
plateau and the Cascade Range. (From A. K. Lobeck, mond, 1957) 


1. Cook Inlet-Sijsitna and Copper basins. The 
Cook Jnlel-Susitna Basin, with Anchorage as its ur- 
ban renter, supports a growing population, and pe- 
rioleum i- found in pools entrapped in that part of 
t lie basin associated with Kenai Peninsula. A high- 
wav from Anchorage uses the Matanuska Valiev 
ninle hetwcrii the Talkeetna and Chugach moun- 
tain areas to pass eastward into the elevated and 
lira? -treeless Copper Basin. Here it joins the Rich- 
ardson Highway. on its route north from the Pacific 
roast al port of Valdez toward Fairbanks; and the 
Tnk Passwa\ road swings northeastward toward the* 
\laska High wav near the Canadian border. 

2. Pacific coast ranges. Four units Kodiak. Ke- 
nai. Chugach. and St. Elias Ranges lie on the mar- 
gins of southern Alaska and, with the exception of 
I lie Panhandle and Kodiak and Afognak Island**, 
me roughly mountainous with maximum elevations 
(»f 1000 ft and irregular shorelines. The Kenai and 
Chugach Ranges are compactly rugged and much 
glaciated mountains of the south Alaskan coastal 
/.'me. The mam mountain glaciers are fed hv the 
he;iv\ precipitation from the warm and moist Pa- 
»ific air impinging on these shores. Warm Pacific 
waters also induce mild winters and ice-free har- 
bor-, along the extremely irregular shores, and fine 
nergreen coastal forests stand on manv lower 
dopes and coastal margins. Between the Chugach 
mountains and the Alaska Range and to the east of 
the Copper Basin is a group of mountains much 
burdened with glacial ice and surmounted by large 
volcanic peaks. Among these are Sanford (16.208 
fn and Wrangell (14,005 ft), from which latter the 
area is named the Wrangell Croup. 

The magnificent mass of ice and mountains in the 
^amt Elias Range is notably surmounted by groups 
of ^now-clad peaks, some of the highest in Canada 
and the continent. (For a discussion and illustra- 
tmn of these mountain and piedmont glaciers, .sec 
Ciacif.h.) To the south the character of the Pa- 


vific coast ranges is markedly different. 

3- Inland passage section. A strongly glaciated*, 
coastal mountain zone is today fiorded and many is- 
lands and irregular coastlines of the panhandle of 
Alaska and Canada are interthreaded with arms 


°f tidewater. The reappearing Pacific Troughs here 
take the form of a sheltered waterway in this in- 
aud passage section. The sheltering mountainous 
glands are. from north to south, the Alexander 
Archipelago, Queen Charlotte Islands, and the 
aneouver Range. 


Canadian toast mountains. Unlike the offshore 
Pacific* coastal ranges, these are the ice-eroded and 
intricately fiorded margins of great igneous rock 
masses at the western margin of the mainland. 
Warm Pacific waters and moist air masses bring 
maritime moderation and beautiful evergreen for- 
ests to many of the lower slopes and shores, hut 
upland winters are cold and highland snows are 
heavy. A few upland ice fields remain inland from 
the Alaskan panhandle. In many placcs.,the upland 
surface between the U-shaped glaciated valleys and 
on the interfiord ridge** appear to join rather evenly 
yvitli a great hark land plateau which was recently 
and widely scoured hv ice cover. This elevated sur- 
face is occasionally surmounted hv peaks and seems 
to he somewhat continuous with the upland surface 
in many of the western parts of the Canadian in- 
terior plateaus. 

Intermontane plateau system. In Canada these 
interior plateaus present, on the west, much of 
fairly even upland surface occasionally surmounted 
hv peaks and scattered ranges and here and there 
deeply gashed hv glaciated vallevs. many with long 
lakes. Some of the dissecting valleys are straight 
in seeming response to structural weaknesses but 
many are dcndritically irregular in pattern. Relief 
and elevation become rougher and higher on the 
eastern margins to become commonly mountainous, 
but less linear in pattern than in the adjoining 
Rocky Mountains. This condition has been men- 
tioned before in the cases of the Ogilvie and Selwyn 
mountains, adjoining the Mackenzie Mountains on 
the eastern margin of the great Yukon Plateau. 
This Yukon Plateau reaches more than 400 miles 
from southeastern Alaska into Canada. The re- 
mainder of the 1000 miles, north-south, of these pla- 
teaus hears names of the principal draining rivers. 
The Stikine section is in the middle and the Frazer 
Plateau in all the southern portion of these ele- 
vated. rugged, and partly mountainous Cordilleran 
uplands. 

South of the Canadian border, in the United 
States and Mexico, are four major units of the in- 
termontane plateau system: Columbia Plateau. Ba- 
sin and Range province, Colorado Plateaus, and 
Mexican Highland. 

Columbia Plateau. Huge outpourings of lava ex- 
uded at various times have built up thick layers to 
form at some 3000 ft a sea of lava, overtopping all 
but a few of the previously existing features of 
inland basin topography. This is observable along 



160 North Amorico 

the few canyon sides where main streams, the Co- 
lumbia and Snake Rivers, have cut into and through 
the overlying lavas to reveal underlying structures. 
In a few places faulting causes scarps and some 
tilted block mountains. Various mountains stand as 
an “island” area surmounting the upland surface 
in the Blue Mountains section. Volcanic craters, 
called Craters of the Moon, and youthful lava sur- 
face mark the southeastern arm of the Snake River 
plain in southern Idaho. An elevated basin part on 
the south contains volcanic features, some block 
ranges, and basins of interior drainage in the 
Harney section of the southwest. 

Deeper soils, rolling surface, and some areas of 
irrigation are reflected in agricultural development, 
mostly in the northern parts. Here are the great 
machine-farmed wheat lands of the Walla Walla 
Plateau of Washington and Oregon. Irrigation 
and fruit raising are famous in the Yakima Val- 
ley district and in parts of the broad bottom of the 
deep Columbia River valley, which is also much 
used as a transportation route. 

Basin and range province. Five parts characterize 
this largest (over 300,000 mi’-’) division of the in- 
termontane plateau system of Cordilleran North 
America. Mountain and hasin, or desert bolson, 
topography and the prevailing arid and semiarid 
climate are the widespread unifying attributes of 
this area. 

On the north is the well-known Creat Basin. Here 
the repeated pattern is of block mountain ranges, 
mostly oriented north and south and in varying 
stages of erosional destruction. These stand be- 
tween bolson basins of interior drainage that are 
filling with the erosional offscourings from the ad- 
joining highland ranges. (For a consideration of 
the details of land form features, see Df.skkt kko- 
sion FKATURKS. ) The Creat Salt Lake is the largest 
of the desert playa lakes. Nearby Salt Lake City 
and its oasis agriculture are outstanding achieve- 
ments based on the use of waters of the mountain 
streams of the adjoining Wasatch Range. 

To the southeast in Arizona and New Mex- 
ico are open-basin sections of these dry-land re- 
gions. In contrast to the closed basins of interior 
drainage, these basins drain to the Colorado or Rio 
Grande rivers, or to the sea. The basins are occa- 
sionally marked by oasis settlements and a few ur- 
ban centers, such as Tucson. This large division 
is margined on the east by the Sacramento section 
where north-south block-faulted ranges and elon- 


gated intervening basins run south from the Rockv 
Mountains to border the Great Plains province. Sev. 
eral of the past trails and the present more south- 
erly rail and highway routes pass through these drv- 
land parts of New Mexico and Arizona on their 
way to the West Coast. 

Some of the deeply filled basins and the maturely 
dissected mountain ranges are now of considerable 
interest, for example, the Tularosa Basin west of 
the high (1200-f ft) Sacramento Range. This basin 
contains the White Sands National Monument 
(great expanses of while dunes and gypsum) and 
the White Sands proving grounds for development 
of atomic devices. Several outstanding highland or 
mountain dam and reservoir facilities, such a>s 
Roosevelt Dam on the Salt River, Parker Dam and 
Boulder Dam (Lake Mead) on the Colorado River, 
and Coolidge Dam. furnish scenic and recreational 
interest and valuable waters for irrigation and for 
a few urban developments in the valleys and basin 
floors. 

The Sonora Desert and the Salton Trough, of 
California. Arizona, and northwestern Mexico, ex- 
tend the Basin and Range province some 1700 mi 
to the south. On the north and northwest, this drs 
ert region is separated from the dryland coast 1>\ 
numerous ranges and contains repeated range and 
basin desert, including the depressed basin of 
Death Valley east of the Sierra Nevada between 
the Mojave Desert of California and the basin and 
range country to the north. The Salton Trough is a 
northerly extension of the linear depression of tin 
Gulf of California; its area north of the Colorado 
River “delta” is below sea level, making it a trou- 
blesome place of variable flooding and desiccation 
Winds once transported deltaic sands into the dime 
area of Gran Desierto in Mexico. Today controlled 
irrigation waters of the Colorado are released to 
support the large Imperial Valley farming area of 
California and a lesser hut growing development 
in Mexico. The rest of the Sonoran area is a nar 
rowing dryland transition between the Mexican 
Highlands and the Gulf of California on the west. 
About 100 mi wide in the north, it resembles the 
basin and range country of the deserts in th»* 
United States. Southward it is progressively nar- 
rower and a little less arid. A large part, how- 
ever, is an arid region of nearly buried hills and 
low mountains protruding above the alluvial litter 
washed from the Mexican Highland during desert 
downpours and mountain rains. 



Fig. 15. Structure-topography diagram, east-west Lobeck, Physiographic Diagram of the United States, 
through the Basin and Range province. (From A. K. Hammond , 1957 ) 
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Fig. 16. Structure-topography diagram of a part of graphic Diagram of the United States , Hammond, 

♦he Colorado plateaus. ( From A. K. Lobeck, Physio - 1957) 


Colorado plateaus. Great areas of relatively un- 
disturbed and almost horizontal beds of rock lie 
thickly upon an underlying basement complex be- 
tween the Southern Rockies and the Great Basin. 
Great flattened Miinmit areas appear in these ele- 
vated uplands, broken here and there by structural 
and erosional features. A few streams, particularly 
ot the Colorado system, have cut deep canyon val- 
ley: that of the Grand Canyon section exposes the 
fudges of the sedimentary rock layers, below which 
<m inner gorge dissects a narrow V shape into the 
underlying complex (Fig. 16). The Grand Canyon 
i> the best known and most visited area of the pla- 
teaus. hut noteworthy features are scattered in 
other parts. A few faults result in conspicuous 
arp**. Scattered sharp domes are in varying stages 
ot erosional destruction into hill and mountain 
aiea*. From the margins of these, and from washing 
.uid erosion of up- or downwarped plateau sections, 
hogback ridges are developed, and dryland escarp- 
ments and table or mesa remnants arc conspicuous. 
Scattered volcanoes and lava outpourings punctu- 
ate a few places. Although mostly semiarid. the 
higher surfaces support fine forests which are little 
used in this great region awav from the settled and 
developed parts of the country. 

Mexican Highland. Essentially five coextensive 
areas and one separated part make up the Mexican 
portion of the North American Cordillera. The long 
and complexly faulted peninsula of Lower or Baja 
California is the southern extension and end of the 
Pacific mountain system. The mainland highlands 
have a highland mass of four parts with predomi- 
nant north-south trend and other characteristics like 
•hose of western United States and Canada. These 
ar e (1) the elevated and dissected lava (rhyolite) 
plateau, cut into rugged mountain terrain on the 
west to form the Sierra Madre Occidental; 
•2) folded mountains in the Sierra Madre Oriental 
landing up southward from the complex Big Bend 
area on ihe Rio Grande, between the Gulf Coastal 
Flain and the two interior parts of the upland; 
( *U a more northerly area of block ranges and ba- 
sins similar to those of the United States: (4) 
southward of low ranges (curving west from the 
Oriental to the Occidental Sierra Madre). a great 
elevated basin floor (although locally called Cen- 
tal Mesa) marked here and there by hilly areas 
Suiting from dissection of old volcanoes and char- 
acterized by considerable settlement and scattered 


cities: and (5) a neovolcanic plateau, abruptly ter- 
minating the North American Cordillera on the 
south. This plateau extends from the Pacific, near 
Tepic, to steeply sloping margins close to the shores 
of the Gulf of Mexico near Veracruz, and the Tux- 
tlas volcanoes stand conspicuously at the shore of 
the coastal plain just south of Veracruz. This great 
upland plateau is considered by some authorities to 
he on an east-west shear zone in the underlying 
rocks, with the great number of high, youthful vol- 
canoes arranged generally in correspondence with 
the zone of structural weakness and lateral displace- 
ment. The elevated upland has a moderate climate 
and is somewhat more humid than the dryland pla- 
teaus to the north, and it has become the heart of 
the nation and the site of Mexico City, the capital. 
Beyond lie the ranges and gapwuys of Central 
America. 

Pacific mountain system, southern. A previous 
section outlined the character of the Pacific moun- 
tain system in Alaska and western Canada; this 
portion deals with mountain and basin character in 
the western margins of the United States and north- 
western Mexico. Here tin* system contains three ma- 
jor north-south units: the Sierra-Cascade moun- 
tains, the Pacific troughs, and the Pacific* coast 
ranges, extending in that order between the Cordil- 
leran intermontanc plateau system and the Pac ific: 
Ocean. 

Sierra-Cascade mountains. Two great tilted block 
mountain sections, that of Lower California and the 
Sierra Nevada of California, and that of the Cas- 
cade section of Oregon and Washington, comprise 
this nearly unbroken unit. The rough, complexly 
faulted section of Lower California hears the same 
relationship to the basins and ranges of the Sono- 
ran Desert area as the Sierra Nevada does to* the 
basins and ranges of the Great Basin, except that 
the adjoining Mexican basin contains the Gulf of 
California (see Fig. 17). Lower California is 
largely a desert mountain region, little inhabited 
and scarcely developed, even for its known miner- 
als. California’s Sierra Nevada presents considera- 
ble contrast. 

Although its past history is complicated, the 
Sierra Nevada block range is understandable in 
relatively simple aspects of its structure, form, and 
related physical features. A great peneplaned mass 
was faulted and the block tilted with the old sur- 
face on the gentler slope to the westward, whereas 
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the abrupt eastern slope presents some 3000 ft of 
barren gullied scarp above the adjoining Great Ba- 
sin. The crest is high and ruggedly etched by moun- 
tain glaciers. The gentler western slope is more 
humid and contains great evergreen forest belts, at 
elevations between 6000 and 0000 ft. Although an 
isolated timber resource, the forests are great regu- 
lators of runoff into streams for dryland irrigation 
in the Central Valley of California. The peneplaned 
rocks contain mineral veins, subject to erosion by 
the mountain streams. Thus were deposited the gold 
placer deposits (of stream sands and gravel ) which 
initiated the Gold Rush of 1849. Later the gold and 
other minerals were mined from their lodes and 
veins. The great block range extends some 400 mi 
to end near the northern border of the state* of 
California. 

The Cascade .Mountains begin as a spectacular 
array of volcanoes and volcanic materials north 
of the Sierra Nevada and gradually change to a 
massive horstlike uplift with scattered volcanic; 
peaks in their more northern parts (see Fig. 14). 
These mountains are a formidable harrier through 
most of their extent to the Fraser River valley of 
southern Canada. Few through routes cross except 
via the valley of the Columbia River. Mild marine 
air masses of the Pacific coastal zone bring rainy 
climate and some of the finest fir forests of the 
continent to the western slopes, but the eastward 
slopes become drier, and the rain shadow means 
dry climate on the Columbia Plateau, although 
mountain streams bring water for such irrigation 
development as that of the Yakima Valley in Wash- 
ington. 

Lowland troughs and coast ranges. In spite of 
some complex differences and numerous local var- 
iations, the troughs and coast ranges from south- 
western Canada to Mexico present a generally hold 
and simple cordilleran coastal-zone pattern. A 
trough extends north-south in the Georgia depres- 
sion between the Vancouver Range and the Cana- 
dian Coast Mountains to connect tidewater via 
Georgia Strait between the Inland Passage and the 
waters of Puget Sound. This Georgia depression is 
commonly considered to be a part of the Puget 
Sound section. 

The coastal zone of Washington and Oregon is 
composed of (1) the Puget Sound section of low- 
lands running southward two-thirds of the distance 
to the California border, and (2) roast ranges in 
the Olympic Mountains, the Oregon Coast Range, 
and the broader Klamath Mountains to the south 
of the lowland sections. The Juan de Fuea Strait 
runs in from the Pacific to Puget Sound and thus 
separates the Vancouver mountains from the deeply- 
dissected and compactly rugged mountain mass of 
the Olympic Mountains. With general ridge sum- 
mits at 5000 ft and a few surmounting peaks to 
about 8000 ft, this upland induces heavy precipita- 
tion from the mild marine air masses. Heavy ever- 
green rainforest grows to great heights (many trees 
more than 200 ft) from a mossy forest floor of tan- 
gled undergrowth. Much lumbered on the margins, 
a considerable portion of this region is now being 


preserved as a national park. The mountains art . 
ringed by lower land, but there is a hilly plain gap 
in the coast ranges, through which flows the Che. 
halis River. To the south are hills and low moun- 
tains cut by the lower Columbia Valley. 

Low mountain country marks the Oregon Coast 
Range. With mild marine climate, these are some 
of the wettest (140-150 in./yr) and most heavily 
timbered parts of the continent. Southward of about 
44° N the terrain grows rougher and the mountains 
broaden, called here the Klamath Mountains, 
which reach from the coast inland to the volcanic 
Cascades. 

I he north-south Puget Sound section presents two 
distinct parts southward of the Georgia depression 
and the landward end of Juan de Fuca Strait. First 
is the Puget Sound lowland plain containing man\ 
arms of the Sound. Agriculturally important. fhh 
heavily populated region is also becoming impor- 
tant in industry and commerce in such cities a- 
Seattle, Everett, Tacoma, and Olympia. Southward 
the basin floor grow-s hilly to form a divide between 
this and the next main lowland parts. 

The Cowlitz valley area lies north of the Colum- 
bia River, hut the greater part of this southern low- 
land lies in the Willamette Valiev region of Oregon. 
This is predominantly agricultural land wit!) sonic 
of the greatest population of the western United 
States. Portland, however, with its tidewater con- 
nection on the Columbia and its command of over- 
land routes, is growing to rival Seattle in urban 
development. 

Only the broad physical plan of the cordillerao 
coastal zone in California mav he outlined in thi- 
account. On the north the Klamath Mountains con- 
tinue compactly rugged, well forested, and a con- 
siderable harrier to north-south travel. The onl\ 
through route of rail and highway to the Willamette 
Valley winds through via ('.rants Pass. Southward 
the Klamath mass of mountains gives way on the 
east to t lie* volcanic transition between the Sierra 
Nevada and the Cascades. In this vicinity Shasta 
Darn and reservoir regulate the waters of the low- 
land Sacramento River. Southwest of the Klamath 
area, the Coast Ranges commence theii low-nioun 
tain pattern of parallel ridges and valleys between 
the Pacific shore and the length of the Great Valley. 
Many of the valleys and ridges come to the coast 
at a slight northwest angle, so that valley shores 
are low and commonly somewhat embayed, wherea* 
the mountain coastal ends are repeatedly prom- 
ontoried. Some of the valleys are agriculturally im- 
portant. especially in vines and fruit just north and 
south of the San Francisco area. Wooded in the 
northern parts, the Coast Ranges become covered 
with brushy chaparral and grass, or are progres- 
sively more barren, in reflection of the mediterra- 
nean dry-summer climate and the semiarid lands to 
the southward. Frequent fogs on this coast give way 
to sunnier lands a few miles inland, particularly 
in the Great Valley. 

The alluvium-filled trough depression of Califor- 
nia is 400 mi long and about 50 mi wide. These 
fine soil areas under .mediterranean and ( on the 
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Fig. 17. An east-west structure-topography diagram Lobeck, Physiographic Diagram of the United States , 
through the Sierra Nevada, Central Valley depres- Hammond , 1957 ) 

sion, and Coast Ranges of California. (From A. K. 


i it 1 1 ) semiarid climate are used for agriculture, 
some grazing gives way to extensive machine cul- 
tivation of grains, then to truck farming and inten- 
sive fruit and vine growing. Valuable waters are 
obtained for irrigation, especially from Sierra 
-ii cams and through the widespread tapping of ar- 
tr-ian waters in the alluvial fill of the basin. The 
l.ieat \ alley produces oil and gas in scattered 
places, and the whole area is dotted with small ur- 
ban communities. The greatest proportion of the 
ml however, is obtained from the folded Coast 
Range structures to the southward and even be- 
neath the coastal sea waters. 

The great urban centers of central California 
a i « localized where the rivers draining the Creal 
\ allcv join and flow west through the Coast Manges 
to the Pacific. This valley area appears recently 
tb'pirssed and the lower parts arc drowned by the 
waters of the Coldcn Gate, San Francisco Bay, and, 
f «. the northeast. San Pablo Bay. The great urban 
complex includes San Francisco, on the south of 
the Golden Gale, and tin; Oakland and Berkeley 
■immunities near the eastern end of bridges across 
Vm Francisco Bay. 

The Great Valley ends on the south in lower 
ranges curving south westward from the end of the 
s icri«i Nevada to the Goast Ranges where they ad- 
min I he I .os Angeles Ranges. 

The 1 .os Angeles Ranges are a somewhat compli- 
cated system of ranges and masses of mountain ter- 
rain. The general trend is eastward and inland from 
the coast, then curving southward around the end 
f ‘f the tilted block structure of Power California, 
■^ome mountain structures of the continental shelf 
appear in several islands off these Pacific; shores, 
ftn the mainland are numerous interridge valleys 
ai;rl a few lowlands. In the northern purl of the 
largest of the lowlands, where it opens to the Pa- 
is Los Angeles. This metropolitan area ex- 
tend's inland and also northward, where it reaches 
into highland and valley areas. The surrounding 
lowlands and valleys are cultivated in citrus and 
"Iher fruit. The semiarid climate and the huge de- 
mand for water in the cities require transport of 
W{ *ter from such distances as Owens Lake and the 
Colorado River by means of long overland aque- 
ducts. 

Old alluvial slopes at the western base of the 
faulted mountains, sometimes termed composite 
deltas, form a lowland shore to the south of the Los 
Angeles area. Here on a bay and harbor behind a 


coastal bar lies the city of San Diego. The climate 
being arid, there is complete dependence on irri- 
galion for cultivation of fertile soils. Water supply 
continues to he of major importance, although San 
Diego now also receives water from the Colorado 
River. South of California only a semblance of the 
Coast Ranges appears along the western margins 
of Lower California, or else they are totally sub- 
merged by the Pacific. 

CENTRAL AMERICA 

This narrowest part of the North American 
mainland has predominantly mountainous land- 
forms, but it is geologically and structurally differ- 
ent from the great ranges, basins, and plateaus of 
cordilleran western North America. It is perhaps 
best considered as a composite of at least five 
rather separate and different parts, more closely re- 
lated to the Antillean mountain system. 

Sierra del Sur. Despite the more east-west trend 
of complex structure and lessened predominance 
of volcanoes, the ruggedly mountainous land of 
Sierra del Sur gives much similarity of appearance 
with the rough and mountain-marked, central, vol- 
canic plateaus to the north in Mexico. The average 
elevation of the upland parts lies at about 5000 ft 
and various levels of the rugged terrain reflect 
rather complexly the vertical differentiations and 
horizontal zoning in vegetation and agriculture that 
mark highlands of the tropical Americas. Scattered 
and broken bits of coastal lowland, largely alluvial, 
make spots of tropical “riviera” along the Pacific 
shore. Today roads, some rail lines, and airways 
penetrate the settled basins or pass over and 
through the rough highlands to connect the centers 
of the volcanic plateau of Mexico with the Pacific 
seashore resorts (as near Acapulco) or with the 
lowlands of the Gulf Coastal Plain or the low pass- 
way through the isthmus of Tehuantepec. The 
southeast of the highland terminates in an abrupt 
and rough fault scarp dropping to the lowland of 
Tehuantepec. 

Tehuantepec-Honduras section. This is an 
area of rough mountain terrain with parallel ranges 
trending, in a flattened S curve, generally from west 
to east. Much of this on the north is semiarid back 
country in the narrow valleys and margins. It is 
therefore much less settled and developed than the 
basins in the volcanic region to the southward. 
Rough basin country, 1500-3000 ft elevation, in the 
middle and upper course of the Grijala River sys- 
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tern supports, however, a considerable density of 
rural population. The lowland pussway appears as 
a hilly-floored graben, downdropped between these 
two highland masses in such a way as to connect, 
at less than 800 ft elevation, the Gulf Coastal Plain 
with the narrow but well-developed Pacific coastal 
plain to the southeastward. Although it is longer 
than most others, this pass route presents some pos- 
sibility as an alternative or additional route to that 
of the Panama Canal. A railway now traverses the 
gap from Gulf to Pacific. 

Volcanic Upland. Volcanoes and volcanic ash 
and some lavas characteristically mark the back- 
bone highlands of southern Guatemala. Salvador. 
Honduras, and Nicaragua. These highlands and 
their volcanic peaks (in places in a semblance of 
one. two, or more rows) rise abruptly back from the 
coast or narrow coastal plains on the Pacific side 
which is also the drier tropical exposure. The up- 
land slopes gradually downward toward the other 
side in a series of long eastward ridges separated 
hv widening, alluvial-fioored valleys. These merge 
with the low, rainy, tropical plain of Mosquito 
Coast along the Caribbean, but the submerging ribs 
of the ridges appear as en echelon irregularities 
of the coast or stand as scattered offshore islands. 

A seemingly continuous depression definitely 
separates the main volcanic upland in Nicaragua 
from a similar but elongated highland along the Pa- 
cific coastal zone. Actually this extends more or less 
unbroken from the plain drained by the Rio San 
Juan from Cake Nicaragua to the Caribbean, to the 
Gulf of Fonseca in the Honduran coastal zone. This 
same structural depression seems also to reappear 
in the west-east depression drained by the upper 
Rio Lempa in Salvador. 

A potential transisthmian waterway route might 
utilize the Rio San Juan to the large volcano-dotted 
Lake Nicaragua. Several places appear potentially 
feasible locations for canal connection to Pacific 
waters. 

Coastal lowlands. Alluvial offscourings form 
long, comparatively narrow, and flat-lying plains on 
both sides of these Central American highlands. 
That of the western side is composed of a large 
proportion of volcanic material from the volcanoes 
of the highland and is somewhat drier in the high- 
sun period. Both are tropically warm to hot but 
the eastern plain area is rainy throughout the year. 
The ruinv eastern coastal zone has been much de- 
veloped in banana plantations, but these have de- 
clined in recent years particularly from the dam- 
aging ravages of plant disease and blight. Many 
plantations have been established recently on the 
drier western plains and some are now connected 
by rail for Caribbean shipment on the eastern coast. 

Panamanian arc. On the Pacific side of the 
Nicaraguan lowland gapway, a narrow volcanic 
upland surmounted by numerous volcanic peaks 
swings southeastward to join the variably rough 
mountain terrain that dominates the feasibility of 
various settlements and transisthmian travel de- 
spite scattered areas of lower land. Highland settle- 
ment in the volcanic mountains and basins of 


Costa Rica has been progressive and expanding j n 
recent times, but the wetter and warmer lowland*, 
continue to present more difficulties for develop, 
merit on Lhe western side and remain largely unset, 
tied on the Caribbean side. Panama's development 
is similar but lacks the stimulating highland and 
basin zones. 

The Panama Canal passes through one of several 
nearby ways that were used for past land travel in 
the isthmus of Panama between Caribbean and IV 
cific waters, ft uses a reservoir and lock system, in 
part to control local floods, in making the lo*,\ 
(85-ft) canal way some 40 miles through the Pan- 
ama Canal /one, developed largely by the United 
States. Long an important place in travel and set- 
tlement plans since -the coming of European men 
to the New World, the isthmus of Panama continue'* 
to he a place of some troublesome problems and 
widespread significance in the present daw 

| c.v.c.; Kt.r.' 
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North Pole 

That yid of the earth’s axis which points tow did 
the North Star. Polaris (Alpha Uisae Minori- 1 
It is the geographical pole where all meridian" 
converge, anti should not be confused with tin* 
north magnetic pole, which is in tht* Canadian 
Archipelago. The North Pole’s location falls near 
the center of the Arctic Sea. 

Being at the end of the earth’s axis, which i- 
inclined 2 3V» (23? 45) from a line perpendiculai 
to the plane of the eeliptie. the North Pole ha* 
phenomena unlike any other place, except the 
South Pole. For 6 months the sun does not appear 
above the horizon, and for 6 months it does not 
go below the horizon. During this latter period. 
March 21 -September 23, the sun makes a ven 
gradual spiral around the horizon, gaining altitude 
until June 21 ; then it starts to lose altitude until 
it disappears below the horizon after September 23- 
The sun’s highest altitude will be 23V£»°. As there 
is a long period (about 7 weeks) of continuous 
twilight before March 21 and after September 23. 
the period of light is considerably longer than the 
period of darkness. 

There is no natural way to determine local sun 
time because there is no noon position of the sun. 
and all shadows, at all times, fall to the south, th e 
only direction possible from the North Pole. Sec 
Gkograpiiy, mathematical. [v.h.e.1 

North Sea 

The North Sea overlies the European continental 
shelf between latitudes 51 °N and 61 °N. Its waters 
circulate freely with those of the northeast Atlan* 
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ti< Ocean between Scotland and Norwa\ and 
liuough tin* Straits of Dover. The North Sea is a 
prolific fishery region. Numerous fishing grounds 
have distinctive names, such as Doggei Bank and 
i'l.iden (iround. A wide range of clupeoid*. ga- 
‘luids flatfishes, and erustaeeans are commercials 
(idled. 

Idle southern half of the North Sea floor is a 
plateau, mostly less than 40 meters ( m ) deep. The 
northern half is a basin which deepens northwaid 
to the edge of the continental shelf at a depth of 
about 200 m. There is a narrow submarine valley 
along the Norwegian roast with depths ranging 
from about 240 to 350 m. 

Atlantic oceanic water and continental (mainly 
Baltic) waters constantly flow into the North Sea. 
The Atlantic Ocean water is warmer and saltier 
dian that mitering the Noith Sea from the Baltic, 
hi autumn and winter these waters mix to produce 
a characteristic water mass with intermediate con- 
servative properties. During other seasons a halo* 
tliernioelinc exists at 30--40 m depth. Occasionally, 
waters with Mediterranean or Arctic water mass 
characteristics invade the region. Each of these 
water mass types has a characteristic fauna, chiefly 
plankton forms, by which it may be recognized. 
e Haloclink; Thehmocmne. 

The inflow of oceanic water through the Straits 
°f Dover is relatively small; a greater volume en- 
fers from the north and becomes part of the pre- 
'ailing circulation. The surface current system in 
the northern part of the North Sea is shown in the 


accompanying illustration. Subsurface and bottom 
currents set in similar directions except along the 
Norwegian coast. There a deep oceanic current 
moves south beneath a north-s< tting surface cur- 
rent. Dynamically, and in their physicochemical 
characteristics, these several water masses vary 
seasonally, fluctuate annually, and undergo other 
changes over longer periods of time. Catastrophic 
variations, or those which cause unusual mortality 
among fish, are known to occur. 

Mean minimum surface temperatures in Febru- 
ary range from about 7°C in the northwest part of 
the North Sea to less than 2°C in the southeast 
part. Mean maximum surface temperatures in Au- 
gust range from 11.5° to over 17°C from north- 
west to southeast, respectively. Extreme conditions 
of salinity do not coincide exactly with extreme 
conditions of temperature. Salinity values for-Feb- 
ruary (expressed in parts per thousand) range 
from nearly 35.25 % o to less than 32.00 96 o- and for 
August from more than 35.25 %n to less than 
31.00 Other less conservative properties, such 
as phosphate, nitrate, and oxygen contents, vary 
seasonally and according to biological activity. 

Marked tidal forces in the North Sea in conjunc- 
tion with atmospheric disturbances produce surges 
which cause damage on neighboring coasts, partic- 
ularly in the United Kingdom and the Low Coun- 
tries. See Storm surge. | j.b.t.] 
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Northwest Passage 

The northern sea route between the Atlantic and 
Pacific Oceans through the Canadian Archipelago. 
The entire route is frozen over in winter. As the ice 
cap retreats northward in summer two routes are 
opened (see illustration). The eastern approach 
through Davis and Hudson Straits is navigable in 
June, at which time the partially melted ice floes 
drift info the Atlantic* Ocean on the Labrador Cur- 
rent. This approach remains open until November. 

In the Canadian Archipelago the* ice is land- 
locked ( see Arctic, amj sitrarc tic islanhs). These 
passages remain dosed until the ice melts. The 
tortuous southern route, close along the Canadian 
mainland coast, is usually passable from mid- 
August to mid October. In this period if lias been 
traversed by a number of ships. The more direct 
northern route, through Lancaster Sound, the Bar- 
row and McClure Straits, has never been found 
entirely ice-free. This passage has only been made 
bv Wind class icebreakers. 


The southern Beaufort Sea is usually passable 
from mid-June to mid-October. The passage around 
Point Barrow is only possible while the Arctic ice 
floes are held offshore by the summer southeast 
winds. Usually this condition prevails from early 
August to late September. The distribution of sea 
ice in the Chuckchi Sea and Bering Strait is con- 
trolled by the same winds. However, the ice retreats 
from these parts in late June and does not close 
them until October. The Bering Sea approach is 
navigable from early June to December. 

Perhaps the most critical part of the passage K 
around Cape Barrow. Ships entering the Beaufort 
Sea must ensure their escape around the Cape, 
which may be closed by wind-drifted ice anytime 
after the first week of September. The approach to 
McClure Strait, along the west side of Banks Island 
closes at the same time. With these routes closed, 
the ships must be prepared to retreat eastward 
to tbc Atlantic O'-ean before the passages through 
the Archipelago become frozen. Icebreakers can 
pass through Prince of Wales Strait to the eastward 
of Banks Island and traverse the shorter norl hem 
passage. Other ships must take the longer southern 
passage where the freeze-up occurs a lew weeks 
later. The best route lor surface vessels is from west 
to east by the southern passage. Most service to 
the DKW line radar stations has been by t^iis roult. 

In 1958 the Northwest Passage was used as a 
submarine route when the nuclear powered sub 
marine USS Nautilus made the first submarine 
passage fjpoiu the Pacific to the Atlantic Ocean. The 
first attempt in June was frustrated in the shallow 
(160-ft) Chuckchi Sea by an ice ridge which e\- 
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routes. A west-to-east shipping route has been pro- Hecla straits, into the Atlantic or Hudson Bay. 
posed from the open waters in the western Arctic, 
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rend^ BO ft below the surface. The remaining 
depth did not provide safe passage for the 50-fr 
height of the ship. Returning through Bering 
Strait on July 29, the ship encountered the ice ridge 
farther north. This time the ice ridge was avoided 
|i\ parsing close around Point Barrow and entering 
the Arctic Ocean through the Barrow Canyon. This 
trench provides a minimum of 400-ft depth through 
the continental shelf. See Arctic Ocean; Sea ice. 

[j.p.t.] 

Nose 

The structures surrounding or related to the nasal 
,-uvities. In man, the nasal cavities are triangular 
openings that pass from the external openings, or 
nares. back to the upper part of the pharynx. The 
nd-al septum separates one airway from the other. 
The lateral walls are composed principally of por- 
tions of the ethmoid and sphenoid hones, and pro- 
i ed ions of three turbinate hones on each side. The 
floor of the nose is formed by the palate which is 
also the roof of the mouth. The nasal cavities are 
lined v\ith respiratory epithelium which also lines 
the paranasal sinuses. The latter are cavities in 
liio fiontnl. ethmoid, sphenoid, and maxillary hones, 
w fuVli communicate with the nasal passages. See 
Ch \xir\i. 

The external nose consists of the nasal hones that 
form the honv bridge and two pairs of lower nasal 
< .milages. These, together with the tightly adher- 
ent -kin. determine the individual shape and size of 
•\’irh nose. 

Numerous Mood vessels, nerves, and lymphatics 
MippU and drain both the external and internal por- 
tions of the nose. See Smei.i.. • E.or. ] 

Nose cone 

The forward portion of a missile or space vehicle 
that contains instruments and other payload. The 
nose cone is required to withstand the operational 
conditions of launching and flight, plus the condi- 
tions encountered in reentering the earth’s atmos- 
phere (.see Reentry). The nose cone decelerates 
bcr.ui-e of drag as it penetrates the denser portions 
°f the atmosphere, the kinetic energy of its motion 
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being transformed chiefly into heat. This heating 
of a nose cone has been likened to that encountered 
by meteors in the atmosphere. Most meteors tend 
to burn up before they reach the ground. Their 
heating is a great deal more seveie than that en- 
countered hv ballistic nose cones because meteors 
travel at a much higher average speed. Neverthe- 
less. a nose cone ran lie expected to experience se- 
rious. if not destructive, heating; it is thus of fore- 
most importance to study the nature of this heating. 

Amount of heating. The source of the* heat 
transferred to a nose cone is primarily the friction 
work done on the vehic le hv the air. This work is 
done adjacent to the vehicular surface in the 
boundary laver (see Ballistic range: Boundary- 
layer ei.ow). The heating is higher in proportion 
to the amount of friction work done, and this work 
increases with the veloc ity. Both the amount of heat 
transferred to a nose cone and the rate at which 
it is transferred are important. The total amount of 
heat transferred is important because it deter- 
mines the amount of material with which the nose 
rone must he provided to absorb this heat below a 
given temperature. The rate at which heat is 
transferred is important because it determines the 
kind of material with which the nose cone must 
he provided to absorb the heat. Figure 1 shows the 
total heating for cones of angles from 0° to 100°. 
Increasing cone angle means increasing bluntness 
of the body. The curves shown are the result of cal- 
culations assuming an entry angle between path 
and horizon of 30° for conical missiles weighing 
1000 lb. having a base area of 10 ft ? and entering 
the atmosphere at velocities of 7.000, 14,000, and 
21.000 mph. Total heating increases with increas- 
ing entry velocity; however, total heating decreases 
markedly with increasing cone angle or Muntness 
of the missile. For example, an entrance velocity 
of 14,000 mph. which is just a little less than that 
for the 1CBM, requires at least a 40°-angle cone 
to prevent the cone from melting even if it is made 
of solid copper, and approximately a 100°-angle 
cone would he necessary to reduce the weight of 
copper required well below 50% of the total weight 
of the vehicle. Figures 2 and 3 show why increas- 
ing the cone angle of the vehicle decreases the to- 
tal heating. These figures are photographs of flow 
about a slender and a blunt body, respectively. In 
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Fig. 2 the boundary layer predominates in the flow 
about the slender body, and because this layer is 
the source of heating, it is not surprising that heat- 
ing is high with a slender body. On the other hand, 
in Fig. 3, the shock wave predominates in the flow 
about the blunt body ; this wave serves primarily to 
heat the air some distance from the body. As a 
rule of thumb, therefore, blunt bodies absorb less 
heat than slender bodies because most of their ki- 
netic energy is delivered to the atmosphere in the 
form of heat, a relatively small amount appearing as 
heat in the body during entry. Accordingly, less of 
the weight of a blunt body is assigned to absorbing 
heat, and so more can be assigned to the payload. 

Heating rate. If the heating rates are high, they 
cause the temperature to rise rapidly on the outer 
surface of the heat shield of a nose cone while it 
remains low on the inner surface. This may cause 
thermal deformations in the shell which are greater 
than it is structurally capable of withstanding, with 
the result that it may rupture during entry. Heating 
rates tend to be at a maximum at the nose of a 



Fig. 3. Flow about blunt body. 


missile because this is where shearing, and hence 
heat generation, in the boundary layer occurs at 
the greatest rate. This rate can be reduced by 
rounding the nose of the missile; the more nearly 
flat the nose, the less is the rate. 

It is of interest to consider the same shapes that 
were treated previously in connection with total 
heating and to see what the gross effects of shape 
are on maximum heating rate9. These effects are 
shown in Fig. 4. An increase in cone angle or 
over-all bluntness is favorable in the sense that it 
reduces heating rates. This reduction comes about 
because the blunt vehicles decelerate at higher al- 
titudes where the air is less dense. From the stand- 
point of total heating and heating rates, blunt nose 
cones are especially attractive for atmosphere 
entry. 

It is also true that blunt shapes can be made 
statically and dynamically stable during entry so 
that possibilities of tumbling in flight, leading to 
destruction of the missile, are minimized. On the 
other hand, blunt shapes tend to decelerate at rela- 
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Fig. 4. Maximum heating rate. 

tively high altitudes and therefore are especially 
susceptible to being drifted away from their target 
by cross winds. Slender shapes are less susceptible 
to wind drift and they tend, therefore, to be more 
accurate; because of the higher heating of these 
shapes, however, it is not possible to protect them 
during entry with a simple heat-shield material like 
copper. Rather, it is necessary to Employ heat- 
shield materials with much higher heat capacity. 
This fact has generated great interest in ablation 
materials which have heat capacities an order of 
magnitude greater than that of copper, due prima- 
rily to the effects of vaporization. Certain types of 
glass and plastics appear promising as ablation 
heat-shield materials for nose cones during atmos- 
phere entry. See Fuselage; Spacecraft struc- 
ture. [a.j.eg.] 

Nose disorders 

Diseases of the nose include malformations, inflam* 
matory processes, and, rarely, tumors. Among the 
malformations, a distortion of the nasal septum, 



Bilateral cleft palate (cp) with unilateral cleft lip (cD 
or harelip, extending into right nostril. Note the nasol 
septum in the depth of the cleft palate. 
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Testing nose-cone oblation materials at Avco Research Laboratory. Ceramic-type material (center) 
was used on the first Thor-Able nose cone recovered successfully after reentry. ( Aviation Week) 
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which can narrow one nasal duct to a considerable 
f >xtrnt. i ft very common. An incomplete formation of 
ihe palate leaves a cleft (see illustration), through 
which the oral and nasal cavities communicate. It. 
ran be associated with a gap in the upper teeth 
and with a fissure in the upper lip which extends 
into the nostril resulting in hare lip. An infant 
uitli this malformation is able neither to suck nor 
to swallow properly. Later it will have severe speak- 
ing difficulties unless the malformation is corrected 

surgically. 

Acute rhinitis is an inflammation of the mucous 
membrane of the nose due to either infection or 
allergy. In either case the swollen mucous mem- 
brane secretes abundant mucus, which is more 
\iscid in infectious than in allergic rhinitis. The 
nasal ducts are completely obstructed. Mucus can 
he trapped in the paranasal sinus (.sec Sinusitis). 
Infectious rhinitis, the common cold, is very often 
encountered in man. but occurs in all animals. 
Mlergic rhinitis is due to acquired hypersensitivity 
to various substances of the environment. These 
substances are frequently pollen or bay dust. .See 

\l.I.IH(,Y. ATOPIC. 

Chronic rhinitis can be hyperplastic, if the tissues 
of the mucous membrane proliferate, and lead to 
nasal polvps. It can also he atrophic and result in 
gradual destruction of the mucous membrane, thr 
glands and, finally, even the bone. A dry nose re- 
Mi It Sec Atrophy. |k.wk. I 

Notacanthiformes 

The spinv eels form an order of actinoptervgian 
fishes of medium size. This order is also known as 
tin* lleleromi. The body is elongated, tapers poste- 
riorly. and has no caudal fin. There i* no duct to 
the swimbladder ; the orbitosphenoid pterosphe- 
noid. opisihotic, and hasisphenoid hones are ab- 
'•enf ; the posttemporal is simple or ligamentous; 
the transverse processes are not sutu rally joined 
to vertebral centra; there is no rnesocoracoid arch; 
the pelvic fin is abdominal in position, with many 
rays ; and the anal fin is long. 



Spiny eel, Notacanthus nasus. ( After D. S. Jordan and 
B- W. Evermann, The Fishes of North and Middle Amer- 
ica, U.S . Natl. Museum Bull. 47, 7900 ) 


This small order, which has a history extending 
back to the Upper Cretaceous, includes three fami- 
lies and six Recent genera. Spiny eels inhabit deep 
s eas of all oceans; some have photophores. Of un- 
* ertain relationship, they are like true eels in that 
they lack a firm suspension of the pectoral girdle 
from the skull, but some have true fin spines like 
she perciform fishes. See Actinopterygii; Photo- 
t'UORE GLAND. | H.M.B.J 


Notodelphyoida 

A small group of crustaceans comprising several 
related families usually found within the body 
cavity of sedentary tunicates. Approximately SO 
genera have been described from estuarine and 
marine waters throughout the world; no fresh- 
water representatives are known. The relationship 
between guest and host appears to be highly vari- 
able. Frequently, obvious signs of parasitism are 
lacking. The copepod usually resides as a com- 
mensal in the large sea- water-filled cavity of the 
tunicate and utilizes food gathered by the latter. 
In cases of obvious parasitism the species may 
exhibit extensive morphological degeneration while 
adapting to a specialized existence such as partial 
to complete encystment within the host’s tissue. 

Taxonomy. Recent systematic studies have raised 
serious questions regarding the validity of the order 
Notodelphyoida. fn K. Lang’s (1948) reorganiza- 
tion of the group, unrelated families were elimi- 
nated, the five acceptable families were divided 
into two subgroups, and phylogenetic. placement of 
the group was handled in a manner most consistent 
with known fads. In agreement with several previ- 
ous workers, Lang acknowledged the close kinship 
between notodelphyids and the Cyclopinidae, a 
family of the Cyrlopoida, section Gnathostoma. He 
considered the two groups as distinct lines within 
the Gnathostoma ranking them as tribes, Notodel- 
phyidi formes and Cydopinidiformes. P. Illg 
(1%8), reviewing the American notodelphyids, 
showed that Notodelphyoida as conceived hy G. O. 
Sars is untenable. Illg revised the family Notodcl- 
phyidae hy enlarging it to include doropygid and 
buprorid genera. Consequently, Notodelphyoida as 
used above is a misnomer for INotodelphyidi formes 
and more logical placement of the ensuing discus- 
sion would be under the order Cyclopoida. 

Morphology. Unspecialized notodelphyoids su- 
perficially resemble many insect larvae as a result 
of uniform segmentation, comparatively small trunk 
appendages, and crowding of inconspicuous oral 
appendages into the anterior portion of a capsule- 
like head. They correspond in body size to plank- 
tonic copepods. Strong sexual dimorphism is the 
rule in adults, the female having a swollen portion 
of the thorax in which the eggs are incubated. 

Ecology. Although the complexity of host-guest 
relationships seems to vary extensively, few details 
are available. Activities within the host, suggesting 
food gathering, have been observed but the actual 
food utilized is unknown. For example, Asddicola 
rosea , found in the transparent ascidian, Corella 
par all elo grama, usually holds fast to the food 
string, a continuous strand of mucus-enmeshed mi- 
croscopic food particles which moves into the host’s 
gut. Periodically, it repositions itself on the food 
string, thus avoiding entry into the stomach. 

Several guest species commonly appear within a 
host, each usually occupying a different location. 
Some are in the pharynx (Nolodelphys ) ; others 
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may choose the branchial chamber (Doropygus). 
In colonial ascidians the canals between zoo ids and 
the common exhaknt pore, or cloaca, are frequent 
sites. Males usually retain the ability to leave the 
host and swim about, whereas females tend to be- 
come progressively more sedentary as they mature. 

Reproduction. Eggs are retained in the female 
brood pouch until embryological development is 
completed. When the young are ready to hatch I he 



Notodelphyoida. (a) Female Doropygus psyllus Thorell 
(after G. O. Sars, 1921). ( b ) Female Buprorus /oven/ 
Thorell (after G. O. Sars , 1921). (c) Female Botryllophi- 
lus brevipes Sars ( after G. O. Sars , 1921). (d) Female 
Ascidicola rosea Thorell ( after G. O. Sars, 1921). 

female expels them by arching her body. Several 
genera lack a thoracic ineiibatorium, having in- 
stead enlarged plates girdling a portion of the body. 
One of these, isridicola , releases its young, still 
protected bv an inner egg membrane, into the host’s 
stomach. The unhatched copepod passes through 
the intestinal tract protected bv its egg membrane. 
At the anal opening it frees itself from the mem- 
brane and leaves the host as a free-swimming larva. 
Tn general, larval development includes several 
naupliar instars with the infective stage occurring 
earlv in the copepodid phase of the life cycle. See 
Asciihacf.a; Cy<xoi*oida. [ a. flkmingkk ] 

Bibliography. R. V. Cotto, The biology of a com- 
mensal copepod, Ascidicola rosea Thorell. in the 
ascidian Corolla parallelogramma (Muller), J. 
Marine Biol. Assoc. United Kingdom , 36:281-290, 
1957; P. L. Illg, North American copepods of the 
family Notodclphvidae. Proc. U.S. Natl. Museum . 
107f 3390) :463- 649, 1958; K. Lang, Copepoda 
“Notodelphyoida” from the Swedish west-coast with 
an outline on the systematics of the copepods. 


Arkiv ZooL, 40A (14) :l-46, 1948; G. 0 Sars 
Account of the Crustacea of Norway , voJ. 8. 192] ^ 

Nofomyotina 

A suborder of Phaneroznnida in which the upp er 
marginals alternate in position with the lower 
marginals to impart a degree of flexibility to the 



Representative Notomyotina. (a) Che/raster richardsom. 
paxillae and one pectinate pedicellaria. (b) Bentho - 
pecten pentacanthus. 

arm, and each of the tube-feet has a terminal 
sucking disk. Paxillae are present on the upper 
surface. Each arm usually contains a pair of dorsal 
muscles, whose contraction enables the arm to hr 
turned upward over the disk. These are mninlv 
deep-water forms. See Pn anfhozonida. | it. it. h:m.| 

Notostraca 

An order of crustaceans of moderate size f 20 
90 mm) generally referred to the Branchiopnda. 
They are called the tadpole-shrimps. The cylindri- 
cal trunk consists of 25 44 body segments, and the 
number varies slightly within a species. The first II 
somites each bear 1 pair of legs. Behind these air 
a varying number of segments with an increasing 
number of legs; a varying number of legless seg 
incuts; and, finally, a telson with 2 narrow, cylindri- 
cal. caudal filaments. The dorsal shield is rounded, 
and flattened dorsoven trail v. It usually covers onlv 
part of the animal. The paired eyes are sessile and 
the anlennules and antennae are much reduced. The 
numerous legs. 35 71 in number, are of almost uni- 
form structure. They are flattened with marked-off 
endites. The genital openings are situated on the 
eleventh pair of legs, each of which, in the female, 
bears a circular brood pouch. After the eleventh 
somite, the legs become smaller in size but increase 
in number independently of the number of somites. 
This is called polypody. The animals feed mainly 
on detritus, and the food is moved to the mouth in a 
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|r al groove. The young hatch in the naupliua 


‘ laival stage. 

The group contains only two genera, Tnops , or 
Unis, and Lepidurus , and about a dozen species. 

live in nonpermanent waters, sometimes oc- 
urring in great numbers, and are distributed all 
the world. Their eggs are able to withstand ex- 
utw desiccation when the pools dry up. .Sec Bran- 
, HIOPODA. r»-L.] 


Notoungulata 

p u . w(J dominant. hoofed herbivores of the Cenozoic 
jf South America are abundantly represented in 
f^lcocene through Pleistocene nonmarine sedimen- 
,., n ro rks of that continent. There are also isolated 
ou urrcrices in the Paleocene of Central Asia and 
( M,lv Kocene of North America. Diverging from a 
omnilive creodont ancestry at an early date, they 
i ad i:i tod into a wide diversity of forms, some of 
whir'll were convergent with Northern Hemisphere 
ungulates. .See Euthkria. 

Notoungulates were characterized by a skull 
wilh expanded temporal region due to presence of 
large -inns in the squamosal (Fig. 1) and no 
pnstnrhital har. The dentition is primitive with full 
lie? iau formula and a tendency to retain a closed 
t.mili row. although some groups enlarge the me- 
than incisors and develop a gap between the incisor 
r.»w and cheek teeth by reduction of the posterior 
iw'Mirs. canines, and anterior premolars. There 
tta* «ilwa\ s a complete molar row. and incomplete 
rnnhirization of the posterior premolars. The tepth 
*\ pf e low- to high-crowned, some groups developing 
high-crowned ever-growing teeth. The cusps were 
iMinrd 1>\ ridges in the upper and lower molars 
' lopliodonty ) even in the earliest forms Charac- 
tm-lically. the upper molars had a straight ectoloph 
! Fig 2a ) , oblique protoloph and transverse meta- 
h»|»li. the median valley enclosed by the three lophs 
usually carried accessory cusps. The lower molars 
t\ pic-ally were crescentic, the protolophid and hypo- 
h'phid resembling the Perissodactyla. The ento- 
">nid was isolated (Fig. 2b) or connected trans- 
to the hypoconid rather than to t lie hypo- 
* oni.lirl (see Dkntition). The feet were primitive. 



F Skull and jaw of Adinotherium ovinum, an early 
^'Qcene toxodontid notoungulate from the Santa Cruz 
Or mation of Patagoniq, Argentina. (After W. Scott ) 



Fig. 2. Adinotherium ovinum , from the Santa Cruz 
formation of Patagonia, Argentina, (a) Upper molar 
(after W. Scott). ( b ) Lower molar. Note the typical 
crescentic shape. 


with five toes (three or two in some advanced 
forms), and the weight was borne mainly bv the 
third digit. 

Noloungiilates are represented in the earliest 
known mammalian faunas of South America (late 
Paleocene) by a diversified archaic stock (suborder 
Notioprogonia ) , at that time already a specialized 
side line rather than a truly ancestral group, and 
bv the earliest members of a central stock, sub- 
order Toxodontia. which gave rise to most of the 
middle and late Teitiary forms. Surprisingly, at 
about the same time in Central Asia the most abun- 
dant mammalian herbivores were members of the 
Notioprogonia. A single specimen records the pres- 
ence of this group in the early Eocene of North 
America. A late Mesozoic origin, either in Asia or 
South America, seems possible; although knowl- 
edge of late Mesozoic and Paleocene faunas of the 
world is too incomplete at present to rule out other 
possibilities. 

In late Paleocene time South America was iso- 
lated from North America; and from that time 
until the Pliocene notoungulate evolution proceeded 
unharassed bv competition from the herbivores of 
the Northern Hemisphere. A third suborder, the 
rodent like Tvpotheria, appeared in the early Eo- 
cene. Toward the rinse of the Eocene the notoungu- 
lates displayed their greatest diversity and gave 
rise to a fourth suborder, the rodentlike Hegeto- 
theria. Notioprogonia ns did not survive the Eocene. 
In the middle and late Tertiary the toxodonls, typo- 
rheres. and hegetotheres tended to specialize along 
rather restricted lines which resulted in a decrease 
in diversity within Lhe order. The late Pliocene and 
Pleistocene emigrant ungulates from North Amer- 
ica eventually replaced the large, hippopotamuslike 
toxodontids. bear-sized typotheres. and rabhitlike 
hegetotheres in South America. Toxodontids spread 
north into Central America in the Pleistocene. 

[r.h.t.] 


Nova 

A new star or a star that suddenly becomes bright 
as a result of an internal explosion. The term nova 
is misleading, because it is not in reality a new 
star, but is a brightening of an existing faint star. 
The objects might better he called spasmodic or 
capricious stars. 

Novae have been observed to increase as much 
as 10-15 magnitudes in less than 1 day. Some de- 
crease rapidly, but others remain bright for many 
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months. Eventually they return to their earlier 
magnitudes. See Variable star. 

Because of the sudden and unpredictable explo- 
sions of the novae, few of them have been com- 
pletely observed. Of the 153 novae listed in the 
catalogs, only 22 had been identified in the prenova 
stage, and few more than that number have been 
observed after their return to normal minimum 
brightness. 

Fast, slow, and recurrent types. A critical in- 
spection of the light curves of novae shows a tend- 
ency to fall into two general classes, fast novae 
and slow novae. Fast novae quickly rise to maxi- 
mum, remain near maximum for a short time, then 
fade to their premaximum brightness in a few years 
or Jess. The slow novae may take a month or more 
to reach maximum, and many years for the decrease. 
For example, GK Persei (Nova 1901) increased 
from thirteenth magnitude to 0 magnitude in less 
than 4 days; 2 weeks later it had faded to fourth 
magnitude. Irregular fluctuations then appeared 
with a gradual fading. It returned to thirteenth 
magnitude in about 11 years. In contrast to this, a 
slow nova, RT Serpentis (Nova 1909) look more 
than a month to rise from fourteenth to the eleventh 
magnitude, and remained at maximum for about 15 
years. During the next 15 years, it dropped to about 
thirteenth, and by 1945 it had returned to four- 
teenth magnitude. 

Six novae are known to have had several explo- 
sions, and are called recurrent novae. The observed 
cycles range from about 20 to 80 years. The light 
curves of recurrent novae are of both fast and slow 
types, and seem to have no unique features. 

The most recently observed maximum of a recur- 
rent nova is that of RS Ophiuchi in July, 1958. Its 
previous outbursts were in 1898 and 1933. These 
stars might well he called repeating novae; the 
light curve is so nearly the same each time that it 
is reasonably safe to extrapolate for a sparsely ob- 
served maximum. 

Absolute magnitude. It is extremely difficult to 
determine absolute magnitudes of novae with cer- 
tainty. They are very distant, and their trigonomet- 
ric parallaxes are often negative and have little 
significance. Determination of their distances from 
interstellar lines is uncertain because the distribu- 
tion of absorbing material is not uniform. A pos- 
sible method depends on the rate of expansion of 
the nebular disk correlated with radial velocities. 
The best values are obtained from the study of 
novae in other galaxies of known distances, such as 
the Magellanic Clouds and the Andromeda Nebula. 

There is a correlation between the light curves 
and maximum brightness of novae wherever they 
are found, in our galaxy or other galaxies. More 
than 100 classical novae have been observed in the 
Andromeda Nebula. They appear to be similar to 
the novae in our system, and comparisons may be 
made which aid the determination of absolute 
magnitudes. 

An absolute magnitude of —7.6 at maximum has 
been adopted for the novae from the mean of many 
determinations by different methods. Before the ex- 


plosion, the star probably is a blue subdwarf with 
absolute magnitude of about +4. 

Galactic novae are concentrated in a band lo° 
each side of the plane of the galaxy and are densest 
toward the center of the galaxy. According to 
C. Payne-Gaposchkin, 63% of the known novae Jj P 
in the quadrant that contains the galactic center 
and 44% are between galactic longitudes 320 and 
340°. In the Andromeda Nebula, the same situation 
exists, and the novae are observed to he concen- 
trated toward its center. 

Stages of a nova. The spectra of normal galactic 
novae undergo a series of similar changes during 
the development and decline of the brightness „f 
the star. D. B. McLaughlin lists nine stages in the 
development of a noya. In stage 1, prenova, the Mar 
is a blue dwarf and the spectrum is continuous. 
Stages 2 and 3 cover the initial rise to the fre- 
quently observed premaximum halt, about 2 magni- 
tudes below the maximum brightness. The star i-. 
expanding rapidly and the spectrum show:- absorp- 
tion lines displaced toward the violet. Occasionally 
strong emission lines appear at the time of the 
hall. Stage 4, the final rise, is much slower than 
the initial rise. Absorption lines are displaced in the 
spectrum and the emission lines disappear. Tin- 
great ly distended photosphere is similar to that of 
a supergiant star. 

Stage 5. the principal maximum, very brief 
except in the case of slow novae. The sped mm 
changes rapidly and emission lines appear in a few 
hours. The color of the star changes from bine to 
yellowrff Stage 6, the early decline, lasts while the 
star drops 3 4 magnitudes. Emission lines, espe- 
cially of hydrogen and ionized iron, appear, a*- d< 
multiple absorption lines. 

Stage 7, the transition stage, is olten marked 1>\ 
large oscillations of brightness and great complex- 
ity of the absorption spectrum. Bright lines in- 
crease and absorption lines disappear until the neb- 
ular spectrum predominates. For a short time, the 
star becomes a deep red because of the strength of 
the bright hydrogen alpha line. 

In stage 8, the final decline, the brightness usu- 
ally decreases smoothly. Absorption lines disap- 
pear, the continuum is weakened, and the spectrum 
becomes similar to that of a gaseous nebula. Tht* 
color of the star becomes green because of the in- 
tense nebular lines. In stage 9, the postnova stage, 
many years after maximum, the star approaches its 
prenova state, and appears to be a blue dwarf. A 
nebular envelope may become visible, but the spec- 
trum of the star is nearly continuous. 

Spectra. The spectral changes of novae are com- 
plex and difficult to interpret. Several systems of 
absorption spectra may appear at one time, in ad- 
dition to the nebular lines. The velocities of the 
various systems differ radically, and it is evident 
that many jets and shells of material are ejected 
from the stars at varying times and velocities. 

Photographs of the brighter novae show jets or 
rings of nebulosity ejected from the central star 
image after the maximum stage. GK Persei (Nova 
1901) was the first nova to show this phenomenon. 
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soon after the outburst, a nebulous shell was seen 
around the star. A series of photographs showed 
Jhe shell expanding at a rate about equal to the 
velocity of light. It was assumed to be the illumina- 
t j on of an already existing nebulosity, by the sud- 
den surge of light from the nova. Fifty years after 
the original outburst, photographs taken at the 
I'aJoniar Observatory showed a reappearance of 
nebulosity with the same structure. This time it 
wrt s probably the result of the shock waves pro- 
duced in the diffuse nebulosity by the arrival of the 
ejected material from the nova. 

A study of the structure of the lines in the spec- 
trum of V603 Aquilae (Nova 1918) showed two 
large jets of material thrown out from the star about 
the time of maximum, one jet coming toward Earth, 
the other almost directly away from Earth. These, 
with a number of lesser jets, built a series of rings 
around the star. The material was moving outward 
with a velocity of 1700 km/sec. About a year after 
maximum, photographs of the nova showed a small 
nebulous shell developing. By 1959, the nova was 
about eleventh magnitude, its prenova brightness, 
and photographs showed the shell still expanding 
at the rate of about 2 seconds of arc per year. The 
structure of the nebulosity was complex, consisting 
<>! rings and jets or blobs of material. 

In spite of the spectac ular explosion, a nova 
actually lo*es only a small percentage of its total 
ma«s. The recurrent novae prove that a star can 
have several such explosions, and after each one 
return to a state similar to its prenova stale. 

Many theories have been advanced as to the 
cause of nova outburst. E. Sehatzman considers a 
nova explosion a burst similar to a hydrogen bomb 
detonated by the helium He* atom. The shock 
wa\c could transfer ulinost all the energy to the sur- 
face, and some material would he ejected from the 
star. B. J. Bok believes that the internal sources of 
energy production deep inside the star become un- 
stable and produce a giant internal explosion that 
shoots the star’s atmosphere into space, [m.w.m.] 

Novobiocin 

A moderately broad spectrum acid antibiotic first 
reported in 1955. Novobiocin is produced by strains 
of Streptomyces niveus and Slreptomyces spher - 
oidrs. In the Italian literature the same antibiotic 
is known as vulcamicina. It is a dibasic acid with 
the structural formula 


() 



Production. Biosynthesis is accomplished by 
deep-tank fermentation, distiller’s solubles being 
an Ingredient essential for high yields. The addition 
°f cheap precursors has not led to enhanced yields. 
Yield improvements by strain-selection studies have 


not proved as helpful as in most antibiotic fermen- 
tations. Novobiocin may be recovered from filtered 
fermentation beer by acidifying with sulfuric acid 
to pH 4.0 and extracting with ethyl or butyl ace- 
tate. The extract is reextracted with pH 10.0 phos- 
phate buffer. Acidification with citric acid precipi- 
tates novobiocin as the free acid. 

The free acid is converted either to the monoso- 
dium salt or to the calcium acid salt for pharma- 
ceutical use. Novobiocin is formulated as capsules 
of the monosodium salt and liquid formulations of 
the calcium salt for oral use. 

Pharmacology. Extremely high blood levels are 
attained with either salt; novobiocin produces the 
highest blood levels of any antibiotic in clinical use. 
Considerable protein binding takes place in blood 
serum, and blood levels remain high for 6-12 hours. 
The antibiotic is excreted unchanged. About 5% 
is excreted in the urine in the first 24 hours. 

The antibiotic is relatively nontoxic unless it is 
given for more than 1 week. The most frequent side 
effect is a skin rash which may subside with con- 
tinued therapy. The rash rnay or may not recur upon 
subsequent dosage. 

Activity. Novobiocin is highly active against 
staphylococci and certain strains of Proteus, It is 
also active against pneumococci, streptococci, Bru - 
cella, and certain strains of Escherichia , Acrobat- 
ter, and Pseudomonas. Although it has been used 
clinically primarily as an antistaphylococcal drug, 
its annual production volume in 1958 reached ap- 
proximately 15.000 kilograms. See Aerobacter ; 
Antibiotic; Bkuceu.aceae; Escherichia; Pneu- 
mococcus; Proteus; Pseudomonas aeruginosa; 
Staphylococcus. [g.m.s.] 

Bibliography : M. Finland and R. Nichols, Novo- 
biocin. Antibiotica et Chemothcrapia , 4:209, 1957; 
C. (t. Smith et al„ Streptonivicin, a new antibiotic: 
T, Discovery and biologic studies. Antibiotics and 
Chemotherapy, 6 < 2 ) : 135-142, 1956; L. S. Suter 
and E. W. Ulrich, Routine bacterial sensitivity 
studies. Antibiotics and Chemotherapy , 9(1): 

38-1*6. 1959; H. Wallick et al.. Discovery and anti- 
microbial properties of cathomycin, a new antibi- 
otic produced by Slreptomyces spheroides , n. sp., 
Antibiotics Ann., 909 917, 1955-1956; H. Welch 
and M. Finland (eds. ). Antibiotic Therapy for 
Staphylococcal Diseases, 1959. 

Nozzle 

A projecting opening that directs the flow of fluid 
into an open space. Some nozzles maintain the fluid 
in a jet; an example is the needle nozzle that di- 
rects water against the buckets of an impulse tur- 
bine. Other nozzles disperse the fluid in an atom- 
ized mist; an example is the cone nozzle that 
sprays liquid fuel into a combustion chamber. The 
nozzle may he an integral part of a machine, as the 
nozzle in a steam turbine, or it may be a separate 
interchangeable piece as on a fire truck. 

Energy exchanges. The quantity Q of incom- 
pressible liquid such as water discharged from a 
smooth-walled nozzle supplied by liquid at head h 
at the entrance to the nozzle convergence is 
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where A\ is the entrance area at which head h is 
measured, A 2 is the discharge area, g is constant of 
gravity, and C is the discharge coefficient for the 
particular nozzle structure. A smooth tapered noz- 
zle has a coefficient near 0.98; rough-walled nozzles 
and nozzles with abrupt changes in diameter have 
smaller coefficients, the coefficient being an indica- 
tion of portion of the pressure head converted into 
discharge velocity. 

In an atomizing nozzle, some of the pressure en- 
ergy is expended in separating the liquid into 
droplets. 

In a nozzle for compressible vapor or gas, as a 
steam nozzle, the energy changes are best deter- 
mined by following the action through the nozzle 
on an enthalpy chart (see Orifice ; Steam). Expe- 
rience indicates that actual velocity will be 0.98 - 
0.96 the ideal velocity because of friction losses. 
For jet propulsion, the nozzle converts chamber 
pressure to exhaust velocity. High-temperature 
combustion products mav undergo dissociation, in- 
troducing a further energy exchange within the 
nozzle. 

Wind-tunnel nozzle. As used in a wind tunnel, 
a nozzle increases fluid velocity hut with the added 
requirement that the higher-velocity stream he uni- 
form and parallel. Physically the nozzle consists of 
a contracting section. If the final fluid velocity is to 
be supersonic, a divergent portion downstream of 
the contraction is also required (Fig. 1). The re- 
gion at the minimum section is called the throat. 
The shape of the cross section is arbitrary; how- 
ever, most tunnel nozzles are either circular (axi- 
symmetric) or rectangular (two-dimensional). 

Because the fluid, in passing through the nozzle, 
neither produces work nor gives up heat and be- 
cause, in addition, area changes are usually grad- 
ual, the one-dimensional isentropic relations be- 
tween fluid properties and velocity are useful 
approximations (see Fluid-flow properties). Lo- 
cal pressure, temperature, flow area, and velocity 
relative to their values at the throat plotted as func- 
tions of local Mach number for air show that dur- 
ing acceleration the pressure and temperature de- 
crease continuously; the area, however, must first 
decrease, then increase ( Fig. 2). 

Design considerations. In the contracting sec- 
tion the velocity should increase fairly uniformly 
and there should be no local regions of rising pres- 
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Fig. 2. Variation of pressure, temperature, velocity, 
and area with Mach number. Isentropic flow of air. 


sure. The amount of area contraction is arbitrary, 
but, to keep pressure loss in the upstream ducting 
at a minimum, the entry Mach number should be 
low. Contractions of 10 or greater are common, in 
which case the resulting entry Mach number is 
0.06 (Fig. 2). Another advantage of large contrac- 
tions is that they permit more effective use of 
screens to produce low turbulence. 

The ratio of exit to throat area of the supersonic 
section is fixed by the desired exit Mach number. 
To obtain a uniform, parallel exit flow free from 
shock disturbances, the divergent contour must be 
carefully designed. The usual procedure requires 
two steps: first, the theoretical wall shape for non* 
viscous flow is obtained. Then boundary layer cor- 
rections are added to obtain the final shape. 

Because the utility of a nozzle is greatly in- 
creased if its exit Mach number can be varied, the 
area ratio may be made adjustable by flexing or 
translating the divergent walls. 

Condensation. Experience shows that the large 
temperature drop in nozzles for high Mach num- 
bers can result in condensation of one or more of 
the constituents of the working fluid. Upstream 
dryers or heaters or both are usually employed to 
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ensure a minimum temperature not more than 
50° F below the condensation temperature. See Gas 

P>NAM1CS. I F.D.K.] 

ftibliography: H. L. Dryden and T. Von Karman 
(pds. I, Advances in Applied Mechanics , vol. 5, 
](;58: A. Ferri. Elements of Aerodynamics of Su- 
prr.sortir Flows , 1949; A. H. Shapiro, Dynamics 
and Thermodynamics of Compressible Fluid Flow , 
2 vols., 1954. 

Nuclear aircraft propulsion 

The use of nuclear fuel as the energy source to 
move a vehicle. Nuclear fission’s 1.700.000- fold en- 
erp -per- pound advantage over petroleum fuel 
£i\es it a tremendous potential for propulsion. 
\t»w technologies are being developed to exploit 
thi* advantage. 

Aircraft application. Two basic designs for air- 
craft drive appear feasible, schematically termed 
the closed liquid (Fig. 1 ) and the open air (Fig. 2) 
ru les. Both cycles may use turbojet, turboprop, or 
ramjet engines. The turboprop design may be ex- 
panded to include a gas generator and separate 
propeller drive turbines. Multiple sets of turbo- 
maehinery per reac tor may be used with either cy- 
cle. Damaging neutron and gamma radiation re- 
uniting from the fission process is a principal con- 
sideration. Sec Nuclear radiation (biology). 
Wright of shielding to contain this radiation makes 
achieving satisfactory thrust-weight ratios difficult. 

Selection of an open air or a closed liquid cycle 
depends on whether the inherent advantages of 
!Mng the environmental atmosphere as the only 
working fluid surpass the merits of a system in 
which the reactor size is smaller because of greater 
• ooling-fluid density. In the open cycle, a hot reac- 
tor heats the air as it flows through. Therefore, suf- 
ficient flow area must he allowed for the air to pass 
through the reactor and through the reactor shield 
ing. This leads to a heavy system, because shield 
weight is largely determined by the volume to be 
shielded. The large air ducts through the shield re- 
quire extra material to counter the streaming effect. 
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f '9. 1 . Closed liquid nuclear engine cycle interposes 
0 heat-exchanging liquid between reactor and engine. 



Fig. 2. Open air nuclear engine cycle passes working 
fluid through reactor. 


Another disadvantage is that compact reactors with 
large internal voids require large quantities of en- 
riched uranium fuel to maintain the reaction. Fig- 
ure 3 shows the partial assembly of a developmental 
open-cvole reactor. Figure 4 shows a fuel element. 
Nineteen of these elements in series form a fuel 
cartridge. Although in the open air cycle higher 
than normal engine compressor pressure is used 
to increase the air density and decrease the re- 
quired flow areas, thermodynamic limitations pre- 
vent achieving as small reactor size and shield 
weight as are permitted with the denser liquids 
of the closed cycle. Despite the liquid cycle’s theo- 
retical advantage of lower weight, the latest power- 
plant designs result in comparable performance for 
either cycle. 

In a closed system, the liquid that recirculates 
through a reactor may become radioactive and re- 
quire shielding. This may require a shielded inter- 
mediate heat exchanger in the liquid system so that 
the radioactive reactor liquid will not be carried to 
the relatively large engine radiators wherein the 
reactor heat is transmitted to the engine air. Ap- 
plication oi the closed cycle is difficult because 
most suitable liquids solidify well above ambient 
temperature and are corrosive at the temperatures 
required for flight, and many are spontaneously in- 
flammable in air, with consequent fire hazard if a 
leak develops. However, because of the liquid sys- 
tem’s theoretical advantage of smaller reactor size 
and lower shield weight, research is being* sup- 
ported to develop materials and designs wherein 
corrosion and other limitations are reduced to a 
tolerable level. 

Operational requirements. According to design 
studies conducted since 1946, range is the major 
predicted advantage of nuclear drive. It will be dif- 
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Fig. 3. The HTRE-3 reactor core. Hexagonal fuel-tube 
and moderator bars of hydrided zirconium are assem- 
bled in core from center outward. Fuel tubes penetrat- 
ing each hexagonal bar will receive fuel cartridges. 
Smaller tubes standing alone throughout core are for 
control rods. Reflector blocks of beryllium are at 
periphery of core. Holes in front tube sheet at bottom 
of tank are air inlet ports, each with the fuel cartridge 
latch and instrumentation disconnect in its center. 
Holes in the reflector and moderator end plates dis- 
charge cooling air from these components. ( General 
Electric Co.) 



Fig. 4. Fuel element of HTRE-3 reactor. ( General 
Electric Co.) 

ficult for nuclear- powered aircraft to achieve flight 
speeds and altitudes possible with shorter-range 
chemically fueled engines because of the weight of 
shielding necessary to provide sufficient protection 
to flight crews so that they will not be limited to a 
few flights per year. Since shield characteristics 
allow power-plant thrust-weight ratios to improve 
with increased thrust capacity. 300,000-pound 
gross weight or larger aircraft are required for nu- 
clear drive. A proposed airplane (Fig. 5) has an 
after fuselage-mounted nuclear power plant, a for- 
ward shielded crew compartment, and wing- 
mounted chemically fueled engines. The existence 
of radiation will require extensive special handling 
facilities for servicing nuclear engines and air- 


planes. For these reasons, nuclear drive is suitable 
only for applications where range capability 
all-important. Nuclear engine development is the 
only present hope for manned aircraft with world- 
wide flight capability without advanced-base or in. 
flight refueling. 

Space application. For propulsion beyond the 
earth’s atmosphere, the propeller option is no 
longer available. All propulsion systems other than 
jets are in early conceptual stages compared to the 
preceding application to manned aircraft (see Nit. 
clear rocket). In one system the working fluid is 
recirculated in a closed cycle for continuous opera- 
tion. The turbine drives a generator to supply high 
voltage for electrical space propulsion (sen Elec- 
tromagnetic propulsion; Interplanetary pro- 
pulsion). Such a drive system requires lightweight 
electrical generating equipment. The primary figure 
of merit for space power supplies is the specihr 
weight, the power-plant weight per unit power 
(lb/kw). This parameter varies with power level, 
design life, state of the art, and meteoroid vulner- 
ability. Nuclear closed cycle systems using ga«> 
like helium and argon or two phase systems with 
metuls like sodium, rubidium, or potassium seem 
attractive. Heat generated by the reactor is de- 
livered to the working fluid which is then expanded 
through a turbine as a vapor. A generator attached 
to the turbine shaft provides the cleetric power 
Waste heat is rejected by radiation to spare 
Specific weights from 5 to 100 lb/kw have been 
calculated for turboelectric systems at the 1 
megawatt level. A big drawback of closed eyrie 
systems is the vulnerability of the radiator t.> 
meteoroid penetration. Radiator walls must be 
made up to 0.100 in. thick to prevent excessive loss 
of working fluid. 

Atomic recoil propulsion. Thrust can also bp 
generated from nuclear action by expelling atomic 
fragments in a preferred direction. The radioiso- 
tope sail is a typical example. If a large, thin, 
plastic film is coated on one side with a radioactive 
substance like polonium-210, the emergent alpha 



Fig. 5. Proposed nuclear-powered airplane. 
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particles will be absorbed by the film on one side 
but will escape the sail on the other, generating 
thrust by recoil action. Accelerations of 10~ s g 
are possible ( see Radioactivity), [c.s.l.; w.r.c.] 

Nuclear battery 

\ battery that converts the energy of particles 
emitted from atomic nuclei into electric energy. 
Two basic types have been developed: (1) a high- 
voltage type, in which a beta-emitting isotope is 
separated from a collecting electrode by a vacuum 
or a solid dielectric, provides thousands of volts 
but the current is measured in micromicroamperes ; 
(2 1 a low-voltage type gives about 1 volt with cur- 
rt'iit in microamperes. 

High-voltage nuclear battery. In the high-volt- 
age type, a radioactive source is attached to one 
electrode, emitting charged particles. The source 
might he strontium -90, krypton-85, or hydrogen-3 
(tritium), all of which are pure beta-emitters. An 
adjacent electrode collects the emitted particles. 
\ vacuum or solid dielectric separates the source 
and the collector electrodes. 

\ recent high-voltage model, shown in Fig. 1. 
employs tritium gas sorbed in a thin layer of zir- 
conium metal as the radioactive source. This source 
> looped around and spot- welded to the center tube 
of a glass-insulated terminal. A thin coaling of car- 
bon applied to the inside of a nickel enclosure acts 
as an efficient collector having low secondary emis- 
sion. The glass-insulated terminal is scaled to the 
nickel enclosure. The enclosure is evacuated 
'lirough the center tuhe, which is then pinched off 
and scaled. 

The Radiation Research Corporation model R-l A 
h in. in diameter and 0.531 in. in height. It 
weighs 0.2 oz and occupies 0.05 in. 3 It delivers 
about 500 volts at 160 micromicroamperes. Future 
batteries are expected to deliver 1 microampere at 
2u00 volts, with a volume of 64 in. 3 

Earlier models employed strontium-90. This iso- 
h*pe has the highest toxicity in the human body of 
the three mentioned. Tritium has only one one- 
thousandth the toxicity of strontium-90. Both stron- 
tium-90 and krypton-85 require shielding to reduce 
external radiation to safe levels. Tritium produces 
no external radiation through a wall that is thick 
enough for any structural purpose. Tritium was 
•‘■elected on the basis of these advantages. 

The principal use of the high-voltage battery is 
to maintain the voltage of a charged capacitor. The 
current output of the radioactive source is sufficient 
f° r this purpose. 
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Fig. 2. Thermoelectric nuclear battery. 

This type of battery may be considered as a con- 
stant-current generator. The voltage is proportional 
to the load resistance. The current is determined by 
the number of emissions per second captured by the 
collector and does not depend on ambient condi- 
tions or the load. As the isotope ages, the current 
declines. For tritium, the intensity drops 50% in a 
12-year interval. For strontium-90, the intensity 
drops 50% in a 25->ear interval. 

Low-voltage nuclear batteries. Three different 
concepts have been employed in the low-voltage 
type of nuclear batteries, (1) a thermopile, (2) the 
use of an ionized gas between two dissimilar met- 
als, and (3) the two-step conversion of beta energy 
into light by a phosphor and the conversion of light 
into electric energy by a photocell. 

Therm oelertri retype nuclear battery . This low- 
voltage type, employing a thermopile, depends on 
the heat produced by radioactivity. It has been cal- 
culated that a sphere of polonium-210 of 0.1 in. 
diameter, which would contain about 350 curies, if 
suspended in a vacuum, would have an equilibrium 
surface temperature of 2200°C, assuming an emis- 
sivity of 0.25. For u<-e as a heat source, it would 
have to be hermetically sealed in a strong, dense 
capsule. Its surface temperature, therefore, would 
be lower than 2200° C. 

To complete the thermoelectric battery, the heat 
source must be thermally connected to a series of 
thermocouples which are alternately connected 
thermally, but not electrically, to the heat source 
and to the outer surface of the battery. After a 
short time, a steady-state temperature differential 
will be set up between the junctions at the heat 
source and the junctions at the outer surface. This 
creates a voltage proportional to the temperature 
drop across the thermocouples. The battery voltage 
decreases as the age of the heat source increases. 
With polonium-210 (half-life, 138 days) the volt- 
age drops about 0.5 % per day. The drop for stron- 
tium-90 is about 0.01% per day (20-yr half-life). 

A battery containing 57 curies of polonium-210 
sealed ih a sphere 0.4 in. in diameter and 7 chromel- 
constantan thermocouples delivered a maximum 
power of 1.8 milliwatts. It had an open-circuit volt- 
age of 42 millivolts with a 78°C temperature dif- 
ferential. Over a 138-day period, the total electrical 
output would be about 1.5 X 10 4 joules (watt-sec). 

Total weight of the battery was 34 g. This makes 
the energy output per pound equal to 

1 5 X 10 4 1 

— - ■ ■ - — watt-hours (whr) X — X 454 « 55.6 
oolX) 34 
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Fig. 3. Gas-ionization nuclear battery (schematic). 

This is of the same magnitude as with conventional 
electric cells using chemical energy. This nuclear 
energy, however, is being dissipated whether or not 
the electric energy is being used. 

On the basis of the price schedule for polonium- 
210 set up in 1957, the cost of a battery having an 
over-all efficiency of 0.2% has been estimated to be 
$3000 for the first milliwatt and $1600 per milli- 
watt increment. Reduced cost of this isotope and 
more efficient energy conversion will, of course, 
cut the cost of the battery proportionally. 

The choice of isotope for a thermoelectric nu- 
clear battery is somewhat restricted. Those with a 
half-life of less than 100 days would have a short 
useful life, and those with a half-life of over 100 
years would give too little heat to be useful. This 
leaves 137 possible isotopes. This number is further 
reduced by the consideration of shielding. 

The efficiency of the thermoelectric nuclear bat- 
tery is dependent on the absolute temperature of 
the heat source. The prototypes which have been 
reported had an efficiency of 0.1 0.2%. 

The above discussion applies only to a portable 
power source. Drastic revision would be required 
if a thermoelectric-type nuclear battery were to be 
designed for central-station power. 

Gas -ionization nuclear battery. In this battery a 
beta-emitting isotope ionizes a gas situated in an 
electric field. Each beta particle produces about 
200 current carriers (ions), so that a considerable 
current multiplication occurs compared with the 
rate of emission of the source. The electric field is 
obtained by the contact potential difference of a 
pair of electrodes, such as lead dioxide (high work 
function) and magnesium (low work function). 
The ions produced in the gas move under the in- 
fluence of the electric field to produce a current. 

A cell containing argon gas at 2 atmospheres, 
electrodes of lead dioxide and magnesium, and a 
radioactive source consisting of 1.5 millicuries of 
tritium has a volume of 0.01 in. a and an active plate 
area of 0.2 in, 2 , and gives a maximum current of 
1.6 X 10 ° amp. The open-circuit voltage per cell 
depends on the contact potential of the electrode 
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Fig. 4. Scintillator-photocell battery. 


couple. A practical value appears to be about ].5 
volts. Voltage of any value may be achieved by a 
series assembly of cells. 

Scintillator-photocell nuclear battery . This type 
of cell is based on a two-step conversion process 
Beta-particle energy is converted to light energy- 
then the light energy is converted into electric en- 
ergy. To accomplish these conversions, the batter\ 
has two basic components, a light source and pho- 
tocells. 

The light source consists of a mixture of finely 
divided phosphor and promethium oxide (PM/)..,) 
sealed in a transparent container of radiation-re- 
sistant plastic. The light source is in the form of a 
thin disk. The photocells are placed on both faces 
of the light source These cells are modified solar 
cells of the diffused-silicon type. 

Since the photocells are damaged by beta radia 
tion, the transparent container of the light source 
must be designed to absorb any beta radiation not 
captured in the phosphor. Polystyrene makes an 
excellent light-source container because of its re- 
sistance to radiation. 

The light source must emit light in the range at 
which the photocell is most efficient. A suitable 
phosphor for the silicon photocell is cadmium ^ul 
fide or a mixture of cadmium and zinc sulfide. 

In a prototype battery, the light source consisted 
of 50 milligrams (mg) of phosphor aifd about 5 mg 
of the isotope promethium- 147. This isotope is a 
pure beta-emitter with a half-life of 2.6 vears. It 
is deposited as a coating of hydroxide on the phos 
phor* particles, which are then dried to give the 
oxide. 

For a description of the photocell, sec Souh 
battery. For use with the low light level (about 
0.001 times sunlight) of the light source, sj uvial 
treatment is necessary to make the equivalent shunt 
resistance of the cell not less than 100,000 ohms. 

The phototype battery, when new, delivers 20 ' 
10 0 amp at 1 volt. In 2.6 years (half-life) the cur- 
rent drops about 50% hut the voltage drops onh 
about 5%. 

The power output improves with decreasing tem- 
perature, as a result of improved photocell diode 
characteristics which more than compensate f» »r a 
decrease in short-circuit current. At — 100°F, the 
power output is 1.7 times as great as at room tem- 
perature. At 144°F, the power output is only O.h 
times as great as at room temperature. 

The battery requires shielding to reduce the 
weak gamma radiation to less than 9 milliroentgen 
per hour (mr/hr), which is the tolerance foi con- 
tinuous exposure of human extremities. The un- 
shielded battery has a radiation level of 90 mr hr. 
By enclosing the cell in a case of tungsten allov. 
density 16.5, the external radiation becomes le^ 
than 9 mr/hr. 

The unshielded battery bus a volume of 0.014 in.' 
and a weight of 0.016 oz. Over a 2.5 year period, the 
total output would be 0.32 whr (whether or m»t 
used). This gives a unit output of 320 whr/ lb* 
which is about 6 times as great as chemical-batten 
output. 





The shielded battery, however, has a volume of 
0.07 in. 3 and a weight of 0.6 oz. This reduces the 
unit output to 8.5 whr/lb. 

The cell can undergo prolonged storage at tem- 
peratures of 200° F. [s.ei.] 

Nuclear chemistry 

The study of the nuclear properties and reactions 
of nuclides through the use of chemical techniques 
for the isolation and purification of the species of 
interest. Nuclear chemistry is closely allied with 
nuclear physics, and the two fields are comple- 
mentary. 

Although chemical techniques that are em- 
ployed in nuclear chemistry are essentially the 
same as those in radiochemistry, these fields of 
study may be distinguished on the basis of the aims 
of the investigations. Thus, a nuclear chemist uti- 
lizes chemical techniques as a tool for the study of 
nuclear reactions and properties, whereas a radio- 
chemist utilizes the radioactive properties of cer- 
tain substances as a tool for the study of chemical 
reactions and properties. There is considerable 
overlap between the two fields, and in some cases 
(for example, the preparation and study of syn- 
thetic elements) a distinction may be difficult and 
somewhat arbitrary. For a discussion of the appli- 
cations of radioactive tracers to chemical problems 
Mr H MMOCHKMISTKY. 

In a nuclear reaction, a bombarding particle 
interacts with a target nucleus to produce one or 
more product nuclei and, perhaps, other particles. 

( Spontaneous transformations of unstable nuclei, 
such as tv- and f $~ decay or spontaneous fission, may 
he considered as a special type of nuclear reaction 
in which no external excitation by bombarding par- 
ticles is involved.) Impurities in the target ma- 
terials may also give rise to radioactive products 
which will contaminate the product of interest. 
Chemical separations therefore are employed ‘o 
«*htain the product of interest free from the hulk of 
target material, from other reaction products, and 
horn any radioactive contaminants which would 
interfere either with the determination of its yield 
in the reaction or with the study of its nuclear prop- 
erties. In the simple case of slow neutron capture 
tn a very pure target, where only one reaction prod- 
uct is formed, the product is isotopic with the tar- 
P*t, and it may be desirable to separate the prod- 
uct isotope from the bulk of the target material to 
increase the specific activity. This may also be true 

the products of such nuclear reactions as (y ,n), 
and (d,p). See Nuclear reaction. Al- 
though isotopes are not usually separated in con- 
ditional chemical procedures, a special technique, 
the Szilard-Chalmers process, may he employed: In 
this process, the recoil energy of the product of a 
nuclear reaction is sufficient to break its chemical 
inding in a molecule, and if its resultant chemical 
st nte is stable and does not interchange readily 
' Vlt " inactive species present, it may be possible to 
separate it chemically from the target material. 

Technique of radiochemical analysis. The chem- 
,c al manipulations and separations of radioactive 
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materials, generally referred to as techniques of 
radiochemical analysis, differ from ordinary ana- 
lytical techniques in a number of respects. Proce- 
dures in radiochemical analysis are not required 
to provide quantitative recovery, but are selected 
for specificity and speed, with reasonably good 
yields (usually the order of 50% or better) gen- 
erally sufficing. The criteria of radiochemical purity 
in a radioactive preparation are somewhat more 
stringent than those of ordinary chemical purity. 
Thus, trace quantities of impurities are rarely of 
importance in ordinary quantitative analyses, but 
in a radioactive preparation, contamination by 
trace quantities of radioactive impurities may com- 
pletely negate the results of an experiment. 

The handling of highly radioactive materials pre- 
sents a health hazard, and special techniques for 
the manipulation of samples behind shielding walls 
must he utilized. Some effects of high levels of 
radioactivity on the solutions, such as heating and 
the decomposition of solvents which produces bub- 
bling, also may affect normal procedures. 

The mass of radioactive material produced in 
nuc lear reactions is usually very small. The con- 
centrations of nuclear reaction products in the solu- 
tions of target materials are generally of the order 
of 10 10 M or less. Many normal chemical opera- 
tions, such as precipitation, are not feasible with 
such small concentrations. Although separations 
can be carried out with these tracer quantities 
using such techniques as solvent extraction and 
ion exchange, it then is difficult to determine the 
efficiency for the recovery of the product. Moreover, 
the chemical behavior of such dilute solutions may 
differ considerably from that normally encountered. 
For example, radiocolloid formation, adsorption on 
the walls of vessels and on the surfaces of dust par- 
ticles and precipitates, and the concentration de- 
pendence of some equilibrium constants become 
prominent at such extremely high dilution. To avoid 
these difficulties, an isotope dilution technique may 
he employed in which macroscopic quantities of 
stable isotopes of the element are added to serve 
as a carrier for the radioactive species. 

The amount of carrier used represents a com- 
promise between considerations of convenience in 
chemical manipulations and yield determination, 
and the preparation of high specific activity sources 
in which counting corrections for absorption and 
scattering of radiations in the sample itself are 
minimized. Quantities of 10 20 mg are used most 
often. Chemical procedures are simplified if macro- 
scopic quantities of only a few elements are pres- 
ent. When many elements are produced in a nu- 
clear reaction (in nuclear fission, for example) 
aliquots of the solution usually are taken for the 
analysis of each element or small group of ele- 
ments. It is then necessary to add carriers fov only 
relatively few products of interest. Trace quan- 
tities of the other elements present are removed in 
the chemical procedures by the use of scavenging 
precipitations of a compound of high surface area, 
such as iron (III) hydroxide, or manganese diox- 
ide, which tend to occlude traces of foreign sub- 
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stances, or of a representative precipitate for an in- 
soluble group of elements, such as bismuth sulfide 
to carry trace quantities of other insoluble sul- 
fides. lanthanum fluoiide for insoluble fluorides, or 
iron (III) hydroxide for insoluble hydroxides. If 
the element of interest itself forms a precipitate 
which may occlude traces of other elements, it may 
be necessary to add hold-back carriers for the latter 
to dilute the effect of radioactive contamination of 
the product precipitate. 

For the isolation of products of high specific ac- 
tivity without regard to yield, the carrier may be an 
element with chemical properties similar to those 
of the desired product, but which can be separated 
from it in the last stages of the procedure, leaving 
the product essentially carrier-free. Such carriers 
are referred to as nonisotopic carriers. When it is 
necessary to determine the yield of a nuclear re- 
action product, a known quantity of an isotopic 
carrier must be used. It is also imperative that com- 
plete interchange between the valence states of the 
carrier and the active species be achieved before 
any chemical separation is begun. In the case of 
elements which do not have any stable isotopes, or 
when a carrier-free procedure is desired, a known 
quantity of an isotopic radioactive tracer may be 
used. Radiations of the tracer should be easily dis- 
tinguishable from those of the product. The frac- 
tional recovery of the added carrier or tracer then 
will represent the yield of the product of interest. 

Sample preparation and counting techniques. 
For studies in nuclear chemistry, the object of the 
radiochemical separations is the preparation of a 
pure sample in a form suitable for the radioactive 
assay of the nuclide of interest or for the determi- 
nation of its nuclear properties. The detector used 
will, of course, depend on the type of radiation in- 
volved and the kind of information desired. 

Alpha-particles and fission fragments have short 
ranges in matter, and to prevent absorption losses, 
samples of less than 100 /ug/cm 2 surface density 
are generally required. A uniform sample deposit is 
necessary for accurate nr-particle and fission-frag- 
ment measurements. This is best accomplished by 
volatilizing, electroplating, or spraying on metal 
foils. The samples are counted internally in ioniza- 
tion chambers or proportional counters. 

Beta-particles may cover a wide range of ener- 
gies, and the techniques of sample preparation and 
counting will vary accordingly. The most commonly 
used detectors are Geiger, flow-type proportional, 
and scintillation counters. Samples may be pre- 
pared as indicated for o-emitters in the form of 
precipitates on filter-paper disks or sample cups, 
as gases for internal counting, and as liquids. Ex- 
ternal sample counting usually is employed for con- 
venience whenever feasible. 

Gamma-radiation is highly penetrating, and the 
size or form of the sample is generally not very 
critical Because of much higher efficiency, scintil- 
lation counters have essentially displaced all other 
detectors for y-radiation. 

Whenever possible, it is advisable to design ex- 
periments so that relative counting of samples will 


suffice. It is then necessary only to reproduce the 
counting conditions for each sample. The determi- 
nation of absolute disintegration rates is a more 
difficult task, and many sources of error must be 
evaluated. These include such factors as the intrin- 
sic efficiency of the detector, the fractional solid 
angle subtended by the detector at the source (usu- 
ally called the geometry), the absorption and 
scattering of the radiation in the sample itself and 
in the material between it and the sensitive volume 
of the detector, and the hackscattering of the radia- 
tion from the sample support. It is possible to elimi- 
nate or minimize the sources of error by the in- 
ternal counting of samples in the form of a gas. in 
liquid scintillators, or in 47r-counters with thin sam- 
ples mounted on thin, supporting films. Beta-gamma 
coincidence counting also may be used when ap- 
plicable. If none of these techniques is feasible, the 
counting conditions desired should be calibrated 
with sources of known disintegration rate. thu-N 
evaluating an over-all conversion factor from ob- 
served activity to disintegration rate. If accuracy 
is not paramount, the literature values for such 
correction factors may be used, with the counting 
conditions, of course, closely duplicating those re- 
ported. 

Nuclear chemical investigations. The technique* 

of radiochemical analysis outlined above represent 
a powerful tool for the study of nuclear reactions 
and the properties of nuclides. They have led to the 
discovery of nuclear fission and of the naturally 
radioactive and synthetic elements, and to the elu- 
cidation of many aspects of complex nuclear reac- 
tions. Nuclear chemists have contributed much of 
the information on mass assignments, radiation 
types, half-lives, energies, disintegration schemes, 
and activation cross sections of the nuclides. The 
determination of excitation functions (that is, the 
energy dependence of a nuclear reaction) and the 
angular distribution of nuclear reaction products 
are other examples of nuclear chemical studies. In 
addition to these fundamental studies in nuclear 
science, many applied problems in the fields of iso- 
tope production, nuclear energy, and nuclear weap- 
ons fall in the realm of nuclear chemistry. See Iso- 
tope; Isotope sepakation (stable isotopes) : Nu- 
clear structure; Particle detector; Radioacti- 
vity; Transuranium elements. [e.p.s.] 

Bibliography i G. B. Cook and J. F. Duncan. 
Modern Radio-chemical Practice , 1952; G. Fried- 
lander and J. Kennedy, Nuclear and Radiochemis- 
try, 1955; A. C. Wahl and N. H. Brown (eds.), 
Radioactivity Applied to Chemistry, 1951. 

Nuclear engineering 

The branch of technology that deals with the uti- 
lization of the fission process. It is concerned with 
the design and construction of nuclear reactors and 
auxiliary facilities, the development and fabrica- 
tion of special materials, and the handling and 
processing of reactor products. Development of 
the chain reaction for production of power and 
other purposes has required solution of difficult me- 
chanical and metallurgical problems, and study of 
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microscopic quantities of man-made elements to 
develop industrial processes for their chemical 
information. See Fission, nucleah; Nuclear 
1 wkb; Reactor, nuclear; Reactor, nuclear 
, ri ossification) ; Reactor, ship propulsion; 

ft FACTOR PHYSICS. 

Kor discussions of the means available for the 
protection of personnel from radiation, .see Health 
Pinsirs; Monitoring (ionizing radiation); Ra- 
diation shielding. For discussions of the effects of 
radiation on materials, see Radiation damage (in- 
animate materials). The handling and process- 
ing of irradiated fuel and other highly radioactive 
products of reactors are quite important (see 
\i clear fuels reprocessing; Radioactive waste 
disposal; Radiochemical laboratory). 

Radioisotopes and stable isotopes are produced 
tor scientific and industrial use. See Isotope sepa- 
ration (stable isotopes) ; Radioisotope PHonuc- 
j ion. For discussions of the military aspects of 
t) l( * chain reaction, see Atomic bomb; Nuclear ex- 
plosion. Applications of engineering to processes 
not directly involving a usable produet include de- 
.Jjrn of particle accelerators and experimental 
riniipment for developing fusion processes. Such 
topic* are not here classed as nuclear engineering 
i Fusion, nuclear; Particle accelerator). 

See also Decontamination (radioactive ton- 
iwiinants); Particle detector; Radioactivity 

HibliographY: H. Klheringlon ( od. ) . Nuclear En- 
sneering Handbook , 1 958. 

Nuclear explosion 

\n explosion for which the energy is produced by 
i nuclear transformation (either fission or fusion). 

The energy of a nuclear explosion is usually 
m»en in terms of the equivalent energy release of 
TYr using convenient units such as kiloton or meg 
aion. The prompt energy release of a nuclear ex- 
plosion vaporizes the constituents and products as 
Hell as the bomb container. These extremely hot 
gases are also at extremely high pressure and, fol- 



1* A nuclear detonation medium height (air 
Urs *) beginning to evolve into characteristic mush- 
r °°m shape. 


Table 1. Structural damage due to overpressure 
from 1 -megaton air burst 


Structure 

Damage 

Distance, 

miles 

(i lass windows, 
large and small 

Shuttering, occasional 
frame failure, 

0.5 1.0 psi 

10-20 

Wood-frame build- 
ing. one- or two- 
story houses 

Wall framing crucked, 
roof badly damaged, 
interior partitions 
blown down 

5. 0-7.0 

Multistory, wall- 
hearing building, 
brick apartment 
house, up to 
three stories 

Exterior walls facing 
blast badly cracked, 
interior partitions 
badly cracked or down 

3.5- 4.2 


Table 2. Structural damage due to drag loading 
from 1 -megaton air burst 


Structure 

Damage 

Distance, 

miles 

Li gill -si eel-frame 

Some distortion of 

4-6 

industrial building. 

frame, windows and 


one story, light 

doors blown in, light 


walls 

siding ripped off 


Medium-st eel-frame 

Some distortion of 

3-5 

industrial building. 

frame, w inflows and 


one story, 20- ton 

doors blown in, light- 


crane capacity. 

siding ripped off 


light walls 
Multistory, steel- 

Moderate distortion of 

2.5-5 

frame ofliee-l ype 

frame, interior parti- 


building, five 

tions blown down, all 


stories, low - 

windows and doors 


strength walls 

blown in 



lowing the explosion, exert enormous forces on 
their surrounding medium, such as air, earth, or 
water, thus initiating a complex series of effects 
which depend upon the surrounding medium. Three 
types of bursts are distinguished: (1) air hurst, 
(2) underground hurst, and (3) underwater burst. 
See Explosion and explosive. 

Air burst. An air hurst is defined as an explosion 
in the air, above ground or water. For a given en- 
ergy release the exact effects of an air hurst will 
depend upon the height of the explosion. Nearly 
all of the prompt energy of the nuclear explosion, 
less the fraction of prompt y-rays and neutrons 
that escape the bomb, is coupled to the surround- 
ing air in the form of an extremely strong shock 
wave which propagates outward, rendering the air 
luminous and creating a fireball in the immediate 
vicinity of the burst. The shock wave propagates 
radially to great distances with decreasing 
strength. If the explosion occurs close to the sur- 
face, there will be a shock wave coupled to the 
ground or water. If the explosion is sufficiently 
close to the surface, a crater can be dug in ground, 
or a transient depression and waves created in wa- 
ter (Fig. 1). 

Blast effects . The main material damage df an 
air-burst nuclear explosion is caused by the blast 
(shock) wave. As the blast wave passes over a 
structure, differential pressures can cause severe 
damage to certain types of building. Structures 
damaged by overpressure from a typical air burst 
of a 1 -megaton nuclear explosion are given in Ta- 
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ble 1, with a description of the damage and the dis- 
tance at which such damage would occur. At 
smaller distances the damage would be greater. 
For other energies, similar damage would occur at 
distances proportional to the cube root of the en- 
ergy. 

The blast wave also imparts a material velocity 
to the air, and like the overpressure, this blast wave 
has its maximum at the shock front. The quantity 
of importance here is the dynamic pressure (one- 
half the air density in the shock wave times the 
square of the particle velocity). Certain types of 
structure are mainly damaged by the drag forces 
associated with the dynamic pressure. Drag-sensi- 
tive structures and their damage distances are 
given in Table 2. 

Window breakage and light structural damage 
can occur at abnormally large distances under cer- 
tain meteorological conditions. 

Thermal effects. The light emitted from the lu- 
minous fireball causes thermal effects that depend 
upon the amount of thermal energy incident on ex- 
posed material or skin of man. For a given air 
hurst, the thermal energy per unit area decreases 
inversely as the square of the distance and. in ad- 
dition, decreases because of atmospheric absorp- 
tion and scattering. The intensity of thermal radi- 
ation at a given distance is proportional to the 
energy of the explosion. 

Ignition of low-kindling materials, such as news- 
paper and ravon-acetate curtains, is caused by 
3 cal cm J of heat radiation and occurs at a radius 
of about 9 miles from an airhurst of 1 megaton 
under good visibility conditions. At ibis same dis- 
tance second-degree burns (characterized by pain 
ful blistering) would occur to exposed skin. Con- 
sidering that there are usuallv 20 exterior ignition 
points per acre of slum area and 3 per acre in a 
good residential area, fires are likely in nearly all 
cities exposed to a nuclear explosion. 

Nuclear effects. An air burst produces initial 
nuclear radiations of which the most harmful to 
man are the y-rays and neutrons. At a distance of 
1 mile from a 1-megaton explosion, the prompt 
y-ravs and neutrons would prove fatal to 50% of 
the exposed people (450 roentgens dose) even if 
thev occupied a shelter with concrete walls 2 ft 
thick. This initial radiation dose decreases rapidly 
with distance from the burst; unsheltered person- 
nel at 1.6 miles receive 450 roentgens (or equiva- 
lent), and, at 2 miles, only 30 roentgens. The dose 
at a given distance is roughly proportional to the 
energv of the explosion. 

Fallout nuclear radiation becomes increasingly 
important as the relative height of the explosion 
decreases. For a surface-burst 1-megaton explo- 
sion, 450 roentgens would be accumulated by a per- 
son in the open (unsheltered) during the first 18 
hours following the explosion at a distance of 
about 130 miles downwind. Larger doses would be 
accumulated at nearer distances, and lesser doses 
at larger distances. Lethal fallout from a large- 
yield surface burst surpasses the range of all other 
effects, especially in the downwind direction. 


Radiation shelters . These would be most benefi. 
cial to large numbers of people, because the lethal 
fallout area can extend considerably beyond that 
for any other effect. Effective fallout shelters have 
been designed and instrumented at various nuclear 
test sites. Some protection against fallout radiation 
is also afforded by structures such as homes (fi r ^ 
floor of frame house reduced radiation dose bv a 
factor of 2, and the basement of such a house bv a 
factor of 10) and large buildings (multistory, r <*- 
inforced-concrete building reduced radiation dose 
by 10 for occupancy of the first floor and bv 1000 
or more in the basement). Protection against f a |] 
out nuclear radiation presents a host of difficult 
and involved problems: the radiation is in\Mh|p 
and requires special instruments for detection: its 
persistence requires occupation of the shelter for 
days or a week, depending on contamination 1<*\H 

Underground burst. A nuclear explosion under 
ground creates a sphere of extremely hot gases 
high pressure, consisting of vapori/ed earth and 
bomb, which initiates a shock wave in the earth. I: 
the explosion takes place at relalivelv small 
depths, the shock wave vents tire surface and 1 a r go 
masses of rock and earth are carried into the air l>\ 
the venting gases (Fig. 2). A shallow hurst of ] 
megaton in drv soil will produce a crater about 
1250 ft in diameter and about 150 ft deep. For 
other energies the diameters vnrv as £he cube mat 
of the energv and the depths npprnxim.'iteh as flu 
fourth root of the rneigv. 

As the depth of the hurst increases, both thr 
amount of theimal radiation and the prompt nu- 
clear radiation as measured on the ground sttrla.r 
decrease rapidly. The radioactive fallout is iiMialh 
more intense but less widespread than for a 
face hurst. 

As the depth of the hurst becomes large the ex- 
plosion can he contained, and essentiallv no effeet- 
are observed on the earth’s surface. A 1.7-kilotMi 
explosion in Nevada located 900 ft vertically belie* 
a flat-top mountain was easilv contained. In tbr 
particular rock formation (tuff) for this explosion 
a cavity about 55 ft in radius was formed inside a 



Fig. 2. Shallow underground burst. 
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Fig. 3. Column of water carried up by the venting bubble of an underwater explosion. 


fused radioactive shell of earth about 10 cm thick 
surrounded by a thoroughly crushed zone of rock 
out to about 130 ft radius. The cavity soon col- 
lapsed because of the weight of the crushed rock. 
For other energies, the dimensions should scale as 
the cube root of the energy. The shock wave in the 
gTuund was recorded on seismographs hundreds of 
milo from the explosion. 

Underwater burst. An underwater nuclear ex- 
plosion forms a high-pressure steam bubble which 
initiates a strong shock wave propagating outward 
in the water. Generally, the overpressures in water 
from underwater bursts are several orders of mag- 
nitude higher than the overpressures in air from air 
bursts at the same distance from equal energy ex- 
plosions. 

The. gas bubble grows and collapses repeatedly 
and rises in the water. Even for moderate depths 
no appreciable thermal radiation is measured on 
the surface, even when the bubble vents the sur- 
face. The radioactive fission products spread out 
along the surface of the water as the water column 
°f the underwater explosion subsides (Fig. 3). The 
radioactive fission debris quickly becomes very dis 
persed and weak in radiation intensity. [f.h.sh.J 
Detection of nuclear explosions. The various 
methods for detecting nuclear explosions depend 
on the detectable forms into which the energy 
emitted in such explosions is transformed (forms 
in which the signals may be transmitted over large 
distances). There are, however, natural phenom- 
ena which produce at the detection apparatus pig- 
nals similar to those produced by nuclear explo- 
sions, and suppression of many of these signals 
from a nuclear explosion is possible by choice of 
environmental circumstances. Identification of a 
nuclear explosion as such is, therefore, dependent 
°n some unique combination of signals, or on the 
collection of the radioactive nuclear debris. 

Among the effects which have been or could be 
employed for detection are the following ones: 


1. Acoustic disturbances of low frequency (Wo 
to 2 cps) resulting from the fireball in air; hydro- 
acoustic effects from underwater explosions. 

2. Radioactive debris collected by filters, either 
on aircraft or on the ground, through which large 
quantities of air pass. Debris collected within a 
reasonable time of the event can be identified as re- 
sulting from a nuclear explosion by the ratios of 
fission products. 

3. Seismic disturbances, when enough energy 
couples into the earth. With a large enough sig- 
nal, received at a number of seismic stations sur- 
rounding the source, many earthquakes can he 
identified as such, but nuclear explosions cannot 
now he identified as such by their seismic signals. 

4. The generation of radio signals, through the 
asymmetric ionization produced in different direc- 
tions by -/-radiation from the explosion. 

5. Direct radiation of y-rays, visible light, or 
thermal x-rays, which will be received by a detec- 
tor which has a direct line of sight to the explo- 
sions. providing air or other absorbing media do 
not intervene (see Table 3). 

The capabilities for detection and identification 
will thus differ with the medium in which the ex- 
plosion takes place, as well as with the yield of the 
explosion. For explosions in the atmosphere, their 
acoustic waves, radio signals, and air-borne radio- 
activity will in general be useful, as will the seis- 
mic signal if the explosion is at low enough alti- 
tude. Underwater and underground explosions 
produce hydroacoustic and seismic signals respec- 
tively, but no others; for identification of such 
events as natural or as nuclear explosions on-site 
inspection (to obtain a sample of debris if the 
event is nuclear) will be required, as it may with 
certain events in the lower atmosphere. In the case 
of explosions at large distances from the earth, the 
direct radiations (or, in some cases, ionospheric 
disturbances which they may produce) would have 
to be employed, detection by instruments in satel- 
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Table 3. Methods available for detecting nuclear tests* 


Method of 
detection 

Type of lest 
detected 

Limitations on 
usefulness 

Radioactive 

Underground, un- 

Underground test 

debris 

derwuter, surface 
and lower alrn, 
possibly upper 
atm (£50,000 ft) 

requires on-site 
inspection 

Air-acoustic 

Surface and lower 
atm, possibly up- 
per atm (£50,000 
ft) 

Periodic wind- 
storms 

Hydroacoustic 

Underwater 

Kurlhquuke back- 
ground 

Seismic 

Underwater, un- 
derground, possi- 
bly surface and 
lower aim 

Earthquake back- 
ground 

Electromagnetic 

Surfaee and lower 

Severe natural- 

waves 

aim, upper atm 
(£50.000 ft), 
possibly outer 
space 

disLurbance 

background 

Visible light 

Possibly surface 
and lower aim, 
upper atm 
(£ 50,000 ft), pos- 
sibly fuller space 

Periodic cloud 
cover; attenua- 
tion in air (for 
low-level testa) 

X-rays 

Possibly surface 
ami lower aim, 
upper atm 
(£50,000 ft), 
outer space 

Can lie shielded 

Neutrons, 

1 lpper atm. 

Spread out in lime 

7 -rays 

( -* 50,000 fl), 
outer space 

(low intensity) 


* From .1 C Murk, The detection of nuclear explosions, 
Nucleonics, 17(8) .64-73, 1059. 


lites being in general most useful. More definite 
information on natural radiation backgrounds in 
space, and their variation with time, will allow a 
more precise estimate of distances at which such 
explosions can be detected and the reliability with 
which an identification can be made. See Atomic 
homr; Fission, nuclear; Fusion, nuclear: Hy- 
drogen bomb; Radiation shielding; Radioactive 
FALLOUT. r H.BN.] 

Bibliography: S. Glasstone (ed. ), The Effects of 
Nuclear If' capons, 1957; G. W. Johnson et al., The 
Underground Nuclear Detonation of September 1 9, 
1957, Rainier Operation PLUMBBOB , IJSDC 
UCRL-5124, 1958; J. C. Mark, The detection of 
nuclear explosions. Nucleonics , 17(8):64^73, 
1959. 

Nuclear fuels 

The fissionable and fertile elements and isotopes 
used as the sources of energy in nuclear reactors. 
Although many heavy elements can he made to 
fission by bombardment with high-energy «-par- 
ticles, protons, deuterons, or neutrons, only neu- 
trons can provide a self-sustaining reaction. 

The number of neutrons v released in the fission 
process varies from one per many fissions for ele- 
ments just beyond the fission point (silver) to two 
or more per fission for the heavier elements, such as 
thorium and uranium. Even in such elements, neu- 


tron capture by the nucleus accompanied by the 
release of excess energy in the form of a y-ra> 
occurs in many cases, rather than nuclear fission. 
This reduces the number of neutrons available for 
further fission. The ratio of neutron capture to 
neutron fission varies from nucleus to nucleus and 
changes with the energy of the bombarding neu- 
trons. Only a few isotopes of the heavy elements 
have a higher probability of fission than capture. 
These fissionable isotopes, U 233 , I1 23S , and IV Ji \ 
are the only materials that can sustain the fission 
reaction, and are therefore called nuclear fuels. 
See Reactor, nuclear. 

Of these isotopes, only U 23,r ’ occurs in nature a* 
1 pari in 140 of natural uranium, the remainder 
being IJ 2:JH . The other two fissionable isotopes must 
be produced artificially. IJ 233 by neutron capture in 
Th 232 and Pu 239 by neutron capture in U 23ft . The 
isotopes Th 232 and IJ 23S are called fertile ma- 
terials. 

By using a mixture of both fissionable and fertile 
isotopes in a nuclear reactor, it is possible to re- 
duce the rute of depletion of the nuclear fuel, lie- 
cause capture of excess neutrons hv the fertile ma- 
terial replenishes the fissionable material. Thus. 
II 235 can he burned (fissioned) and the surplus 
neutrons used to produce plutonium from U LMS or 
IT’-’ 33 from thorium. Reactors in which such nucleai 
processes take place are called converter reactor** 

The efficiency of production of new nuclear fuel 
depends on the extent of neutron losses due to 
undesirable neutron absorptions in the reactor m 
lo neut/on leakage. Tn some cases, these losses can 
be kept small enough so that more nuclear fuel 
is produced than burned. Moreover, the IJ 2 ’ 11 and 
Pu 239 can he subsequently used as fuel in place ol 
the original U 23r \ and by this means a large fra* 
tion of fertile material can he gradually converted 
into fissionable material. Reactors that burn I» " 
and Pu 239 and produce as much fuel as is con 
sumed, or more, are called breeders. 

The total energy that can be produced from the 
fissionable U ?3n in known resources of high-grade 
uranium ores corresponds to less than 5 r / f of thai 
from economically recoverable fossil fuels. Thus 
atomic energy will not become an important sount* 
of power unless the breeding and conversion iur) 
cycles are utilized. 

Breeding and conversion. The nuclear reaction* 
governing the consumption and production of nu- 
clear fuel in a reactor are listed in Table 1. Also 
shown are values for the thermal-neutron (0.025-cv 
neutron) cross section (probability that the reac- 
tion will take place) and the half-life for radio- 
active decay of the relatively unstable isotopes. 

In a mixture of IJ 235 and IJ 238 , three competing 
reactions take place with thermal neutrons : ( 1 ) 
U 23S capture, (2) U 2Sn fission, and (3) IT- 3 * cap- 
ture (numbers in parentheses refer to reaction* 
in Table 1). Reaction (3) leads to the production 
of Pu? 3 ® by successive decay of U‘- 31> and Np 23 ®* 
shown by reactions (4) and (5). The conversion 
ratio (relative production and consumption of nil- 
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Table 1. Nuclear reactions In a thermal-neutron 


spectrum 




Reaction 

number 

Equation 

Cross 

section, 

barns* 

Half- 

life 

^( 1 ) 

H 2 "+n + 7 

107 


( 2 ) 

Il m 4 n -* Fission 4 2.47 n 

582 


(3) 

1J 238 4 « -U 239 4 y 

2.74 


( 1 ) 

IT*" -* Np 239 4 f}~ 


23.5 m 

(5) 

Np 239 - Pu 23 * -f 0 ' 


2.33 d 

( 6 ) 

Pii 239 + n * Pu 210 4 y 

277 


(7) 

Pu 239 4 n - Fission + 2.88 n 

748 


( 8 ) 

Pu 2 ‘° f n -• Pu 241 - 1 - y 

250 


(9) 

Pu*‘* 4 n Pu 242 - 1 - y 

300 


( 10 ) 

Pu 241 + n -* Fission 4 3.06 n 

1025 


(in 

Pu** 4 n -* Pu 213 F y 

19 


( 12 ) 

Pu 243 * A in 2 13 4 0 


4.98 h 

il3) 

Th 232 4 n • Th* M -1 y 

7.3 


(14) 

Th 233 . Pa 233 4 0 


23.3 m 

(15) 

Pa 233 -II 233 4 0' 


27.4 d 

(lb) 

( f 233 4 fi — * t ! 23 4 4 y 

52 


(17) 

11 233 4 n — Fission 4 2 51 n 

527 


il8) 

1 1 234 4 n -» U 236 4 7 

90 



* Accepted values for inonoenergetie I hernial neutrons 
:it 2200 ni/sec. (0.0252 ov); 1 barn ■=* 10 -21 cm*. 


dear fuel ) of the system is given by the relative 
probability that reaction ( 3 ) will take plane as 
compared to reactions ( 1 1 and (2). 

Similarly, in a mixture of Pii- :iW and U*-‘ :iK , the 
conversion ratio (breeding ratio) is given by the 
relative probability of reaction ( 3 ) as compared to 
((>) and ( 7 ). In this case, however, the higher 
isotopes of Pir™ that are formed have a long half- 
life and stait to absorb neutrons as their concentra- 
tion builds up b> means of reactions (6), (8), and 
( 9 ). The Pu 2<s formed bv reaction (11) decays 
rapidly to americium, as shown, to end the chain 
effectively. Thus, after long exposure to thermal 
neutrons in a reactor, a mixture of IJ--* 5 and IP 38 
will contain appreciable concentrations of TT' s3fl . 
Ptr™. Pu” ,u , Pii“ 4 1 and Pu 242 , all of which must 
lie taken into consideration in determining the 
over all conversion ratio. 

Reactions (1). (2). and ( 13 ) ( 18 ) represent the 
reactions taking place in a mixture of U 2Jft and 
thorium. In this fuel cycle, secondary isotopes of 
importance to the conversion ratio are IP™, II 231 , 
P J "\ and Pa-' u . For most efficient neutron utiliza- 
tion (capture in thorium), it is important to mini- 
mize losses due to neutron absorption in Pa 233 , by 
keeping the average neutron flux as low as possible. 
Maximizing conversion ratio. When it is dc- 

s ired to maximize the neutron-conversion ratio in 
a reactor, neutron losses are held to a minimum by 
s uiiahle selection of the materials comprising the 
reactor system, their arrangement in the reactor, 
a, id its operating conditions. For example, neutron 
leakage is reduced if the reactor is made large; 
fission-product poisons (neutron absorbers) can he 
lowered by frequent processing of fuel; and non- 
tivsion neutron capture by fuel can he minimized 
by designing the reactor so that the average energy 
“f the neutrons is optimum for causing fission. 
However, the extent to which these methods of 
improving neutron utilization can be applied is 


limited by economic considerations. Thus, for any 
given nuclear power application, there will be an 
optimum reactor size and configuration and opti- 
mum fuel-processing cycle. 

The control of neutron losses due to parasitic 
capture in fuel by varying the relative amounts of 
neutron scattering material (moderator) and fuel 
to give the proper neutron energy is the most im- 
portant factor in achieving a high conversion ratio. 
The effect of neutron energy v on a (the ratio of 
neutrons lost by parasitic capture in fuel to those 
leading to fission) and the number of neutrons 
emitted per neutron absorbed in fuel 

v 

V = j T - 

is shown in Table 2. 

Table 2 indicates that the theoretical maximum 
conversion ratio (given by 17—1) is above 1.0 
for all three fissionable materials as long as the 
average energy of the neutrons causing fission is 
either very high (^1 Mev) or very low ( '-<■' 0.025 
ev). In a practical reactor design, however, both of 
these neutron energy conditions are difficult to 
achieve, because for any given mixture of fuel and 
moderator there will exist neutrons moving at all 
energies, ranging from those for fission neutrons 
(fast or high-energy neutrons) down to those mov- 
ing at approximately the same velocities as the 
moderator atoms. Even in a highly thermalized 
reactor (high ratio of moderator to fuel), the neu- 
tron energy will vary considerably from the mean 
that is established by the moderator temperature. 
Because of this, the conversion ratio is affected by 
the moderator temperature. This is especially true 
in the case of the U ?3S , U 23M , Pu 23 " fuel cycle, as 
shown in Table 3 . 

In nuclear power reactors that operate with high 
moderator and coolant temperatures to achieve high 
thermal efficiencies, it is difficult to get a high con- 


Table 2. Capture-to-fission ratio (<*) and neutron yield 
( 7? ) as functions of energy 


Ncul ron 

V 

233 

U 236 

Pu 239 

energy, ev 

a 

V 





0.025 

0.102 

2.28 

0.190 

2.07 

0.380 

2.09 

0.10 

0 08 

2.33 

0.17 

2.11 

0.59 

1.81 

0.30 

0.15 

2.19 

0.25 

1.97 

0.70 

1.70 

10 2 



0.52 

1.62 

0.72 

1.67 

10® 



0.18 

2.09 

0.60 

1.80 

10* 

0.03 

2.44 

0.08 

2.28 

0 10 

2.62 


Table 3. Effect of moderator temperature on the nuclear 
properties of U 28S and Pu 2 ™ 


Average 
moderator 
tempera- 
ture, °c 

Average 
neutron 
energy 
(k 7’), ev 

Fast neutrons pro- 
duced per thermal 
neutron absorbed in: 

U 23fl 

p„M» 

75 

0.030 

2.083 

2.006 

200 

0.041 

2.094 

1.936 

350 

0.054 

2.102 

1.875 

600 

0.075 

2.103 

1.871 
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version ratio because of the effect just described. 
One solution to this problem is to insulate the 
moderator thermally from the coolant and to main- 
tain the moderator at a lower temperature. Such a 
technique cannot be applied in graphite-moderated 
reactors because of the necessity for keeping the 
graphite hot to minimize its expansion due to 
radiation damage and to minimize the buildup of 
stored energy. See Radiation damagk (inanimate 
materials). 

Fast reactors. By eliminating the moderator, it 
is possible to raise the average neutron energy in a 
reactor to a value close to that of the fission neu- 
trons (2.0 Mev, average). Coolants, fertile material, 
and structural material in the core, however, tend 
to degrade the energy so that the average is nor- 
mally 0.6-0. 2 Mev. Under these conditions, the 
ratio of parasitic fuel captures to fuel fissions 
varies from 0.12 to 0.25. Corresponding breeding 
ratios range from 1.96 to 1.40 for Pu 2,9 -fueled fast 
(unmoderated ) reactors and from 1.34 to 1.08 for 
U 2S3 -fueled reactors. In all cases, the neutron 
yield from fissions in fuel is increased by fast-neu- 
tron fissions in fertile material (U 23R or Th 232 ) 
resulting in a higher breeding ratio than that given 
simply by v; — 1. 

It is evident from the foregoing that considerably 
higher conversion or breeding ratios are possible in 
a U 28ft - or Pu 2 ™-fueled fast reactor than in a 
thermal reactor. Past reactors, therefore, provide a 
means of utilizing a far greater proportion of 
natural uranium than would be otherwise possible. 

In the ease of thorium utilization by means of 
the U 233 -thorium cycle, breeding is possible with 
both fast and thermal neutrons. Here, the difference 
in breeding ratio between thermal and fast reactors 
is not as great as for the U 23R -plutonium cycle, 
and the choice depends upon other considerations, 
such as the amount of fissionable material required 
for criticality in each case. 

In addition to achieving a high conversion ratio 
in a nuclear power reactor, it is also desirable to 
have a high thermal efficiency and high material 
economy (heat output per unit weight of fuel and 
fertile material). Unfortunately, in most cases 
these three characteristics cannot be maximized 
simultaneously. For example, in a boiling water 
reactor, which generates steam inside the reactor 
core for power production, an increase in the rate 
of steam generation increases the neutron losses 
and decreases the neutron economy. Therefore, 
the optimum design of this and most other reactor 
types involves a compromise between high power 
density and high neutron economy. 

Fuel requirements. Estimates of the growth rate 
of the nuclear power system in the United States 
vary widely, depending upon the degree of opti- 
mism assumed. The most optimistic estimate pre- 
dicts an installed nuclear plant capacity of 225,- 
000,000 kilowatts by 1980, which is about twice the 
1955 total electrical capacity in the United States. 
Less optimistic estimates indicate an installed 
nuclear capacity of only 35,000,000 kilowatts by 
1980. By taking a geometric average of these 


Table 4. Cumulative nuclear source material 
requirements 



Nuclear electric ca- 


pacity, Mw(e) 11,000 88,000 270,000 600,000 

Natural uranium, 

Hhorl tons 

Thennul converters 2,700 25,000 88,200 231,000 

Fast breeders 2,300 14,000 21,000 

Thorium breeders 100 500 800 1,000 

Total 5,100 39,500 Ho^lOO 232,000 

Thorium, short tons 1,100 8,800 27,000 60,000 


Table 5. Known reserves of high-grade uranium 
and thorium 


Country 

Mineral 

Lb per 
ton of ore 

Short 

tons 

Uranium. U.iO* 

United States 

Carnot ite, 
an t unite 

5 

230,000 

Canada 

Brannerite 

2 

400,000 

South Africa 

France 

Pitchblende 
(in Hold ore) 

M 

400,000 

25,000 

Other 

Total 

Dnvidite, 

pitchblende 


20,000 

1.075,000 

Thorium, ThO H 

United States 

Thorite. 

monazite 

65 * 

20.000 

Canada 

Brannerite 

1 

200.000 

India 

Monazite 

200 

150,000 

Brazil 

Other * 

Total 

Monazi te 

130 

10.000 

20,000 

400,000 


extremes as a basis, it is possible to obtain an ordf-i 
of magnitude estimate of the long-range nuclear 
source material requirements. Data are summarized 
in Table 4. assuming also that the nuclear power 
system will be made up of equal numbers in term- 
of megawatts electric (MwE) of converter reac- 
tors, fast breeders, and thermal breeders. 

The inventory requirements per MwE are 0.5 
tons natural uranium or equivalent (converters') ; 
4.8 kg U 235 or Pu 239 plus 0.6 tons U 23R (fa^t 
breeders) ; 1.1 kg U 235 or U 233 plus 0.3 tons- 
thorium (thorium breeders). The fuel consumption 
or production per megawatt year of electricity is 
0.06 tons natural uranium (converters) ; 0.5 kg 
Pu 23fl (fast breeders) ; 0.16 kg U 233 (thorium 
breeders) . 

Reserves of uranium and thorium. Known re- 
serves of high-grade ores from which uranium and 
thorium can be recovered at $10/lb (of oxide) or 
less are summarized in Table 5. 

Estimates of additional reserves of high-grade 
uranium ores based on general geologic data and 
the discovery experience since 1950 indicate that 
the total uranium reserves in non-Communist coun- 
tries may contain as much as 4,000,000 tons of 
UaOs. Lower-grade ores such as bituminous shale 
and phosphate deposits, which contain ho r-h ^ 
of uranium per ton, are estimated to represent a 
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iiruiiuni reserve of more than 20,000.000 Ions. 

[ ranimi) from these latter reserves, however, may 
r $.10-50 'lb of uranium oxide in high-grade 
fnnrent rates. 

Tl>e uranium ore reserves of the Blind River and 
B me rofl areas in Canada probably contain about 
o lH )000 tons of thorium. The cost of recovering 
,j lls [luiriuin as a by-product of uranium production 
li|V })<• in the range of $1 2 11*. Less is known about 
potential reserves of higher cost thorium: Imw- 
|JU , r at some price, presumably many times the 
pre-enl pi ice. thorimn availability may approach 
But <>i uranium 

ft is exidenl from a comparison of the requirr- 
IIM . n i* and reserves of nuclear source* materials that 
there* is an adequate amount of high-grade ore to 
the nuclear power industry through the 
\ ;: ir 2000. if the* industry expands at a rate enr- 
„'«.|iimding to an average of the various projections 
.iml nuclear plant types are* distributed evenly bc- 
iuren con\erters. fast breeders, and thorium breed- 
See HmiIOM TIVK MINERALS. 

Preparation of uranium fuel. Starting with ore, 
ii.im steps are re(|iiired in the preparation ol a nat- 
iji L il uranium luel. These art* ( 1 ) recovery ol ura- 
nium Inmi ore (concentration). (2) purification of 
1 1 'h b* concentrate. ( .1 ) eomersjnri of oxide to metal, 
.uni i 1l fabrication of the fuel element. To enrich 
ilir luel I increase lilt* l'- : ’ l ! ’ ratio), tlie steps 
'•illovving step (2) are (.1) conversion of oxide lo 
I V.. i I ) isotope scparal ion b\ gaseous difTnsion. 

■ ! ifiiueliori of enriched LF.; to metal, alloy, or 
• •impound, and (0) fabrication of the luel element, 
llii^r steps are described as follows. 

( om rut ration . Because of the variety of natural 
'"Hires of uranium, no one eoneentration method 
!' imi<pie|\ suited to all ores. (Eoneentration by 
liii’ilv methods, for example, is applicable for 



^ L Cylindrical pellets of UOo are pressed to ex- 
® ct, ng specifications for size and weight. After fmish- 
,n 9» pellets are inserted into stainless steel or zircaloy 
| u bes. Tubes are sealed and welded, then assembled 
"J to bundles to form the rod-type element. (From Nu- 
Ceor Elements , General Electric) 



Fig. 2. A fuel plate is assembled with the core, or 
uranium alloy piece, fitting into a picture frame of 
aluminum plate. Aluminum plate is then placed on 
either side and the entire sandwich is hot-rolled to 
effect bonding. After centering the core by x-ray, the 
plates are trimmed to size, assembled, and mechani- 
cally bonded to the side plates to form finished ele- 
ments. (From Nuclear Fuel Elements , General Electric ) 

pitchblende but not for carnotite or autunite. from 
which uranium is extracted almost exclusively by 
leaching with acid or alkali carbonate. Thi« is fol- 
lowed by a piecipitatiou process (or more recently 
b\ ion exchange or solvent extraction) to recover 
the uranium truni the leach solutions. 

Purification . To make natural uranium most suit- 
able for use in a nuclear reactor, it is desirable to 
reduce the concentration of neutron-absorbing im- 
purities such as boron, cadmium, and the rare 
earths to levels of 0.1 10 parts per million. This is 
accomplished either b\ selective extraction of 
uranvl nitrate from aqueous solutions by certain 
oxygenated organic solvents, notably diethvl ether, 
methyl isobutvl ketone, or tributvl phosphate in 
kerosine; or by quantitative precipitation of ura- 
nium peroxide (llOr2H?()) from weaklv acid 
solutions of uranvl salts. 

Conversion. Conversion of the purified uranyl 
nitrate or I If > * to UF, ; or II metal is carried out bv 
first calcining the salt to produce This is 

reduced to LOj. which is treated with HF to pro- 
duce green salt. IJF|. Cranium metal is produced 
from green salt by reduction with calcium or 
magnesium metal and UFr, gas is produced from 
UF| by reaction with fluorine. 

Isotope separation. Separation of the uranium 
isotopes. II- '*■ and IT 1V, \ depends upon the physical 
differences arising from the difference in their 
atomic weights. Caseous diffusion is now used to 
take advantage; of this difference. .See Isotope 

SEPARA I ION (.STABLE ISOTOPES ) . 

UFc y reduction and fabrication. The I IF« product 
from the diffusion plant must be reduced to ura- 
nium oxide or uranium metal for incorporation in 
fuel elements. For most reactor applications, these 
fuel elements consist of plates or rods, protected by 
a cladding of aluminum, stainless steel, or zirco- 
nium. and assembled into a unit. This cladding 
must be in intimate contact with the uranium-hear- 
ing material for good heat removal. It must also 
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Fig. 3. Fuel element, (a) Plate-type, (b) Rod-type, 
(c) Plate-type. (From Robert Laws , Salon of Photogra- 
phy) 

be chemically compatible with the material und 
absolutely leak-tight to prevent the release of radio- 
active fission products and chemical reaction of 
the uranium with coolant. Typical fuel elements 
include aluminum-clad uranium metal rods for 
plutonium production reactors; zirconium-clad 
plates containing U-Zr alloy or stainless-dad UO 2 
dispersed in stainless steel for propulsion reactors; 
and zirconium- or stainless-steel-clad UOa pellets 
for central station power reactors. See Fission, 
nuclear; Neutron; Nuclear i»ower; Pluto- 
nium; Radioactivity; Reactor, nuclear (clas- 
sification); Thermonuclear reaction; Tho- 
rium; Uranium. [j.a.l. | 
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Nuclear fuels reprocessing 

The periodic chemical, physical, and metallurgic al 
treatment of materials used as fuel elements in n«. 
clear reactors. In the operation of a nuclear reac- 
tor, it is almost invariably necessary to discharge 
the fuel well before its complete consumption ha^ 
occurred because of physical or chemical damage 
incurred by the fuel, loss of capability of residual 
fuel to maintain the nuclear chain reaction, and de- 
sire to recover newly produced fissionable material. 
See Nuclear fuels. 

For whichever of these reasons the fuel has been 
discharged, chemical reprocessing is conducted to 
recover and purify the residual fissionable constitu- 
ents. If fertile material is also contained in the fuel 
this, too, is ordinarily recovered and purified during 
fuel reprocessing. Purification of the valuable con- 
stituents consists of the removal of fission products 
and extraneous structural material present in the 
fuel. 

Because of the frequency of fuel discharge and 
because of the extreme value of fissionable mate 
rials (for example, about 87000/lb), it is impor 
tant that the degree of recovery approach 100 r ; 
closely as practicable. With regard to purification, 
it is commonly necessary to reduce the fission prod 
uct impurity content of discharged fuel by a faeto r 
of 10 7 in order to make the recovereiftnaterial safe 
to handle* during refabrication into new fuel for 
re-use. 

There are several basic steps involved in fuel ic 
processing. After fuel has been discharged from a 
nuclear reactor, it is common practice to stor rt the 
fuel submerged in 15 20 fl of water (for cooling 
and radiation-shielding purposes) for a period ot 
50-150 days to allow the short-lived fission prod- 
ucts to decay radioactivelv. During this period. tin- 
radioactivity of the fuel decreases rapidlv and 
substantially, so that when reprocessing is com- 
menced, shielding requirements are reduced to 
practical thicknesses and radiation damage to 
chemicals or special structural materials in the re- 
processing plant can be held to tolerable magni- 
tude. Following the cooling period, the fuel is nic- 
chanically cut or disassembled into convenient 
sizes. At this point, the fuel is ready for chemical 
reprocessing to enable recovery and purification. 

The specific steps next undertaken depend upon 
the particular reprocessing method employed to 
achieve separation of desired products from each 
other, from fission products, and from extraneous 
structural materials. Although many separation 
methods exist, the one which is based on solvent- 
extraction principles is most frequently used for 
fuel reprocessing. Therefore, the discussion of the 
next sequence of steps will be based on the use of 
solvent extraction, about which further details will 
be given later. 

Dissolution of spent fuel. The cut-up or disas 
sembled fuel is charged, along with an appropri- 
ate aqueous dissolution medium, into a vessel- 
Here the solid fuel is put into solution by chemic* 1 



a rtion of the dissolution medium. Except for a few 
fi^ion products which are volatilized during dis- 
solution* constituents initially in the fuel 

rP obtained in the dissolver solution as soluble 
*alK This solution may he of very complex rompo- 
-i,ion. because in addition to nitric acid, other 
rhcrnicals may be added to promote dissolution of 
which resist chemical attack. Following the 
(li^olution step, it is generally necessary to treat 
the resulting solution by various means in order to 
accommodate its use as a feed solution to the sol- 
vent-extraction process. The two most important 
! casons for such pretreatment are (1) adjustment 
„f oxidation states and concentrations of solution 
constituents for optimum recovery and purification 
performance in the solvent-extraction process, and 
1 2 » modification of corrosion behavior of the solu- 
tion toward materials employed in process equip- 
ment. In some instances, the pretreatment mav in- 
clude a simple type of process step, such ns a 
-elective precipitation, to remove the hulk of some 
specific impurities, for example, certain fission 
products or dissolved structural material. 

Solvent extraction. 'Hie next operation is the 
-ohent-extraction step. It is here that actual recov- 
. i ri and purification are performed by the use of 
-ptM'ial organic solvents. Bv far the most fre- 
ipicnllv used solvent is a mixture of tributvl phos- 
phate la chemical used in the paint industry and 
iMialh abbreviated as THPl and kcrosine. 'Hie 
ba-n principles b\ which separation is achieved 
during solvent extraction are immiscihility of the 
isi gitiiic solvent with the aqueous solution of ir- 
udiated fuel, and differences with which compo- 
nents. initially present in the aqueous fuel solution, 
distribute or partition themselves between the or- 
ganic and the aqueous solutions when the organic 
''•din ion i* first thoroughly stirred or mixed with 
the aqueous solution and is later separated from 
the aqueous solution. 

If a quantity of suitably prepared solution of ir- 
radiated fuel is mixed with a similar quantity of 
THP-kerosine solution and is allowed to stand, the 
tallowing results will occur. The TBP-kerosine 
mixture will locate itself essentially quantitatively 
above the aqueous solution because the organic 
mixture is not miscible with the aqueous solution 
and is less dense than the aqueous solution. If anal- 
are performed on the separated liquids, it will 
found that a ver* appreciable portion of the 
uranium and plutonium (and thorium if it is also 
proven!) have transferred to the organic mixture, 
1‘Ut only a minute fraction of the fission products 
and other impurities have transferred. In order to 
enhance the transfer of uranium and plutonium 
into the organic mixture without influencing the 
transfer of fission products appreciably, it is cus- 
tomary to have present in the aqueous solution 
large 

concentrations of certain chemicals called 
siting agents. If the organic solvent containing the 
uranium and plutonium is now brought into contact 
w ith an aqueous solution wherein salting agents are 
a taent, the uranium and plutonium will have re- 
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transferred almost quantitatively to the new aque- 
ous solution. The solvent can then be reused. Be- 
cause only a minute fraction of the fission products 
was initially transferred to the organic mixture, 
the new aqueous solution contains recovered ura- 
nium and plutonium well separated from fission 
products. It is possible to take this aqueous solution 
and separate the uranium and plutonium from each 
other as is sometimes desired. This is also done 
with the same solvent by taking advantage of the 
fact that under certain conditions (reduced oxida- 
tion state of plutonium) plutonium extraction by 
the solvent is very small. Thus separation of the two 
heavy elements is achieved in much the same way 
f hat the impurities (for example, fission products) 
were initially separated from uranium and pluto- 
nium. 

Hatch extraction. If the initial fuel solution is re- 
peatedly treated with quantities of fresh solvent, 
it is possible, in principle, to recover all of the 
uranium and plutonium from the fuel solution, 
leaving behind essentially all of the fission products 
and other impurities. This type of solvent-extrac- 
tion procedure is called a multiple-hatch extrac- 
tion. Although such a procedure is sometimes used 
for laboratory purposes, in actual practice of fuel 
reprocessing on a large scale it is more conven- 
ient. efficient, and economic to employ a procedure 
called continuous countercurrent extraction. The 
basic principles of separation of components with 
Lhe latter procedure are still the same as with the 
hatch type. 

Countercurrent extraction. The importance of 
continuous countercurrent solvent extraction in 
fuel reprocessing merits further elaboration. As its 
name implies, it is a continuous operation con- 
ducted to obtain repeated mixing and separation of 
the organic solvent and the aqueous solution of ir- 
radiated fuel from whieli it is desired to remove 
all of the valuable products freed of impurities. 
'Fhe continuous nature of operation is also applied 
in the stef) wherein the purified products are re- 
transferred to an essentially pure water solution 
(that is, free of salting agents). Continuous sepa- 
ration of plutonium and uranium (or thorium and 
uranium in the case of thoriiim-uranium-fueled re- 
actors) can also he performed. The principal ad- 
vantages of continuous over hatch operations are 
more uniform product quality, greater ease of 
instrumentation, and less severe problems in avoid- 
ing accidental accumulation of sufficient fissionable 
material in one location to cause a nuclear reac- 
tion. The countercurrent aspects of the operation 
are derived from having the organic solvent flow in 
a direction opposite from that of the aqueous solu- 
tion. This allows maximum loading of the organic 
mixture with the components to be extracted be- 
cause fresh solvent encounters initially low* con- 
centrations of these components and progressively 
higher concentrations as the solvent moves toward 
the point at which the aqueous solution is intro- 
duced. In this way, a minimum of solvent is re- 
quired to achieve maximum recovery of desired 
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materials with solvent-extraction equipment of a 
given efficiency. 

With proper process conditions and suitable 
equipment, the solvent-extraction operation yields 
nearly complete recovery and purification of prod- 
ucts in the form of dilute aqueous solutions. These 
solutions are subsequently further processed to 
give finally the form of plutonium, uranium, or 
thorium which is suitable for reuse in nuclear reac- 
tors. In the case of uranium which has been de- 
pleted in its content, the processing may in- 

clude isotope reenrichment in gaseous diffusion 
plants. The fission products and other impurities 
initially present in the fuel are also obtained in the 
form of uqueous solution waste. The waste is con- 
centrated by evaporation and then usually neutral- 
ized before it is introduced into underground tanks 
for indefinite storage. See Solvent extraction. 

Processing plants. The plants ill which fuel re- 
processing is performed are large and expensive. 
Their size rnav range up to a few hundred yards 
in length and their cost of construction rnav ex- 
ceed $20,000,000. The basic reason for this high 
cost is the enormous thickness of shielding flip to 
7 ft of high-dcnsjtv concrete) required t<* protect 
the operating personnel from radiation. Operation 
of the plants, including sampling for process con- 
trol, is conducted bv remote means. In some plants, 
even the repair and modification of equipment in 
high-radiation zones are performed hv remote 
techniques. The additional cost of this type of 
maintenance is large. For those plants in which 
maintenance is performed hv direct methods, the 
initial capital cost is reduced, hut this may he off- 
set to a large extent by increased operating cost* 
when decontamination is difficult and permissible 
working time of maintenance personnel is limited. 
Because of the difficulty and cost of maintenance 
hv either remote «*r direct methods, more spare 
equipment and higher standards of design, con- 
struction. and installation are necessary in fuel-re- 
processing plants than in conventional chemical 
plants. Special precautions whit'll also contribute to 
increased cupital and operating costs must he made 
in fuel-reprocessing plants to avoid nuclear acci- 
dents from inadvertent accumulation of fissionable 
materials. This is particularly important when 
highlv enriched fuels are reprocessed. 

Thus the gross capital and operating costs are 
high for a fuel-reprocessing plant. The unit cost of 
recovered products is also very large because the 
output of moderately large plants is relatively 
small, being only a few tons per day for very 
slightly enriched (3% nr less) fuel to as little as 
10-20 lb''day for highly enriched (about 00%) 
fuel. Unit cost can he substantially reduced, how- 
ever. by increased capacity, because total capital 
and operating costs do not increase proportionally. 

Further improvements are being made in solvent- 
extraction processes to accommodate new fuels and 
to reduce costs. In addition, other processes are be- 
ing developed which offer promise of certain ad- 
vantages over solvent extraction, for example, less 


susceptibility to radiation problems with fuels that 
have been cooled for only a short time, and fewer 
operating steps required. 

The operating experience to date with fuel-re- 
processing plants has shown them to be relatively- 
safe in spite of hazards from radiation and nuclear 
criticality, and other hazards of more conventional 
nature. See Radiochemical laboratory. 

Ts. LAWROSKl] 
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Nuclear magnetic resonance, high- 
resolution 

Nuclear magnetic resonance (NMR) efforts as de- 
lineated by high-resolution techniques. The nuclein 
magnet ie resonance phenomena exhibited hv a 
large number of atomic nuclei art* based upon ihr 
existence of nuclear magnetic moments which air 
associated with quantized nuclear spins. Thr-r 
nuclear moments, when placed in a magnetic field, 
give rise to distinct nuclear Zeeman energy lewd* 
between whieli spectroscopic transitions can he in- 
duced by radio-frequenrv radiation for magnetie 
fields obtainable in the laboratory. Nuclei excluded 
from consideration are those with zero angul.n 
momentum or spin (J — 0) and therefore zero mag- 
netic fuornent (for example, tin* important C ,,J and 
O ni isotopes). Also, nuclei with f greater than 1 j 
are generally excluded from high-resolulion inetii- 
ods. as they possess electrical quadrupole moment* 
which interact with electric field gradients so as to 
broaden the magnetie resonance signals and pre- 
vent resolution of closely spaced resonance line*. 
High-resolution techniques, therefore, have been 
limited primarily to the nuclear species of spin 
( for example. IT 1 . (V F 1M . and 1 >::1 ). 

As the separation between the nuclear Zeeman 
levels is dircetlv proportional to the strength of 
th* 1 perturbing magnetie field, the transition fre- 
quency (*an he varied for a given nucleus by mneh 
( hanging the applied magnetic field. In this regard. 
NMR spectroscopy is unlike other spectroscope' 
methods, where the investigaLor is unable to con- 
trol the frequency of the spectral transition. Thu* 
an NMR spectrum may he secured by varying the 
magnetic field to bring the separation of the Zee- 
man levels into correspondence with a constant 
irradiating frequency: or the alternative experi- 
mental method may he used, in which a constant 
magnetie field is employed and the irradiating fre- 
quenc.y is varied over the range of spectroscope 
frequencies. 

It is this unique field-frequency relationship 
that makes possible the application of NMR p P ec * 
troscopy in molecular studies. Although identic* 
nuclei have the same frequency dependence uP on 
the magnetic field, a difference in the chemical en- 



Nuclear magnetic resonance, high-resolution 


190a 


tironment can modify an applied magnetic field, 

0 that nuclei in the same sample do not experience 
t l lt , * am e net magnetic field. The corresponding 
spectral shift in the transition frequencies be- 
twc ,. n two such chemically noncquivalent nuclei is 
referred to as the chemical shift. Being directly 
proportional to the total applied field, this param- 
eter is recorded in the relative units of parts per 
million (ppm). 

It i> convenient to subdivide the chemical *hift 
•urameter into a diamagnetic term and a paramag- 
netic term. Diamagnetism induced by an applied 
magnetic field is a well-known phenomenon and is 
attributed to Lamb currents in the molecular elec- 
trons Diamagnetic shielding decreases the field 
intrust \ at the nucleus and thereby decreases- the 
filiation between the nuelear Zeeman levels. 
(’oiMdered simply, this part of the chemical shift 
jw proportional to the electron densily in that seg- 
ment of a molecule in which t he magnetic nucleus 
i- found, and therefore reflects in ari approximate 
manner the charge polarization of the molecular 
electrons. A paramagnetic shift to higher fields is 
(likened in some cases as a result of diamagnetic 
cut rents existing in remote anisotropic groups of a 
molecule. Aromatic s\ stems with their associated 
ring currents constitute typical examples of Mich 
anisotropic groups which enhance the magnetic 
Meld in certain regions of space external to the 
.uomatic ring. Finally, in molecules of certain miii- 
metries the magnetic field can remove the quench- 
ing of orbital angular momentum associated with 
electrons involving p-orbitals in completed sub 
-Ill'll-. There is evidence that this paramagnetic 
interaction rnav he a significant one in C ,:! and 
F ! '• magnetic resonance studies. However, theo- 
retical estimates of the magnitude of the several 
!*rms in the chemical shift parameter involve con- 
siderable difficulty, and the relative importance oi 
tlie various shielding mechanisms is not complete! » 
j evolved. 

Vs characteristic resonance positions are found 
lor nuclei contained in various functional groups, 
the value of NMR spectroscopic methods for identi- 
fication purposes is apparent. Figure 1 «ehemati- 
calh portrays the distribution of proton chemical 
Aift values for a few selected compounds. Low 
diamagnetic shielding is observed for the electro- 
positive protons in the two acid compounds. The 
chemical shifts of less acidic methyl groups are 
found at higher fields. The shift to lower fields 
^ilh the addition of an electronegative group is 
exhibited by the series CHhCI, CH-jCIj, and CHCl.i. 
finally, the relatively low field position of the ben- 
zene resonance is explained as noted before by a 
paramagnetic shift resulting from 7r-elcctron ring 
(, urrents. 

The NMR spectrum of ethyl bromide contained 
ln Fig. 2a is prestmted as an example of a moder- 
utejy high-resolution spectrum in which the reso- 
nance peaks of the chemically nonequivalent 
me diylene and methyl protons are separated by a 
p hemical shift of 1.77 ppm. The relative intensities 



Fig. 1. Chemical shifts portrayed schematically for 
several representative compounds. Decreasing values 
of <5 correspond to increasing magnetic field in a 
constant-frequency spectrometer. The scale calibration 
is obtained from the resonance signal of a small 
amount of tetramethylsilane (TMS) placed in the 
sample tube to provide a zero reference point. 

in these two peaks of 2 and 3 reflect the* number of 
hydrogens in the methylene and methyl groups, 
respect ively. 

With additional improvement in resolution, each 
of tin* ethyl bromide peaks subdivides into the mul- 
tiple! structure shown in Fig. 2/>. The meth>lene 
resonance is obseived to split into a quartet of 
lines, whereas the methyl peak is replaced by a 
triplet of lines. Resulting from a nuclear spin-spin 
interaction between the two sets of protons, the 
multiple! pattern can be rationalized on the basi* 
of the allowed orientation of the methylene and 
melhvl protons as shown schematically in the fig- 
ure. Thus the magnetic field experienced by the 
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Fig. 2. Nuclear magnetic spectra of ethyl bromide 
(CH a CH a Br) with schematic representation of nuclear 
spin orientations at (a) moderate resolution and (b) 
high resolution. ( Courtesy of T. Brown, Univ. of Utah ) 
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methylene protons is perturbed by the four dif- 
ferent distinguishable spin orientations exhibited 
by the methyl protons. Furthermore, the 1:3:3:1 
statistical weights for these orientations are re- 
flected in the intensity pattern of the methylene 
multiplet. In a like manner the two protons in the 
methylene group induce a 1:2:1 triplet in the 
methyl peak. Normally the coupling constant, 
which measures the multiplet splittings due to spin- 
spin interactions, attenuates rapidly for protons 
separated by more than 2 or 3 chemical bonds, and 
only neighboring protons interact significantly. 
Thus, in addition to the identification of a particu- 
lar group from its chemical shift, the specific 
orientation and spatial relationships existing be- 
tween neighboring groups often can be established 
from both the multiplicity in the splitting patterns 
and the magnitude of the coupling constant. 

It is not always possible to interpret spectra in 
the manner indicated by Fig. 2, where the splitting 
patterns can be explained on the basis of a first - 
order perturbation of one spin system by a second, 
neighboring group. Specifically, whenever the spin- 
spin coupling constant becomes comparable or 
larger than the chemical shift parameter, higher- 
order mixing of the spin states occurs to give spec- 
tra of considerably greater complexity. As an ex- 
ample, the spectrum of 1.2-bromocbloroethane is 
given in Fig. 3. This spectrum is derived from a 
molecule differing only slightly from that consid- 
ered in Fig. 2; yet the spectral features do not 
resemble the simple pattern shown in Fig. 2b. 1 he 
similarity between the bromine and chlorine atoms 
results in chemical similarity between tlie two 
methylene groups, and the chemical shift between 
these two sets of protons is reduced to a value 
comparable with the intramolecular spin-spin 
coupling constants. Higher-order splitting features 
are commonly observed in NMR high-resolution 
spectra, and correct interpretation usually requires 
detailed numerical analysis with a high-speed digi- 



Fig. 3. High-resolution spectrum of 1,2-bromochloro- 
ethane {CICK.CK.Br), exhibiting higher-order splittings 
and complexities due to magnetic nonequivalence. 
( Courtesy of T. Brown , Univ. of Utah ) 


tal computer. Further complexity is introduced into 
spectral features whenever all the spin-spin cou- 
pling values between the two sets of chemicallv 
equivalent nuclei are unequal. This element of 
complexity, which is referred to as magnetic non- 
equivalence, is found in Fig. 3, where the inequal- 
ities in the coupling constants between protons in 
the two methylene groups are not eliminated by 
averaging over the several rotametric conforma- 
tions existing for this molecule. Were the two 
methylene groups in a 1,2-disubstituted ethane to 
have the same chemical shift (either by coinci- 
dence or from molecular symmetry in the event that 
both substituents are identical), then all splitting*, 
would vanish and a single resonance line would be 
observed. Spin-spift interactions between nuclei 
which are both chemically and magneticalh 
equivalent do not affect the spectral features, and 
coupling constants for such interactions therefore 
become unobtainable. 

Recent experimental developments of spin do 
coupling methods have reduced the complexity of 
spectra in which higher-order splittings und over- 
lapping multiplets have obscured the spectral in 
terpretation. Removal of such splittings with one 
or more additional radio-frequency fields of high 
intensity adjusted to the proper resonant fre- 
quency is achieved by changing the polarization o* 
perturbing nuclear spin systems irf neighboiing 
groups. The resulting simplifications allow chemi- 
cal shift data to be obtained from spectra which 
are more easily interpreted. Furthermore, informa 
tion derived with this technique also can be used in 
obtaining the relative signs of spin-spin coupling 
constants which can assume either positive or nega- 
tive values. 

Theoretical interpretation of coupling constant" 
indicates that nuclear spin-spin interactions arc 
transmitted through the molecular electrons. Di- 
rect magnetic interactions between nuclei through 
space are observed in solids to be relatively large, 
but these coupling terms average to zero in the 
liquid state under the influence of rapid molecular 
tumbling. As a result of the quantized orientation 
of magnetic moments associated with the spin and 
the orbital angular momentum of electrons, mag- 
netic coupling mechanisms involving the molecular 
electrons do not average to zero with rapid molecu- 
lar reorientation. Thus, spin-spin coupling vain# 
contribute to a better understanding of the elec- 
tronic structure of molecules, especially in the 
areas of electron spin correlation and valence 
theory. See Magnetic resonance. 

[d. m. grant] 
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Nuclear moments 

The >arious static electric and magnetic moments 
pos*e- s sed by the atomic nucleus. The nuclear mo- 
ments that play an important role in research arc, 
in order of complexity, the magnetic dipole rno- 
the electric quadrupole moment, and the 
magnetic octupole moment. These are defined re- 
spectively by 


orders of magnitude assigned (.sec Magneton). The 
total angular momentum is now F = 1 + J, and F is 
also quantized. Since the quantity 

I • J = IHF{F+ 1) - /(/+ 1) - /(/+ 1)] 

the energy levels are 

Wy = ~ W + I) - /(/ + 1) - /(/ + Dl (6) 


n - /M, dr (1) 

Q — ~ f (3 cos 2 6 — l)r 2 p dr (2) 

c 5 cos 3 6 - 3 cos 6 

Ala — J 2 div Mr dr (3) 

The nuclear spin is hi, and its projection on the 
axis, hl £ , is quantized to have the values hi, 

h i/— 1) —hi, where / is a positive integer 

or lialf-integci, and h is Planck’s constant h divided 
1 1 \ 2tt. The integrals of Eqs. (1). (2), and (3) 
arc to he taken so that the physical quantities in- 
volved are for the nuclear state hf = hi, which 
is the largest positive value of the projection of 
the nuclear angular momentum on the ^ axis. This 
is the position most closely identified with the clas- 
-m'li I spin parallel to the z axis. .See Spin (^uan- 
II M MM.tf anils) . 

The quantity r is the radius vector from the 
(‘enter of the nucleus to the element of nuclear 
\olume dr \ p is the charge density in the nucleus; 
M is the magnetization iti the nucleus; 0 is the 
angle between r and the z axis; and e is the elec- 
tronic charge. 

Moments in free atoms. Nuclear spins and mo- 
ments manifest themselves in free atoms through the 
hyperfine interaction, that is, a close splitting of 
""tne of the energy levels of the atom with resulting 
Inpcrfine splitting of the spectral lines (see IIytek- 
i-'ne structure). If the nuclear spin is zero, the ar 
eular momentum of the atom is solely the result of 
die electronic structure, and the geometric aspects 
uf the electric and magnetic fields of the electrons, 
aa well as their magnitudes, are determined by this 
total angular momentum J. (All angular momenta 
will from now on be expressed in units of h.) For 
example, if J ^ 0, the magnetic field at the nucleus 
due to the electrons lies between 10° and 10 fi gauss. 
The average of this field lies in the direction ol J 
and interacts with the nuclear magnetic moment. 
Jhe interaction of a magnetic moment with a mag- 
field is — |t • H and for these purposes can be 
written as 

W = -j/wvI-H.- Aal.J (4) 

Here g T j 8 the dimensionless g factor for the nucleus 
an <l is defined by the relations 

M “ glfaN V * gWNl (5) 

ai jd H* is the electronic magnetic field which is paral- 
eI to J. For one nuclear magneton (one nuclear 
Magneton is equal to ch/2Mc, where Af is the proton 
niass2 and has the value 5.0504 X 10“ 24 erg gauss" 1 ), 
die constant a is of the order of 1000 Me/ sec for the 


where F = / -f J, 1 4- J — 1, . . . , / — /. There are 
2/4-1 or 2/+ l F levels, whichever number is 
smaller. In most experiments, the selection rules for 
observing differences in these energies are A F = 0, 
rbl, aiid the corresponding frequencies are 


h 


aF 


(7) 


Sec Selection rules (physics). 

Resonance lines that obey this simple scheme are 
said to follow the interval rule. In general, the hyper- 
fine energy can be expressed as a sum of polynomials 

in (I • J) of degree n; /? — 1,2 If n ^ 1, the 

interaction depends only on |i. If terms like (1 • J) a 
are needed to fit the data, they are usually caused by 
a nuclear quadrupole moment interacting with the 
gradient of the electric field at the nucleus. The pres- 
ence of such terms is indicated by a violation of the 
interval rule. The octupole term is identified by the 
coefficient of the (1 • J) 3 term. This term is very 
small and may he largely spurious because of elec- 
tronic perturbations. The highest moment effective 
in the hyperfine interaction is determined by the 
smaller of the two integers 21 or 2/. The quadrupole 
interaction involves the product ol the nuclear quad- 
rupole moment Q and the spatial derivative of the 
electric field at the nucleus due to the other charges. 
The total interaction is of the order of magnitude of 
2 rrQ/r A . The quadrupole moment Q is of the order of 
K)- 2 b ( . rn 2 ^ r ran | )( * chosen as no, the Bohr radius, and 
division by h gives 600 Me/sec as the order of magni- 
tude of the interaction. The complete expression for 
the quadrupole interaction term in an atom is 


«'q 


2 /( 2 / 


C 2 P</ _ 

1)7(2/ - 1) 


i3(i . j) 2 + m . j) 


-/(/+!)/(/+ 1)| (8) 


Here q is the average of the quantity 


-£ (3 cos 2 Oi - l)rr 3 

/ 

over the electronic state characterized by the max- 
imum value of J z , Jz - /. and the sum is over 
each of the electrons, where r t is the radius vector 
from the nucleus to the ith electron. The differ- 
ences between these terms are small compared 
with the electronic term differences alone, buJ they 
are detected in experiments designed to observe the 
change in relative orientation of I and J in going 
from one F state to another. The principal meth- 
ods for studying nuclear moments in free atoms 
are the resonance atomic beam method and high 
resolution optical spectroscopy. If / * 0, the nu- 
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clear magnetic moment is studied by methods sim- 
ilar to those for molecules. 

Moments in free molecules. In free molecules, 
the nuclear moments and spins manifest themselves 
through hyperfine couplings similar in origin to 
those of free atoms. The charge distributions in 
molecules vary widely, depending upon the nature 
of the bonding, and therefore the gradient of the 
field that couples to the quadrupole moment is 
much more variable, and so the effect is more vari- 
able than in the ca*e of atoms. The magnetic mo- 
ment terms also vary greatly in si/e, depending 
upon whether or not the valence electrons pair, as, 
for example, in the case of ^ or :, S molecules, re- 
spectively. If the electrons have an appreciable 
fraction of their total angular momentum un- 
quenched. the situation is, in order of magnitude, 
similar to that for free atoms, hut tin* level structure 
is very complicated because there are now more 
than two angular momenta adding. If the electrons 
are paired, as for '2, molecules, the magnet ie 
terms heroine verv small (less than a fraction of 1 
Me 'sec) and the quadrupole terms dominate. 

The principal methods employed for the study 
of nuclear moments in free molecules are nuclear 
magnetic resonance, molecular beams, and micro- 
wave absorption in gases. The third method is per- 
haps the most precise for the quadrupole moments. 

The nuclear moments and angular momenta play 
a verv special role in molecules that have two or 
more identical nuclei. Nuclei of even mass niunhei 
A obrv Rose- Fin stein statistics; nuclei of odd A 
obey Fermi-Dirae statistics. The effect of the nu- 
clear statistics in elimination of certain of the pos- 
sible states is very striking. It shows experimentallv 
in the alternating intensity of tin* optical spectro- 
scopic hands and in altered intensities in microwave 
spectroscopy. The spins of nianv nuclei have been 
determined this way. It is particularly powerful for 
the case / = 0. for which all oilier methods fail in 
an absolute sense. 

Moments in crystals. In crystals that have ionic 
species in very dilute concentration, the paramag- 
netic resonance absorption at low temperatures 
yields a structure composed of relatively narrow 
lilies and is relatively easy to observe. The situation 
in order of magnitude is very much like that for the 
free atom. The dilution referred to means that the 
ions are sufficiently removed from one another that 
they no longer effectively interact directly with one 
another. They are in homologous sites in the crystal 
lattice, so they behave alike in the power absorp- 
tion spectrum. The situation is more complicated 
in that the crystalline electric field, as a whole, is 
usually strong enough to compete with the spin- 
orbit coupling of the electrons In the ion, or even 
stronger, so that the energy-level classification of 
the ion is more complicated than if it were free. 
Nevertheless, there are often well-separated elec- 
tronic ground states that have a remaining degen- 
eracy (usually two-fold) that corresponds to the 
2] + 1 degenerate states of a free ion. This de- 
generacy can be partially removed by the hyperfine 
splitting caused by the interaction of the nuclear 


moments with the fields due to the ion. A different 
between this and the atomic case is that the nucleus 
can also interact with the crystalline electric fields 
via its quadrupole moment. This method of p ara 
magnetic resonance in crystals has been very j !n . 
portant for the measurement of spins and moments 
of rare species because of it** great sensitivity. 

As in the free atom, the coefficients of /<. and Q 
in the interaction energies that are observed in 
volve averages of r :{ over the ion with respect to tin* 
electron distribution. This important quantity i n 
the ease of the atom, molecule, or crystal yields 
valuable information on the nature of the bonding. 
There are gases such as N L > and 0 L . which are ■ n ! 
in their ground states. The electronic angular 
momentum couples to the nuclear moments to yield 
a hyperfine structure, which has also been observed 
hv paramagnetic resonance. 

Measurement of nuclear moments. The meas. 

urernent of nuclear moments can he made in the 
physical situations described in the foregoing pan- 
graphs hv a wide variety of methods. An external 
magnetic field can he applied that interacts direrth 
with the electronic moment, if it exists, and w ith 
the nuclear moment, and this removes the 2 F * 1 
degeneracy that remains in each of the hyperfine 
structure terms. In paramagnetic resonance in 
crystals and gases, in atomic beams, and in re 
lated methods, the magnetic momeftts are most 
often inferred from ratios of the magnetic hvpci- 
fine constant a with respect to some known and 
calibrated isotope. The direct interaction of the 
nuclear moment with the external field can he ob- 
served. hut it is a relatively small term and the 
accuracy may he limited. If no isotope of the same 
material has a known nuclear g factor and a known 
hyperfine constant a. the direct nuclear interaction 
must he observed or the atomic* fields must hr 
calculated. The latter procedure is fraught with 
considerable uncertaintv. Microwave electric dipolr 
absorption in gaseous molecules yields excellent 
values of quadrupole interactions, as do para- 
magnetic resonance in crystals and atomic beams. 
Ollier methods are molecular beams using magnetic 
resonance and magnetic focusing or electric reso- 
nance and electric focusing. There is no diiert 
method for observing quadrupole moments, and so 
the couplings with internal atomic, molecular, and 
crystalline fields must he interpreted. In general, 
the results arc somewhat uncertain except for the 
case of the 1 deuteron. 

Nuclear resonance ; molecular beams. The nu- 
clear magnetic moment can he measured by nuclear 
magnetic resonance in solids, liquids, and gases, 
and by molecular beams. If the situation in each 
case is that the internal magnetic fields and deriva- 
tives of the electric fields of the nearby electron* 
are quenched because of pairing of the electrons, 
the interaction of the nuclear magnetic moment 
with the external field is dominant. Since the 
nucleus has an angular momentum and suffers a 
torque because of the effect of the magnetic field 
on the moment, it will precess about the field at a 
constant frequency. If an rf magnetic field is »P“ 



plied at this frequency, power will he absorbed 
J,v this processing magnet and it will change its 
inclination. The interaction energy is, from Eq. 
fli, 

W = —gifisHI? - —gi/AxHmi (9) 

where nn is the quantum number for / : , and since 
the rule of combination is A mi = ±1, the fre- 
quency for transitions is 

/ = gi/i \H/h (10) 

The molecular beam apparatus is designed to 
delect the change in orientation, while the nuc lear 
magnetic resonance apparatus is a bridge circuit 
designed to detect the absorbed power. The fre- 
quencies for fields of 5000 gauss arc about 5 Me 
-ee. The field c an be calibrated in a variety of ways, 
hut it has become standard to use the* resonance of 
the proton. Very careful absolute determinations 
<d the g factor for the proton have been made, and 
great accuracy is attainable by this method. Sensi- 
tnilirs of 1 part in 10 s are possible under optimum 
riieumstanees. The atomic, beam method is a vari- 
ant in that essentially the unpaiied electron is 
Hipped, and its change in orientation i* detected by 
noting the change of trajectory of the atom in an 
inhomogeneous magnetic field. This i- similar to 
the nuclear reorientation detec tion ut the molecular 
beam apparatus. By virtue of hyperfine interar- 
lioos such as those of Kqs. (7) and (8), the fre- 
quencies for these transitions are modified, and the 
• urM mils a and b are measured. For Cs l,; , the 
constant a has been measured to parts in 10 10 
1 <i - 2,298, 157,943 ± 5 cps) and is being used as 
•i lime standard. .Sec Atomic < lock ; Electric ai. 

x I VM)\KI>s. 

8<»tli the molecular beam technique and the 
nuclear resonance tec hnique are used to measure 
qnadrupole interactions, when these are present in 
s uilicien! magnitude. In both eases, the qnadrupole 
interactions are represented by a broadening of the 
resonance line above* the natural widths and a 
definite structure which is characterized bv the 
specific value of the nuclear spin. It i^ possible to 
observe a resonance associated with energy differ- 
ern es as a result of qnadrupole interactions alone 
m zero magnetic field. In that case, the term pure 
qnadrupole resonance is used. 

Paramagnetic resonance. This U observed in 
rr '*tals by placing the crystal in a cavity, which is 
pail of a resonant circuit, and measuring ihe power 
absorption as an external field is varied through the 
resonances while the frequency is held constant. 
^ ,ru ’ e « basically, a magnetic moment of the order 
°f a Bohr magneton is involved in the transition, 
the method i** far more sensitive in terms of num- 
her of atoms than is the nuclear resonance method, 
‘he experiments must he conducted in cryostats 
'Operating at temperatures in the range of that of 
J quid helium. This is primarily necessary to give 
relaxation times that are long enough to result in 
Harrow lines for reasonable precision. A secondary 
Purpose is to supply a large difference in popula- 
ll °ti between levels and thus enhance the signal. 
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This temperature effect on the signal is, of course, 
common to all methods that detect by power ab- 
sorption. 

Microwave spectroscopy. In gases, microwave 
spectroscopy is performed by observation of the 
attenuation of a signal propagated in a wave guide 
containing the absorber at low pressures. The 
observations are usually the electric dipole transi- 
tions between the different rotational states of the 
molecules. These states are about 20,000 Me /sec 
apart, and each level is split by qnadrupole hyper- 
fine interactions of the order of 100 Me /sec. As a 
result, a complex pattern of lines will be observed 
as the frequency is varied. The lines are quite 
sharp, and very precise qnadrupole couplings are 
obtained, as well as precise information on rota- 
tional and vibrational constant** of the molecule as 
a whole, and also on nuclear spin. 

Optical spectroscopy. In the visible and ultra- 
violet. optical spectroscopy continues to be a pro- 
lific source of information on the spins and hy- 
perfme couplings of elements. The effect is the 
splitting of spectral terms by the hyperfine inter- 
actions of Kqs. (6) and (8). It has special value 
because of the variety of states other than the 
atomic ground state which can be studied and the 
possibility of using different states of ionization of 
the atom. The interpretation is complicated bv the 
relativelv poor resolution and the effect of the 
isotope shift. This is an absolute shift in levels 
between different isotopes because of the slightly 
different nuclear radii and chaige distributions 
( see I soto PE SHir r ) . Optical spectroscopy has a 
special advantage over other methods in that the 
intensity pattern of the lines often yields the sign 
of the intera* lion constant a. Sec Electron para- 
magnetic resonance spectroscopy; Magnetic 
relaxation; Magnetic resonant*; Microwave 
spe< troscopy ; Molecular reams; Molecular 

MRUCn RL VXD SPECTRA; Nlll LEAR STRUCTURE. 
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Nuclear physics 

Nuclear physics can lie divided into two classifi- 
cations, low-energy and high-energy. The first vari- 
ety is concerned primarily with the arrangement 
of the protons and neutrons within the atomic nu- 
cleus, and with the nature of the forces between 
these nuclear particles. Low-energy means several 
million electron volts (Mev), because the excited 
states of nuclei range up to 20 Mev. and the bind- 
ing energy per nuclear particle is about 8 Mev. In 
high-energy nuclear physics, on the other hand, 
particle energies of hundreds of Mev or even sev- 
eral billion electron volts (Bev) are used to pro- 
duce mesons and so-called strange particles. The 



194 NucUar power 

interactions of these elementary particles are then 
studied. Cosmic rays fall into the high-energy clas- 
sification, because the primary cosmic rays are 
largely protons with energies of many Bev. 

The rapid growth of nuclear physics has come 
about because of the possibility of tremendous 
technical exploitation. Experimentalists have built 
a great variety of particle detectors, uranium- 
fueled reactors, and particle accelerators ranging 
up to the huge 25- Bev proton synchrotrons. Theo- 
rists have us their goals improvements in the 
knowledge of nuclear forces, a comprehensive the- 
ory of nuclear structure, and a satisfactory gener- 
alized field theory. See Elementary particle and 
the articles listed therein; see also Cosmic hays; 
Fission, nuclear; Fusion, nuclear: Isotope; 
Nuclear chemistry; Nuclear moments; Nuclear 
reaction: Nuclear structure; Particle accel- 
erator; Particle detector; Radioactivity; Re- 
actor, NIK LEAR; SCA’ITKKINC EXPERIMENTS, NU- 
CLEAR. | W. W. WATSON ] 

Nuclear power 

Power (or energy) derived from the fission (split- 
ting) of the nuelei of heavy elements such as ura- 
nium, or the fusion of light elements surh as deu- 
terium or tritium. The amount of energy released 
per atom in fission and fusion reactions exceeds 
the amount for combustion reactions by factors of 
several millions. The fission of 1 lb of nuclear fuel, 
for example, liberates an amount of energy equiva- 
lent to that produc ed in the combustion of about 5 
million lb of eoal. The fission and fusion reactions 
also differ from normal combustion reactions in 
that they can take place at much higher tempera- 
tures and in much shorter times, they require no 
oxidants, and finally, they release ionizing radia- 
tions and generate radioactive by-products. See 
Energy sources; Fission, nuclear: Fusion, nu- 
clear; Nuclear radiation. 

Advantages of nuclear power. The unique as- 
pects of the fission process make nuclear power 
particularly attractive for specialized applications 
such as submarine propulsion, space power sources, 
and unattended remote power stations. The main 
advantage of nuclear power, however, is that nu- 
clear fuels are a cheaper, more abundant source of 
energy than conventional fuels. Although esti- 
mated resources of low-eost uranium ($5 10 lb) 
comprise an energy source no greater than that of 
coal, higher-cost sources of nuclear fuel are rela- 
tively inexhaustible. Certain granite rocks, for ex- 
ample, contain about 30-60 ppm of uranium 
and/or thorium. Even at this low concentration, 
the nuclear fuel in each ton of rock would yield an 
energy equivalent to that of 30 to 60 tons of coal, 
depending on the efficiency of recovery and fuel 
utilization. Entire mountains of such granites exist 
comprising an energy source sufficient for several 
thousands ol years. When these are consumed, even 
the earth’s crust, containing on the order of 10 ppm 
of nuclear fuel, can be considered a potential 
source of energy. Problems associated with the 
conversion of such low-grade sources into cheap 


electricity remain to be solved; however, there i s 
no inherent reason why these problems cannot h 
solved. 

Similarly, deuterium can be recovered from sea 
water and, when controlled fusion is a reality, en 
ergy can be released and utilized in a thermo, 
nuclear reactor. Thus, both rocks and the ocean 
represent a limitless source of nuclear energy. 

Disadvantages of nuclear power. Unlike the 
combustion of fossil fuels, the extraction of enei^y 
from nuclear fuels involves a large number of corn- 
plicated chemical and metallurgical operations and 
must be carried out before the nuclear fuel can hr 
used in a nuclear reactor. This reactor must In- 
designed to do many tilings such as control tin- 
reaction rate, remove the heat efficiently, utilize 
excess neutrons for new fuel production, and pre- 
vent the generated radiation from escaping. Be. 
cause of these varied functions, the designer of a 
reactor must simultaneously consider a variety of 
nuclear, engineering, safety, and economic factors 
Many of these factors cun only he established l>v 
experiment and through the construction and 
operation of a large number of prototype reactors 
See Realtor, nik leak. 

The development of a controlled thermomiclcai 
reaction, necessary for the utilization of fusion 
luels, is more difficult technically than the develop- 
ment of fission power. It involves containing an 
ionized gas (plasma) at temperature's above 1 (Hi 
million degrees in a magnetic field for a time Ion*: 
enough for a sell-sustaining reaction to take plan* 
Considerable advances in current lechnologv will 
he required merely to establish the technical fc;M 
hi lit v of fusion power. .See Pinch effect. 

Power generation. The heat generated in nuclear 
fuel elements and subsequently transferred to i\ 
coolant can he recovered by using the coolant to 
produce steam (indirect cycle) or as the working 
fluid for driving a turbine (direct cycle). These 
cycles are depicted schematically in Fig. 1. Ho* 
direct cycle is shown by solid lines and the indirer! 
cycle by dotted lines. The direct cycle is usualh 
assoc iated with the use of boiling water as the 
coolant ; the indirect cycle is most applicable to 
gas-cooled, water-cooled, and liquid-metal-co« dol 
reactors. The direct cycle has the advantage of a 
higher thermal efficiency for a given coolant pre^- 
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Mire; however, in such a cycle, power generation 
equipment must be shielded to protect against pos- 
sible radioactive products in the steam. In the case 
of the indirect cycle, the steam generator tubes 
a( t as a barrier against such radioactivity. Both 
the indirect and direct cycles are used in large 
.,alc nuclear power plants and because of their 
illative advantages and disadvantages are econom- 
ically competitive with one another. 

for the most efficient utilization of the reactor- 
jjiodwed heat, coolant outlet temperatures should 
he as high as possible. Water-cooled reactors, 
therefore, are operated at as high a pressure as is 
feasible. Gas cooled reactors are also operated at 
high pressure in order to reduce pumping power, 
biquid-metal and organic coolants, because of 
their low vapor pressures, are limited only by the 
permissible operating temperature of fuel, mate- 
rial-, or structural metals in the system. In general, 
water-cooled reactors produce steam in the range 
of f>0()°F -600 1000 psi compared to 1050°F/2000 
psi achieved in modern coal-fired plants. Allhough 
noiUKpienus coolants can produce high quality 
comparable to that of coal-fired plants, the produc- 
tion of cheat) electricity from nuclear power does 
no! depend solely on thermal efficiency. Optimum 
team temperatures and pressures, therefore, vary 
with each type of reactor and. in some cases, are 
i onsideralily lower than in conventional plants. 

Central-station electrical plants. Factors influ- 
encing power costs which must be considered in 
•lie design of reactors for central-station power 
production are (1) thermal efficiency, (2) neutron 
ffunoiny. that is, the efficient use of excess neu- 
trons to produce by-product fissile material, and 
1 ■»> the amount of power that can be extracted per 
unit of core volume and per unit of investment in 
fuel and other costly nuclear materials. These 
factors vary in importance with type of reactor 
l ’ os t of nuclear fuel, cost, of fuel process steps, and 
annual charges on fuel investment. Thus, the rela- 
te importance of any one factor depends on the 
economic environment of each individual situation. 

Hie types of reactors currently sold in the 
United States for commercial power production 
pressurized or boiling H 2 O as the coolant and 
moderator. Advanced converters being proposed to 
reduce power costs further, and/or improve fuel 
utilization, include gas-cooled or sodium-cooled, 
graphite moderated; heavy-water-moderated, 
‘ :, °b*d with D 2 O, boiling water, or organic ; and 
modified light water systems (spectral shift con- 
[rul. thorium-fueled seed blanket). Longer range 
rj feeders such as a sodium-cooled fast breeder and 
? m °hen fluoride salt thermal breeder are also be- 
,n 8 developed. For a discussion of reactor types, 
Si ' r Kkactok, nuclear (classification). 

Economics of central station power. The cost of 
Producing electricity in a nuclear power station is 
made up G f the sum of (1) annual charges for 
tax e$, depreciation, and return on investment on 
1 apital investment in plant and nuclear fuel, (2) 
Ue l cycle charges including fuel fabrication, 
cranium consumption, spent fuel shipping, and 
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fuel reprocessing, and (3) operating labor, main- 
tenance, and insurance costs. Costs of a central- 
station nuclear plant depend mainly on its type 
and size. Small water-cooled and water-moderated 
plants, for example, with a capacity of about 
20,000 heat kilowatts (kw), cost on the order of $10 
million compared to about $7 million for the same 
size coal- or oil-burning plant. In this capacity 
range, therefore, conventional fuel costs would 
have to be 3 mills/kilowatt-hour (kwhr) [25tf per 
million BtuJ higher than nuclear fuel costs for nu- 
clear plants to he competitive. Small nuclear 
plants, therefore, are likely to be competitive with 
fossil-fueled plants only in situations where fuel 
transportation costs are very high. 

Unit capital costs of nuclear plants in the capac- 
ity range of 300,000 electrical kilowatts (kwe) 
to 1,000.000 kwe, on the other hand, fall in the 
range of $110-160/kwe depending on type of plant, 
size, and location. These costs are only $10-30 per 
kwe higher than comparable coal-fired plants; 
therefore, nuclear fuel costs must only be 0.2-0.6 
mills/kwhr cheaper than coal or oil for such plants 
to be competitive. 

Nuclear fuel costs depend on the sum of costs of 
all operations associated with the fuel cycle, as 
shown in Fig. 2, and on the total number of kilo- 
watt hours of electricity that are produced from a 
given hatch of fuel before it must he replaced. Fuel 
costs in a nuclear plant, therefore, are a function 
of the cost of fissionable material in fresh fuel 
minus its value in spent fuel, the cost of fabricat- 
ing fuel elements and recovering unburned fuels, 
miscellaneous costs | ( ,r storage, shipping of new 
and spent fuel elements, and unrecoverable fuel 
losses during processing. To these costs must be 
added fuel inventoiy charges and other fixed 
charges associated with fuel cycle operations. Cur- 
rently, uranium is leased from the Atomic Energy 
Commission (AEC) for per year because 

the 1954 Atomic Energy Act does not permit pri- 
vate ownership of nuclear fuel; however, after 
1970 reactor operators will have to purchase, 
rather than lease, nuclear fuel, Under such condi- 
tions. annual fuel cycle fixed charges w r ould amount 
to 10-12% of the total investment in uranium, spe- 
cial nuclear materials such as D 2 O, and fuel fabri 
cation. Although these so-called “working capital” 
costs are part of the total plant investment costs, 
because of their close relation to the fuel cycle 
they are usually listed with fuel cycle costs. 

Nuclear power costs. Estimated nuclear power 
costs in typical large-scale water-cooled and water- 
moderated nuclear plants are summarized in the 
table as a basis for indicating the “competitive- 
ness” of nuclear and coal-fired plants. It is seen 
that nuclear plants placed in service in 1966 can 
compete with conventional plants burning $8.50- 
per-ton coal or equivalent. The average cost of coal 
to utilities in the United States is currently about 
$7.10 per ton; therefore, near term nuclear power 
is only competitive in higher fuel cost areas (New 
England, Pacific Coast). By 1970 , however, large- 
scale nuclear plants should be competitive in 
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hexafluoride 


CUD 

radioactive wattes, 
underground storage 


Fig. 2. Operations associated with nuclear power 
plant. ( From M. Benedict and T. Pigford, Nuclear 
Chemical Engineering , McGraw-Hill, 1957) 

average 1 fuel cost areas and l>y 1980 competitive 
almost everywhere in the United States. In certain 
favorable situations, moreover, nuclear power costs 
may he only two-thirds of the costs given in the 
table. 

Power plants for propulsion. The design of re- 
actors for propulsion of ship*, planes, and lockets 
involves a consideration of performance (measured 
in terms of power output per unit of weight or 
volume) as well as costs. Because the nuclear 
power unit requires no fuel other than that initiallv 
in the reactor, the attractiveness of nuclear propul- 
sion depends on the size and cost of the reactor 
relative to the si/.e, cost, and amount of fuel that 

Estimated power costs in typical 500,000 kwe water- 
moderated nuclear plants in the United States* 


Year nuclear plant 
placed in service 



1906 

1970 

1975 

i 980 

Capital cost, $/kwc 

159 

I t(> 

133 

125 

Power cost, mills/kwbr 

Annual fixed charges* 

3.2 

2.9 

2 7 

2.5 

Fuel cycle costs 

1.9 

1.3 

1.1 

1.0 

Operation, maintenance, and 
insurance 

«.r» 

0.4 

0.4 

0.3 

Total 

36 

1.8 

4.2 

3.8 

Conventional plant eost, $/Kwc 

129 

123 

117 

110 

Tlierma* ellicieney, % 

40 

41 

43 

16 

Compel it ive coal cost, $/lon 

8.23 

6.30 

5.00 

4.25 


* From A EC Beport to the President, November, 1962. 

* At l 1% and 7000 hr operution per year. 


must he carried by the conventional sWem. Thu- 
nuclear propulsion appears to have an advantafu 
whrif' the size of the power unit i* the dominant 
factor or when the combination of high speed-* am! 
long ranges makes conventional fueling too cosih 

.See Niaj.r.xH m licit ait imuhmcmon: Nui.mi; 
itorkiT: Rkactoii snir propulsion. 

Miscellaneous reactor applications. The heat 

radiations, and radioactive by-products ol the fu- 
sion process can he utilized in a number of way* in 
addition to generating electricity or power. 1h»- 
waste steam from a nuclear power plant, for rv 
ample, ran he used to evaporate sea water to pro- 
duce fresh water. Such dual-purpose plants an* 
being considered seriously throughout the world. 
The ionizing radiations emitted during fission can 
also he used in special eases as a means of prochn- 
ing chemicals. Reactor-produced radioactive iso- 
topes and fission products, moreover, can he used 
in many ways, such as for small remote power 
sources, for sterilizing foods, for producing bio- 
degradable detergents, or for polymerizing certain 
ehemieals. It is estimated that about an annual 
SI 00 million worth of radioisotopes will he us-ed 
for these purposes bv the early 1970s. 

fj. A. I.AN'j’i 

Bibliography: C. F. Bonilla (ed.). Nuclear hn- 
ginrering, 1957; H. Etherington (ed.). Nuclei 
Engineering Handbook , 1958; S. Glasstone a,1( 
A. Sesonske, Nuclear Reactor Engineering , 1^ : 
D. R. Hoisington, Nucleonics Fundamentals , 195 1 )- 
R. L. Murray. Introduction to Nuclear Engines 
ing , 1954; R. Stephenson, Introduction to Nuclei 
Engineering , 2d ed., 1958. 



Nuclear radiation 

A term used to denote all the particles and radia- 
tion* which emanate from the atomic nucleus as a 
result of radioactive decay and nuclear reactions. 
The term was originally used to denote only the 
ionizing radiations observed from naturally radio- 
active materials. These were «-rays (high-speed 
helium nuclei), /?-ray* (negative electrons or nega- 
froiis). and y-rays (electromagnetic radiation of 
much shorter wavelength than visible lighi ) . 

The distinction between nuclear radiations and 
others with similar physical properties lies in 
whether a nuclear process is involved in their pro- 
duction. Thus, although y-rays and x-rays are both 
electromagnetic radiations and. for the same wave- 
length, are not distinguishable physically, one 
(v-radiation ) is emitted as a result of a rearrange- 
ment of protons and neutrons within the nucleus, 
while the other (x-rays) results from rearrange- 
ment of electrons outside the nucleus. 

In addition to o-, /?-, and y-rays, other commonly 
encountered nuclear radiations are positively 
charged electrons (positrons), protons, and neu- 
trons. Another radioactive decay product is the 
m uhino; it is not ordinarily considered as nuclear 
ladiation, since its interaction with matter is \crv 
slight. Nuclear reactors are excellent sources of 
riruli inos. See W.I’thino; Ntui.i-.AR reaction. 

| \v. \v. mluim.r] 

Nuclear radiation (biology) 

Nik lear radiations are used in biology because of 
their common property of ionizing matter. This 
makes their detection relatively simple, or makes 
possible the production of biological effects in any 
living cell. Nuclear radiations originate in atomic 
nuclei, either spontaneously, as in radioactive sub- 
stances, or through interactions with neutrons, 
photons, and so on. Gamma radiation originate, in 
atornie nuclei and constitutes one kind of nuclear 
radiation, blit it is otherwise indistinguishable in 
its effects from x-radiation produced by extra- 
mu lear reactions. Because x-rays have been readily 
available for many years, they have been used 
more extensively in biology and medicine than 
y-rays. Therefore, x-rays must be included in anv 
discussion of the biological and medical uses of 
nuclear radiations. See Gamma rays: Neutron; 
Photon; X-ray (s), physic: ai. nature of. 

Ionizing radiation, Ionizing radiation is any elec- 
tromagnetic or particulate radiation capable of 
producing ions, directly or indirectly, in its passage 
through matter. 

Electromagnetic radiations. X-rays and ^ rays 
are electromagnetic radiations, traveling at the 
speed of light as packages of energy called pho- 
ton*. They ionize indirectly by first ejecting elec- 
trons at high speed from the atoms with which they 
interact; these secondary electrons then produce 
m °«t of the ionization associated with the primary 

radiation. 

Particulate radiation. Fast neutrons are particu- 
radiation consisting of nuclear particles of 
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mass number 1 and zero charge, traveling at high 
speed. They ionize indirectly, largely by setting in 
motion charged particles from the atomic nuclei 
with which they collide. Slow or thermal neutrons 
ionize indirectly by interacting with nuclei, in a 
process known as neutron capture, to produce 
ionizing radiation. 

Alpha rays are particulate radiation consisting 
of helium nuclei traveling at high speed. Since they 
are charged particles, they ionize directly. Alpha 
particles are emitted spontaneously by some radio- 
active nuclides or may result from neutron capture; 
for example, neutron capture by boron-10 produces 
litbiuiu-7 and an o-partiele. The energy of or-par- 
ticles emitted by radioactive substances is of the 
order of a few million electron volts (Mev). but 
a-particles of very much higher energy may be 
produced in cyclotrons or other particle accelera- 
tors from helium-ion beams. With such machines, 
other ionizing particles of very high energy, such as 
protons, deutcrons, and so on, may also he pro- 
duced. .Sec Alpha rays. 

Beta rays are particulate radiation consisting of 
electrons or positrons emitted from a nucleus 
during /?-deca> and traveling at high speed. Since 
they are charged particles, that is, — or 4, they 
ionize directly. FJcctron beams of very high energy 
may he produced by high-voltage accelerators, hut 
in that case they are not called /?- rays. A pair con- 
sisting of one electron and one positron may be 
formed by one high-energy (1022-mev) photon 
when it traverses a strong electric field, such as 
that surrounding a nucleus or an electron. Sub- 
sequently, the positron and another electron react, 
ami their mass is transformed into energy in the 
form of two photons traveling in opposite direc- 
tions. This is called the annihilation process and is 
the inverse of the pair-production process men- 
tioned previously. Ionizing radiations, such as pro- 
tons. deutcrons. o-pai tides, and neutrons, may he 
produced simultaneous! v by spallation when a very 
high-energy particle collides with an atom. Tn a 
photographic emulsion or in a cloud chamber, the 
ionizing particles originating from a common point 
foim stars. Srr Beta rays. 

Fission occurs in certain heavy nuclei spontane- 
ously or through interaction with neutrons, charged 
particles, or photons, and it results in the division 
of the nucleus into two approximately equal parts. 
These fission fragments are endowed with very 
large amounts of kinetic energy, carry large posi- 
tive charges, and produce very dense ionization in 
their short passage through matter. 

Primary cosmic rays probably consist of atomic 
nuclei, mainly protons, with extremely high ener- 
gies which interact with nuclei and electrons in the 
atmosphere and produce secondary cosmic rays, 
consisting mainly of mesons, protons, neutrons, 
elec trons, and photons of lower energy. See Meson ; 
Proton. 

All ionizing radiations produce biological 
changes (see Radiation biology), directly by 
ionization or excitation of the atoms in the mole- 
cules of biological entities, such as in chromo- 
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Somes, or indirectly by the formation of active 
radicals or deleterious agents, through ionization 
and excitation, in the medium surrounding the 
biological entities. Ionizing radiation, having high 
penetrating power, can reach the most vulnerable 
part of a cell, an organ, or a whole organism, and 
is thus very effective. In terms of the energy ab- 
sorbed per unit mass of a biological entity in which 
an effect is produced, some ionizing radiations are 
more effective than others. The relative biological 
effectiveness (RBE) depends in fact on the density 
of ionization (specific ionization or linear energy 
transfer, LET) along the path of the ionizing 
particle rather than on the nature of the particle. 
It depends also on many other factors. 

Use in medicine. The medical uses of nuclear 
radiations may be divided into three distinct 
classes : 

1. The radiations, which are principally x-rays, 
are used to study the anatomical configuration of 
body organs, usually for the purpose of detecting 
abnormalities as an aid in diagnosis. 

2. The radiations are used for therapeutic pur- 
poses to produce biological changes in such tissues 
as tumors. 

3. The radiations are used as a simple means of 

tracing a suitable radioactive substance through 
different steps in its course through the body, in 
the study of some particular physiological process. 
•See Radiology. [g* i’Aii.i.a 1 

Use in biological research. The radiations emit- 
ted by radioactive isotopes of the various elements 
are used in biological research. The mosl useful 
ones in biological research are the isotopes of the 
elements which are important in metabolism and in 
the structural materials of cells. These include car- 
bon, hydrogen, sulfur, and phosphorus. Unfortu- 
nately, nitrogen and oxygen do not have usable 
radioisotopes. Isotopes of calcium, iodine, potas- 
sium, sodium, iron, and a few others have more 
limited usefulness in biological research. Tn addi- 
tion. the radioactive metals like cobalt-60, radium, 
and others can be used to produce radiations for 
external application to cells and tissues. 

Most of the isotopes mentioned emit /3-particles 
when they decay, and a few emit y-rays. Therefore, 
they can be easily detected by various means. If the 
radiations emitted are highly penetrating, like 
y-rays and the high-energy /3-part ides from phos- 
phorus-32, the presence of the isotope may be 
detected with Geiger counters or scintillation 
counters applied to the surface of the biological 
material. Likewise, application of photographic 
emulsions to the surface or to cut surfaces of cells 
or tissues may serve to locate the isotope (see 
Autoradiography) . When the biological material 
may he broken down and destroyed, particular 
compounds or larger components of cells may be 
isolated, and the isotope determined by the various 
types of radiation detectors. These procedures are 
sometimes used in the study of the movement of 
elements or their compounds in plants and ani- 
mals. They are frequently used for tracing the 
sequence of reactions in metabolism. The great 


advantage of radioisotopes for such studies is that 
small amounts or concentrations may be readily 
detected and measured, either in the presence of 
other isotopes of the same element or when mixed 
with a variety of other elements. 

In addition to the radiations emitted, some of 
the elements change to a different element when 
they decay. Phosphorus-32 changes to sulfur; sul- 
fur-35 changes to chlorine; and tritium (hydro- 
gen-3) changes to helium when they decay by the 
emission of an electron, a ^-particle. Therefore, in 
addition to the radiation produced, the transmuta- 
tion of the element affects the molecule and ihe 
cell of which it is a part. Attempts have been made 
to evaluate the effects of the two factors by giving 
the fungus Neurospora the same amount of radia- 
tion, and by having' different proportions of the 
radioactive isotope incorporated into the molecules 
of the cells. This could he regulated by having the 
same concentration of the radioisotope in two cul- 
tures, but in one, the radiosulfur or radiophos- 
phorus was diluted greatly with the nonradioactive 
isotope. A difference in lethal effect could he 
demonstrated. 

In other experiments, the decav of phosphorus- 32 
has been used to give information on the nature 
and importance of the phosphorus-containing mole- 
cules to the survival or reproduction of a cell or 
virus particle. When bacterial viruses ^re allowed 
to grow in the presence of phosphate containing 
phosphorus-32, they incorporate the radioisotope 
into their genetic material, deoxyribonucleic acid 
(DNAtf. If these virus particles are then stored 
under conditions where no growth occurs, the decay 
of the radioisotope is very effective in inactivating 
the viruses. About 1 in 10 atoms which decav 
inactivates 1 virus particle. From such experi- 
ments. biologists are able to learn something about 
the importance of the molecule as well as some- 
thing of its size and possible organization. Similar 
experiments have been carried out with the cell® 
of ameba. hut the lethal effect was observed, not on 
the stored cells, hut on their offspring. From this 
experiment, deductions concerning the organiza- 
tion of genetic material and its mutability were 
drawn. See Dkoxyiubonuclkic acid. 

Nuclear radiations have also proven useful in 
many studies of the nature and the mechanisms 
of the effects of radiations on cells and cell con- 
stituents. The radiations with low penetrating 
power, for example, re-particles and low-energv 
/^-particles, can he most effective when an element 
which will emit the particles is placed inside the 
cells to be studied. Radon, which is a gas, can be 
used in this way for the production of re-particlea. 
Likewise, a variety of the heavy metals like tho- 
rium, uranium, and polonium emit re-particles. Vari- 
ous ^-emitters, such as phosphorus-32, carbon-14. 
sulfur-35, and tritium can also be used for produc- 
ing radiations inside the cell. One of the most 
interesting of this group is tritium which emits 
very soft /3-particles. Their maximum range is 6 ^ 
in water and about the same in tissues, but the 
average range is much less, about 1 ,u or the 
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diameter of a medium-sized cell. Tritium can be 
put into the cell as water or in many other com- 
pounds. Many of these are unselective and are 
equally distributed to all parts of the cell. How- 
ever, there is one substance, thymidine, which 
^selectively labels the DNA which is restricted to 
rhe cell nucleus. If the cell is a relatively large one 
rompared to its nuclear size, nearly all of the radia- 
tion will be absorbed by the nucleus, while the 
„thtr part of the cell is irradiated hardly at all. 
Experiments have shown that tritium given to cells 
in the form of tritium-thymidine is about 1000 
times as effective as tritium- water in producing 
radiation effects. See IIistoradiography; Scintil- 
I VI ION COUNTER. | J. II. TAYLOR.) 

Nuclear reaction 

\ reaction which is produced as a result of inter- 
,,,-1 ions between atomic nuclei when the interacting 
particles approach each other to within distances 
nf I he order of nuclear dimensions (10 cm). In 
the usual experimental situation, one of the inter- 
jeting particles, the target nucleus, is essentially 
at test, and the reaction is initiated by bombarding 
it with nuclear projectiles of some type. 

Means of producing reactions. Because of the 
intense electrostatic field produced by the nuclear 
rliarge, positively charged bomba) ding particles 
must have a large kinetic energy in order to over- 
man 1 the electrostatic (Coulomb) repulsion and 
■cadi the target nucleus. For this reason, the ions 
most commonly used are those of the isotopes of 
hwlrogen (protons, deuterons, and tritons) and 
helium (He :: and He*)- While for the lightest 
target nuclei, protons with kinetic energies of a few 
hundred thousand electron volts are sufficient to 
ra-i^e certain reactions, energies of 10-15 million 
electron volts (Mev) are required for heavy target 
nuclei. Beams of such energetic charged particle*, 
are provided by particle accelerators of various 
Ivpes (Van de Graaff generators, cyclotrons, linear 
accelerators, and so forth). For information on 
particle-beam production, see Particle accelera- 
tor. 

Siiitf'c neutrons are uncharged, they are not re- 
pelled by the electrostatic field of the target nu 
< lens, and neutron energies of only a fraction of an 
electron volt are sufficient to initiate nuclear re- 
aetions. Neutrons for reaction studies may be ob- 
tamed from nuclear reactors or from various nu- 
« lenr reactions. The interaction of electromagnetic 
1 filiation with nuclei may also lead to nuclear rc- 
a^tions. So-called photodisintegration may take 
place if the radiation has sufficient energy to cause 
the target nucleus to break up into two or more frag- 
ments. In a similar manner, high-energy electrons 
,na > T a lso cause nuclear disintegrations. Electromag- 
,let *° radiation and electrons, however, interact 
Wrongly with the atomic electrons surrounding the 
tclr Ret nucleus and are relatively less effective in 
fusing nuclear reactions than are nuclear particles 
su ^j as protons and neutrons. 

most common and most extensively studied 
factions are those which result in two products, 


one of which, the residual nucleus, is of nearly the 
same mass number and charge as the target nu- 
cleus, while the other product, the emitted par- 
ticle, is either a single nucleon (a proton or a neu- 
tron ) , or a small assembly of nucleons, such as an 
«- particle. If the bombarding energy is sufficiently 
high, a spallation reaction occurs in which three or 
more products may result. See Spallation reac- 
tion. 

Typical reactions. Four common types of nuclear 
reactions are observed when a layer of carbon-12 is 
bombarded with deuterons. Deuterons, protons, 
neutrons, and ^-particles are emitted, the following 
reactions being responsible: 

sC l * + ill 2 JP 4- 6 C 12 

^C»+ 1 H*-,H I + a C 11 

6 C 12 4- iH 2 -> on 1 4- 7 N 13 
sC 12 4- ill 2 -> 2 He 4 + 6 H 10 

These reactions are conventionally written as 
C ,2 (rf.rf')C 12 , C l2 (d,p)C l: \ C l2 (d,n)N ia , and 
C 12 (d,<r)B 10 , respectively. (The prime indicates a 
change in the kinetic energy of the deuteron.) In 
each case, the interaction of the incident particle 
with the target nucleus resuhs in the formation of 
a residual nucleus and an emitted particle. In the 
[tljl') reaction, in which the residual nucleus is 
the same as the target nucleus, the process is re- 
ferred to as scattering, either elastic or inelastic, 
depending upon whether the residual nucleus is 
left in its ground state or in one of its various 
excited states. 'Hie other three reactions lead to the 
production of a residual nucleus different from the 
target nucleus and are examples of nuclear dis- 
integrations or transmutations. In these cases, also, 
the residual nucleus may he formed in its ground 
slate or in one of its excited states. Tf the latter 
situation occurs, the residual nucleus will sub- 
sequently emit the excitation energy in the form of 
y-radiation or, occasionally, electrons. The residual 
nucleus may also he a radioactive species, as in the 
case of N 13 formed in the C 12 (d,rc) reaction. In 
this case, 1 He residual nucleus will undergo further 
transformations in accordance with its character- 
istic radioactive decay scheme. 

0 value. An important quantity for nuclear re- 
actions, the Q value, is defined as the difference be- 
tween the kinetic energy of the products and the 
kinetic energy of the original particles. It is the 
total kinetic energy released in a nuclear reaction. 
Reactions with a positive Q value are called 
exoergic or exothermic, while those with a negative 
Q are endoergic or endothermic. In the four reac- 
tions listed, for those cases where the residual nu- 
cleus is formed in its ground state, the Q values 
are: C 12 (<///') C™ Q = 0; C ,2 (</,p)C 13 , Q - 2.72 
Mev; C l2 (d,/i)N J \ Q = -0.28 Mev; 

= —1.39 Mev. For reactions with a negative (). 
a definite minimum energy, or threshold energy, 
is necessary for the reaction to take place. While 
there is no threshold energy for positive Q reac- 
tions, the yields of those reactions involving 
charged incident particles are quite low unless the 
bombarding energy is high enough to enable the 
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incident particle to overcome the repulsive electric 
field from the charge on the target nucleus. A nu- 
clear reaction and its inverse are reversible in the 
sense that their Q values are numerically equal 
but have opposite signs. Thus, the Q for the 
B 10 («*•'/ IC 1 - reaction is +1.39 Mev. 

Conservation laws. The probability that a partic- 
ular reaction will take place when an individual 
target nucleus interacts with an incident particle is 
a function of the bombarding energy, and the fac- 
tors which determine it are not completely under- 
stood. However, it has been found experimentally 
that certain physical quantities are conserved in 
all nuclear reactions, and these conservation laws 
restrict the reactions which may take place. Those 
quantities which are conserved are described in the 
following paragraphs. 

Charge. The total electric charge is always con- 
served. Except for high-energy reactions involving 
meson production, the total number of protons is 
also conserved. In the C ,, *(d,«)B ,w reaction, for 
example, there are seven protons involved in both 
the initial components and the final products of the 
reaction. 

Mass number. The total number of nucleons is al- 
ways the same both before and after the reaction. 
For each of the four reactions listed, 14 nucleons 
are involved. Since, except for reactions which re- 
sult in meson production, the number of protons is 
conserved, the number of neutrons is also constant 
at each stage in nuclear reactions. 

Energy. The total energy is conserved in all nu- 
clear reactions, although neither the kinetic nor 
the rest energies are separately conserved. The 
conservation of total energy is expressed in the re- 
lation 

TIL | C“ + T I + m t 2 ( ’^ + T‘2 “ + T\\ | 771 jC“ + T\ 

In this equation, the subscripts 1, 2. 3. and 4 refer 
to the incident particle, the target nucleus, the re- 
sidual nucleus, and the emitted particle, respec- 
tively. The m's represent the rest masses of the 
neutral atoms, the V s are their kinetic energies, 
and r is the velocity of light. In the common experi- 
mental situation, T» is so small as 1o he negligible. 
In this equation, the kinetic energies and the rest 
masses are usually expressed in units of millions of 
electron volts, the conversion factor between the 
two being 1 atomic mass unit famu) = 931.162 
Mcv. 

I /invar momentum. The total linear momentum 
is the same before and after any nuclear reaction. 
A consequence of this conservation law is that the 
threshold energy necessary to initiate an endoergic 
reaction is not numerically equal to the negative 
Q value, but is higher by the amount required to 
enable the final products to have a combined linear 
momentum equal to that brought into the reaction 
by the incident particle. The threshold energy of 
the C 12 (d t n ) N 1M reaction, for example, is 0.33 
Mev. 

Angular momentum. The total angular momen- 
tum in nuclear reactions is the sum of the angular 


momentum associated with the relative motion of 
the reaction components and their intrinsic angul ar 
momentum, or spin. This total is always conserved 

Parity. Experimental evidence shows that, i n 
most nuclear reactions, the total parity is the samp 
before and after the interaction. Since the parit\ 
associated with the wave function describing the 
motion of a particle is determined by the angular 
momentum quantum number / (the parity is even it 
/ is even and odd if / is odd), and since every nu- 
cleus in any one of its allowed states has either 
even or odd parity, this conservation law, together 
with that for angular momentum, acts to restrict 
those excited states of the residual nucleus whirl, 
can be formed by an incident particle of given 
angular momentum. See Pahity (quantum mk- 

CHANICS). 

Statistics. Since the total number of nucleon? iv 
conserved during a nuclear reaction, the statistic 
which govern the system are the same before. d;ir 
ing, and after the interaction; Fcrmi-D ; rac statis- 
tics are obeyed if the total number of nucleons h 
odd, and Bose-Einstein if the total number is even. 
See Quantum statistics. 

Reaction mechanisms. A number of mechanism- 
have been proposed to account for the observed fea- 
ture^ of nuclear reactions. While none have been 
completely successful, they provide means for cor 
relating and at least partially understanding m<in\ 
of the experimental facts. 7'he most generally used 
models for nuclear reactions are described here. 

Compound nucleus formation. According to ll+ 
point 1 ' of view, originally proposed by N. Bohr, a 
nuclear reaction is visualized as proceeding in two 
distinct steps. The incident particle and the target 
nucleus are assumed to combine to form a com- 
pound nucleus, which exists for a time (of the or- 
der of 10 10 sec) which is much longer than the 
approximately 10 ' ' sec that would he required foi 
the incident particle to pass through the target nu- 
cleus. The compound nucleus is always in a highh 
excited, unstable state and can subsequently dean 
into a number of differ ent products, or through a 
number of so-called exit channels. In the four ex- 
amples cited earlier, tN 11 is the compound nucleus 
formed by the amalgamation of a deuteron and 
r;C 1 ", and four possible decay modes or exit chan- 
nels are indicated. Two essential features of thi* 
hypothesis are that, during its relatively long lite- 
time, the compound nucleus “forgets” the particu- 
lar way in which it was formed, and that the en- 
ergy brought in by the incident particle is shared 
by all the nuclear constituents. The probability that 
a particular reaction will occur is, then, the pr°d' 
uct of the probability of forming the compound nu- 
cleus and the probability that it will decay through 
a particular exit channel. Experiments indicate 
that, for a given energy of excitation in the com- 
pound nucleus, this latter factor is independent of 
the manner in which the compound nucleus 
formed. In the case of N 14 , it can be formed b> 
C 1,1 + p or B 10 + a, as well as by C J2 + d. White 
certain features of various types of interactions 
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raiinot be completely explained on the compound 
nucleus hypothesis, if appears that this mechanism 
p| a >s some role in nearly all nuclear reactions. 

Direct interactions . Some reactions have proba- 
bilities or other properties which conflict with the 
piedictions of the compound nucleus hypothesis, 
and many are better explained on the assumption 
that the incident particle does not combine with the 
target nucleus as a whole, hut rather that it, or 
some component, interacts only with the surface 
or with some individual constituent. The entire 
process is completed in the time required for the 
bombarding particle to traverse the diameter of the 
target nucleus. Reactions in which the emitted par- 
ticles are of high energy and have angular distribu- 
tions favoring the forward direction tend to he of 

this l\pe. 

Tin* observed properties of most \d y p) and (t/,;/) 
reactions are consistent with the assumption that, 
in the pu.'suge of a deuteron near a target nu- 
cleus, the neutron and proton are separated because 
of the nuclear electric field and that only one or 
the other is captured, the other being “stripped olP 
to emerge as the emitted particle of the reaction. 
Tins mechanism was first proposed bv J. R. Oppen* 
heimer and M. Phillips to account for the relatively 
high pmhdhility of (c/,pj reactions. The inverse 
mum hanisin, in which an incident particle captures, 
«»r “picks up,” a particle from the target nucleus, 
.ippamiliy takes plan 1 in (p,r/) and (</,H ! ) rear- 
lions. Stripping and pickup reactions may he con- 
sidered as examples of direct interactions. 

Coulomb excitation. It is observed that, in the 
homhaidment of nuclei with protons, deuterons. and 
o-pai tides, inelastic scattering, resulting in exci- 
tation oi the target nucleus, occurs at bombarding 
‘•neigies so low that the probability of either direct 
interaction or compound nucleus formation is neg- 
ligible. This process is well explained by the i.s- 
^uuiption that the nuclei interact with the rapidly 
changing electric field caused by the passage of the 
< barged bombarding particle. 

Elastic scattering. This process leaves the quan- 
tum state of the scatterer unchanged. For charged 
bombarding particles with low energies, the elastic 
nuclear scattering is accurately described in terms 
°f the inverse-square force law between electric 
charges. In this case, the process is known as 
Rutherford scattering. For higher bombarding en- 
ergies. where the particle can come within the 
range of the various nuclear forces (approximately 
10 cm), the scattering deviates from predictions 
ba.^ed on the inverse-square law. In the case of ncu- 
trons. the elastic scattering is entirely due to the 
nuclear forces. For a discussion of nuclear forces, 
see Nuclear structure; see also Scattering ex- 

HEW ENTS, NUCLEAR. 

Nuclear cross sections. The cross section for a 
nuclear reaction is a measure of its probability. 
Consider a reaction initiated by a beam of particles 
bombarding a region which contains N atoms per 
unit area ( uniformly distributed ) and where / par- 
th*le$ per second striking the area result in K reac- 


tions of a particular type per second. This result 
can be expressed in terms of the fraction of the 
bombarded region which is effective in producing 
reaction products, R/I. If this is divided by the 
number of nuclei per unit area, the effective area 
or cross section per target nucleus is obtained. The 
cross section a = R/IN. This is referred to as the 
total cross section, since it involves all the disinte- 
gration products of the reaction. The dimensions 
are those of an area, and total cross sections are 
expressed in either square centimeters or in barns 
(1 barn = 10 Jl cm-). 

Types of reactions. Aside from clastic and ill- 
elastic scattering, the most common interactions 
initiated by the usual bombarding particles are dis- 
cussed in the following paragraphs. 

Proton-induced reactions. Capture reactions, in 
which the proton combines with the target nucleus 
to form a compound nucleus in an excited state, 
occur over a wide range of proton energies. If the 
compound nucleus decays to its ground state by 
the emission of a y-ray, the process is known as a 
(p,y) reaction. With higher proton energies, a 
(pji) reaction is possible. This always has a nega- 
tive () value and leads to a radioactive residua] nu- 
cleus. For many target nuclei, the (p,o) reaction 
has a high positive Q. bill the yields are low, ex- 
cept at high proton energies, because of the diffi- 
culty of the doubly charged n-particle in penetrat- 
ing the nuclear barrier. 

Dent cron-induced reactions. The (d.p). («?,/?), 
and id % a) reactions usually have positive Q values. 
Except for light nuclei, where the nuclear potential 
barrier is low, tin \ d,a) reactions have low proba- 
bilities. The (dji) reactions of deuterium, tritium, 
and beryllium are important as sources of neutrons. 
Both the (d.p) and (dji) reactions often lead to 
radioactive residual nuclei that are useful in vari- 
ous fields of investigation. 

Neutron-induced reactions. Neutron capture lead- 
ing to an [n, y) reaction is important for all stable 
nuclei, and occurs even with very low-energy neu- 
trons. With a given target nucleus, it yields the 
same final product as the (d y pi reaction. The cap- 
ture y-rays usually have maximum energies of 
about 8 Mev. This reaction is the source of many 
of the radioactive isotopes produced by nuclear re- 
actors. For high-energy neutrons, the (n,p) and 
( n,fv ) reac tions are also observed. In very heavy 
nuclei, neutron capture may lead to disintegration 
of the compound nucleus into two massive* frag- 
ments, with the release of large amounts of kinetic 
energy and several additional neutrons. For a dis- 
cussion of this phenomenon, see Fission, nuclear. 

Alpha-particle induced reactions. The (or.p) reac- 
tions of various light nuclei using the ^-particles 
from naturally occurring radioactive substances 
were the first examples of artificially produced nu- 
clear disintegrations. High a-particle energies are 
required for other than light nuclei because of the 
Coulomb barrier of the nucleus. At sufficiently high 
energies (about 30 Mev), («,p) and (a\n) reactions 
are observed, even for heavy nuclei. See Radioac- 
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tivity; Terrestrial nuclear reactions; see also 
Fusion, nuclear; Thermonuclear reaction. 

fw. w. buechner] 
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Nuclear rocket 

A type of thermal engine utilizing nuclear fission 
or fusion reactions to heat a working fluid for pro- 
pulsive purposes. 

The heat-transfer nuclear rocket employs fixed 
fuel elements containing uranium-235 or pluto- 
nium-239. Graphite, tungsten, and some of the car- 
hides make good rocket reactor core materials. 
Propellants like hydrogen, helium, or ammonia are 
pumped past the fuel elements and are heated, in 
concept, to temperatures as high as 6000° R. The 
hot gases are expanded through a nozzle to pro- 
duce thrust. Specific impulses up to 900 seconds 
are theoretically possible with high-pressure, high- 
thrust nuclear rockets. Chemically boosted nuclear 
stages using orbital and preorbital start-up are 
destined for early use, with thrust levels of 50.000- 
100,000 lh. Low-pressure (0.01 atm) hydrogen, 
heat-transfer rockets may attain specific impulses 
of approximately 1500 sec in outer space. 

The barrier problems of the heat-transfer nuclear 
rockets include the maintenance of fuel element in- 
tegrity at high temperatures for the engine life- 
time, release of radioactivity, complexity com- 
pared to chemical rockets, and cost of fissionable 
fuel and propellants. Ground tests of the Kiwi 
rocket engine have shown the feasibility of the 
basic concepts. The U.S. Atomic Energy Commis- 
sion and National Aeronautics and Space Ad- 
ministration are developing these rocket concepts 
as part of project Rover (see Nuclear aircraft 
propulsion; Specific impulse; Thrust). 

Consumable, controlled-explosion, or plasma- 
core nuclear rockets isolate the reactor core from 
the temperature-limited solid structure of the 
rocket by electromagnetic fields or fluid vortices. 
In this approach, the fission reaction occurs di- 
rectly in the working fluid, leading to propellant 
temperatures up to 100,000° R. Specific impulses 
may approach 2500 sec in theory. Thermal radia- 
tion to the solid structure, the loss of expensive 
unfissioned fuel, and the expulsion of radioactive 
fission products to the surroundings severely limit 
the potential of this type of rocket. Nuclear bomb 
propulsion utilizes the blast effects of small, re- 
peated atomic explosions to propel space vehicles. 
High instantaneous accelerations, loss of fission- 
able fuel, and radiobiological hazards are serious 
problems for this propulsion system. 

Thermonuclear rockets use the fusion reactions 
to heat a working fluid. Deuterium, tritium, and 
lithium are possible fuels. In conceptual designs 



Engine-system schematic for nuclear rocket shows Hy- 
drogen flow path from storage tank to exhaust nozzle. 
Also shown are control systems for turbopump, thrust, 
and temperature. (From J. E. Perry, Jr. and R. R- 
Mohler , Nuclear rocket engine control. Nucleonics , 
19(4):80—84, 1961) 


the high-temperature (10 8 °K) reaction is confined 
by electromagnetic fields. Heat is transferred to 
the surrounding propellant by thermal radiation 
and high-energy neutrons. However, the problem of 
containing the high-temperature plasma has not yet 
been solved. See Plasma physics ; Propulsion. 

[w. r. corliss 1 


Nuclear spectra 

Energy or momentum analyses of the radiations 
emitted by atomic nuclei: also, the graphical dis- 









plays of from devices used to measure these 

radiations. , , 

Radiations can occur when the total energy of 
a nucleus is higher than that of a different nuclear 
^figuration to which a transition can take place 
Nuclear radiation). The transition event is 
accompanied by the emission of the radiation, 
which not only removes energy but can also take 
awa y angular momentum and change the mass, 
charge, and parity (or symmetry characteristic) of 
the nucleus. See Nuclear structure; Parity 
{quantum mechanics) ; SriN (quantum me- 

( HAN ICS ) . 

From experimental determinations of the type of 
radiation, its energy, and the associated angular 
momentum and parity changes, information can be 
gained about the static and dynamic properties of 
the initial and final configurations, or states. It is 
primarily the characteristics of the states (rather 
than the nature of the radiations themselves ) that 
are sought, in order to understand the structure of 
the nucleus and the forces between nucleons. 

A spectrum is made up of points which represent 
the relative intensity (along the ordinate) observed 
at various values of either momentum or energy 
(along the abscissa). While the abscissa is almost 
alwavs a linear scale, the ordinate may be either a 
linear or a logarithmic scale. A smooth curve is 
drawn to best fit the points. Such a curve may have 
identifiable peaks, also commonly called lines; it 
mav display a continuous distribution; or both of 
tli**se features may be present. A line’s energy or 
momentum value is related to the abscissa scale 
according either to the central position of the peak 
or to the point of intersection of the high-energy 
edge with a reference base line under the peak. 
Other characteristics of a line include the net area 
under the peak, which is proportional to the in- 
tensity of the corresponding radiation, and tlu* 
full width at half maximum, a measure of the ef 
fective resolution. The latter may he expressed as 
a percentage of the energy or momentum position 

the line. A continuous spectrum has an end point 
corresponding to the energy change of the Lransi- 
tlon « and it often has a definite shape that is re- 
lated to the characteristics of the radiation. 

Some unstuble nuclei occur in nature, hut more 
often in modern low-energy nuclear physics re- 
search. unstable nuclei are produced by nuclear 
reactions (see Isotope; Nuclear reaction). Both 
tip* type of radiation and its energy depend on the 
unclear states available for a transition. The vari- 
0,,s types of nuclear spectra and some of their 
characteristics are described below. 

Beta-ray spectrum. Beta rays are electrons 
emitted by a nucleus of atomic number Z which, 
although in its ground state, is unstable with 
respect to one of its neighbors of charge Z + 1 or 
The emission consists of a negative electron 
to the Z -f 1 nucleus or a positive electron (posi- 
| r, m ) to the Z -— 1 nucleus, and the transition can 
fl ke place to either the ground state of the Z + 1 
°r 4 — ] daughter nucleus or to one of the excited 
states of the daughter nucleus. Only very rarely 
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does it happen that negative and positive electron 
emission are both possible as decay modes. Beta- 
ray emission is the only one of the various types of 
nuclear spectra in which the total energy of the 
observable particle (s) is a continuum. Even though 
the total energy of a )8-r ay transition is a fixed 
quantity, the /?-ray can emerge with any energy 
from zero up to the maximum transition energy. 
The balance of the energy is taken away by the 
neutrino, a particle that is emitted simultaneously, 
has neither charge nor mass, and is exceedingly 
difficult to detect. Because of the sharing of energy 
between the /?-ray and the neutrino in a statistical 
manner, the spectrum of /?- ray intensity plotted 
versus energy has a hell shape with a broad maxi- 
mum at somewhat less than half the maximum 
energy. The analysis of a /?-ray spectrum is carried 
out by making a Fermi-Kurie plot. For a so-called 
allowed /?- ray transition, the Fermi-Kurie plot 
converts the bell-shaped energy distribution into a 
straight line which intersects the abscissa at the 
end-point energy. Foi negative /?-ray emitters the 
end-point energy is equal to the energy difference 
between the two states, except for a nuclear recoil 
correction. The correction is usually negligible be- 
cause of the small mass of the /?- ray relative to the 
nucleus. An energy of 1.02 Mev must be added to 
the end point of a positron emitter in order to find 
the total transition energy. Any deviation of the 
experimental data from a straight-line Fermi-Kurie 
plot, if not caused by instrumental effects such as 
source thickness, is evidence that a /?-ray transi- 
tion is not of the allowed type. If the Fermi-Kurie 
plot is nonlinear, a range of correction factors is 
applied to find the one that exactly straightens it, 
to give the degree of “forbiddenness” of the 
transition. Whether a transition is allowed or for- 
bidden depends on the spins and parities of the 
two states connected by the /?-ray transition. See 
Beta hays. 

Alpha-particle spectrum. The emission of an 
a- particle (a particle identical to the nucleus of 
an ordinary mass-4 helium atom) can take place 
when the state of a nucleus of charge Z is unstable 
with respect to the state of a nucleus of charge 
Z — 2. Except for a few unusual examples in 
light nuclei, such as Be*, the emission of a-parti- 
cles from ground states occurs mostly in heavy ra- 
dioactive nuclei. 

On the other hand, when the excited state 
of a nucleus is far above the ground state; the 
emission of /v-particles can compete with other 
types of radiation over the entire periodic table. In 
order for an a- particle to emerge, it must overcome 
the Coulomb-charge potential barrier of the nu- 
cleus and a centrifugal barrier which depends on 
the associated spin change of the nucleus. Strict 
selection rules often govern the emission proba- 
bility. Alpha-particle spectra of radioactive nuclei 
in their ground states consist of lines whose 
energies are less than the corresponding transition 
energies by a non-negligible nuclear recoil cor- 
rection. When an a-particle line is observed in a 
nuclear reaction, the energy difference between 
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states is found from a calculation involving the Q 
value of the reaction. See Alpha hays. 

Other heavy-particle spectra. In addition to 
the ^-particle. many other types of heavy particles 
may be observed in the nuclear spectra of reac- 
tions. The most common ones are the proton, the 
neutron, the deuteron. the triton, and the helium-3 
nucleus, all of which appear as lines whose energies 
depend on the Q value of the reaction, the energy 
of the bombarding particle, the angle at which 
the observation is made, and the mas>cs of the in- 
cident and outgoing particles and of the residual 
nucleus. 

Gamma-ray spectra. C. amnia rays are emitted 
when a transition takes place from one excited 
state to a lower excited state in the same nucleus 
(see Gamma hays). Of the various types of nuclear 
radiation, y-ruys produce the least amount of nu- 
clear recoil . although in certain kinds of sensithe 
resonance scattering experiments the recoil energy 
shift is observable. Thus the y-ray energy i« almost 
exactly equal to the energy difference between the 
states. Aside from its energy, the multipole order of 
a y-rav transition is the most significant character- 
istic. since its determination can lead to informa- 
tion about tbe spins and parities of the two states 
connected bv the transition (.sec Mm. it pole radia- 
tion). When the spin change is large enough, the 
half-life of the initial state may he measurable. 
States connected bv such transitions are known as 
isomers (.see IsoMKRLSM. nuclear). Gamma-rav 
spectra are never detected directly but are meas- 
ured by observing alternate processes such as the 
internal conversion of orbital electrons, the emis- 
sion of a positron-electron nuclear pair, or the pro- 
duction of secondary electrons external to the nu- 
cleus (by the Compton effect, by photoelectric 
emission, or by positron-electron pair production). 
See Compton effect; Pair production (elec- 
tron-positron ) ; Photoelectricity ; see also 

M OSSH A l ! KK K F F EOT. 

Measurements of nuclear spectra are carried out 
with a wide variety of instruments, most of which 
fall into two general classes. Magnetic spectrome- 
ters are user! for determining the distribution of in- 
tensity versus momentum of /?-rays, of all types 
of charged heavy particles (protons, rv-particles, 
and so on), and of the electrons associated with 
y-ray transitions. Scintillation spectrometers are 
used for determining the distribution of intensity 
as a function of energy of these same particles. In 
addition, there are scintillators in use that can 
respond to y-rays or to neutrons by the interaction 
of these radiations with the scintillating material. 

ft). K. At. BfJRGF.R | 
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Nuclear structure 

The atomic nucleus is at the center of the atom and 
contains all except 0.0 2% of the mass of the atom. 
Its density is 4 X 10® tons/in. 3 , and its diameter is 
about 10" 12 cm. 


The nucleus is positively charged and balances 
the negative charge of the electrons of the atom 
thus making the atom as a whole neutral. The posi- 
tive charge resides on the Z protons (Z = atomir 
number) in the nucleus. The proton itself is 
nucleus of the lightest isotope of hydrogen (ordi- 
nary hydrogen, H 1 ). But the mass of most nuclei i* 
greater than the mass of the Z protons they contain 
by a factor of 2 or more. The difference is made n j, 
by neutrons. The neutron is a neutral particle 
which is 0.14 r ,r more massive than the proton. The 
total number of neutrons and protons in a nucleus 
is the mass number A. See Atomic structure ani> 
spectra : Electron ; Neutron ; Proton ; ? 

also Nik lear spectra. 

It was thought at one time that the nucleus got 
its mass from A protons but that it also contained 
A — Z electrons to diminish its positive charge to 
Z. This theory is now known to be incorrect for 
three reasons. 

1. If the nucleus contained electrons, they would 
have a momentum p which would he related to the 
nuclear radius R through the Heisenberg unm- 
tainty relation pR ~ h, where h i* Planck's con 
slant h divided by 2?r (.see Uncertainty prince 
ple). This momentum corresponds to an electron 
energy of about 20 Mev. However, there is no lorn- 
of any strength other than the Coulomb electro 
static attraction operating between proton- and 
electrons, and this is not nearly strong enough to 
hold within the small confines of the nucleus elec- 
trons of th is energy. 

2/ Protons and electrons have an intrinsic angu 
laV momentum (spin) of VJx. Consider the nucleic 
N 14 (nitrogen-14). If it contained 14 protons and 
7 electrons, the total number of particles each of 
spin VJh would be odd and so the total angular 
momentum of the nucleus would have to he 
%h Experimentally, the total angular mo- 

mentum is found to be h. This is consistent with 
the vector addition of the intrinsic spins of 7 pro- 
tons and 7 neutrons (the intrinsic spin of a neu- 
tron is also V>h). There are many such example 1 '. 
If A is even, the total nuclear angular momentum h 
always an integral multiple of h; if A is odd, angu- 
lar momentum is always an odd number of half 
integral units. 

3. The magnetic moment of the electron (Bohr 
magneton) is roughly 1000 times greater than that 
of the neutron and proton. The magnetic moment* 
of nuclei are about the same size as those *>f the 
neutron and proton; thus nuclei cannot contain 
electrons. See Magneton; Spin (quantum me- 


chanics). 

Although electrons cannot be permanent ele- 
ments of nuclear structure, they are found to h fi 
emitted at high speed by radioactive nuclei— the 
phenomenon of /3-decay or /3-radioactivity. Both 
negative-electron and positive-electron (positron) 
emission are known. This phenomenon results from 
the' fact that the neutron and proton can decay into 
each other radioactively with the emission of P° S1 ‘ 


tive or negative electrons. The method of decay 
determined by the masses of the atoms concerned- 
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\ free neutron with a half-life of 12 min decays 
into a proton and a negative electron. Together with 
the electron or positron, an antineutrino or neu- 
trino is emitted — this particle has no rest mass 
and has intrinsic spin Y>h. See Neutrino; Radio- 
activity. 

Because the neutron and proton have almost the 
same mass, the same spin, the same interactions. 
;1 nH can interconvert in the phenomenon of ft-de- 
ray. they are regarded not so much as being sepa- 
rate particles but merely as different states of a 
-ingle particle, the nucleon, distinguished onlv by 
thr charge which acts as a sort of label. 

Nuclear sizes. The, size of the nucleus is an im- 
portant parameter. It can he determined in many 
ways, of which the most accurate are the scattering 
of fast electrons, measurement of energies of 
x-rays emitted by //.-mesons, and study of mirror 
nuclei. 

Scattering of fast electrons. When a high-veloc- 
ity electron approaches a nucleus, it is deflected 
from its path because of the electrostatic attrac- 
tion of the positively charged nucleus. This deflec- 
tion can he accurately calculated. If the nucleus is 
of finite size and the encounter is c lose, the elec- 
tron will penetrate the nucleus; it will then feel a 
smaller attraction than for a point nucleus and so 
its deflection will be less and will depend on the 
nuclear size. If the encounter is not a close one the 
electron will not penetrate the nucleus, will alwa\s 
feel tlie same attraction as feu* a point nucleus, and 
tilt; deflection will not depend on the nuclear size. 
Thus from a comparison of the probabilities of 
large and small deflections, physicists can deter- 
mine the size of the nucleus. The deflections so 
measured with electrons of up to 500 Mev energy 
from a linear electron accelerator arc entirely ex- 
plained on the basis of the Coulomb force alone. 
There is no evidence for any strong nonelectric 
force between electrons and nucleons. 

Mesonic x-rays . When a negative /i- meson (of 
mass m „ — 201 m rt where m ( . is the mass of the elec- 
tron) is brought to rest in matter, it is attracted by 
the positive charge of a nearby nucleus and circles 
around it in orbits just as an electron does. It 
makes transitions between these orbits, emitting 
x-rays as it goes. Because its mass is so much 
greater than that of an electron, the orbits are cor- 
respondingly smuller (the orbit sizes vary inversely 
a* 1 the mass) and the x-ray energies are corre- 
spondingly higher (the energies are proportional 
lo the mass). The lowest orbits are actually 
smaller than the nucleus for the heavier elements. 
The motion of the /j -meson is therefore greatly 
modified from what it would have been for a fioint 
nucleus; the energy levels and thus the x-ray ener- 
gies are altered in a predictable manner depend- 
upon the size of the nucleus. 

Mirror nuclei. The interactions of nucleons with 
e «ch other do not depend on whether they are neu- 
trons or protons (apart from the Coulomb force in 
the case of interacting protons) ; thus it is logical 
to assume that a nucleus containing x neutrons 
and y protons will differ from one containing y 


neutrons and x protons only through the Coulomb 
force. Such related nuclei are called mirror nuclei, 
and are discussed in detail later. Typical examples 
are C 18 and N 18 (* = 6, y = 7). In particular it is 
expected that the mass difference between the 
ground states of such mirror nuclei should be due 
to ( 1 ) the neutron proton mass difference, and 
(2) the extra electrostatic energy of the proton- 
rich nucleus. Contribution (1) is accurately known. 
Contribution (2) would be 

6 7c*_ 

5 R 

where e is the magnitude of the charge on the 
electron or proton, if the nucleus behaved classi- 
cal I v and were a sphere of radius R. In practice 
this last assumption is too crude, but the appropri- 
ate quant uni-mechanieal corrections can he made. 
'This mass difference manifests itself in the insta- 
bility of the heavier f proton-rich ) nucleus which 
transforms itself radioart ivelv into the lighter 
( neutron-rich ) nucleus usually by the emission of 
a positron, although K capture (the taking into the 
nucleus of an orbital electron of llie atom) is 
sometimes found. The energy of this transition can 
then be related to R. the nuclear radius. 

Other methods. Manv other methods for finding 
nuclear radii exist, for example, the scattering bv 
nuclei of strongly interacting particles such us neu- 
trons. protons, or rr-mesons; ^-radioactivity : and 
the so-called fine struct lire of atomic and x-ray 
spectra. See Fine structure (spectral lines) ; 
Scattering experiments. nuclear. 

Nuclear densities. The method- just described 
give concordant results. Front them (especially 
from the scattering of last electrons) it has been 
determined that the nuclear density distribution 
can he quite accurately described by the formula 

p(r) = p(0)| I F C 0'-*>/«|-i 

where p(r) is the density at a distance r from the 
center and />(()) is the density at the center. This 
is the bell-shaped curve which is drawn in Fig. 1 
for a nucleus of gold. Hie radius R is the point 
at which the nuclear density has fallen to one half 
of its centra! value. Experiments give 

R = 1.07 A 1 " X 10 cm 

The a in the equation for the nuclear density does 
not change appreciably with A and is such that the 
surface thickness t y the distance over which the nu- 
clear density falls from 90 to \0% of its central 
value, is 

t = 2.3 X 10 13 cm 

It is important to note (1) that the nucleus is 
not uniform in density but has an appreciable re- 
gion of gradual change of density, and (2) that 
the radius R is proportional to A t/: \ which implies 
that the volume is proportional to A and thus that 
the mean density is independent of the size of the 
nucleus. Phenomenon (2) is referred to as satura- 
tion. 
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Fig. 1. Radial distribution of charge in a nucleus of 
gold. 

Nuclear masses. The mass of the nucleus gives 
a great deal of important information about nu- 
clear structure. Nuclear masses can be measured 
using mass spectrometers (sec Mass spectro- 
scope) or by study of nuclear disintegrations. The 
unit of nuclear mass most commonly used is equal 
to 1/16 of the mass of the atom of oxygen of 
// = 16. 

The mass M(A,Z) (if an atom can now be writ- 
ten. The first term is just the. mass of the Z hydro- 
gen atoms plus the mass of the N — A — Z neu- 
trons into which the atom could he ultimately split, 
narnelv, 1.00813 Z- f 1.00898 N. One must then al- 
low that in fact the A nucleons are hound into the 
nucleus with an energy that is more or less inde- 
pendent of their number, as is evidenced hv the 
more or less constant nuclear density. This contri- 
bution is then —nuA, where m i is a constant. How- 
ever, the nucleons on the surface of the nucleus 
feel only inward attractions and thus are not so 
strongly hound. This gives rise to a surface-ten- 
sion term in the mass formula proportional to the 
surface area, namely, -\-tn->A- /:K (because R 

One should a priori expect nuclei to contain 
equal numbers of neutrons and protons, because 
successive particles of the same kind must go into 
successively higher quantum states (the Pauli ex- 
clusion principle forbids two identical particles 
to share the same state; see Exclusion principle) 
so the lowest total energy is found when the num- 
ber of neutrons and protons is equal. If there were, 
say, more neutrons than protons, then the neutrons 
would be in higher energy states than the protons 
and thus it would he energetically profitable for 
some neutrons to convert thems r elves to protons by 
the radioactive emission of electrons. The inequal- 
ity of neutron and proton numbers gives rise to 
the mass term — Z) 2 /A. However, the en- 

ergy of the protons that is due to their purely elec- 
trostatic mutual interaction gives a greater energy 
to a number of protons than to the same number of 
neutrons in the same space. So when the Coulomb 
energy becomes high enough (in a sufficiently mas- 
sive nucleus) it becomes energetically profitable to 


diminish the proton number and increase the neu- 
tron number, the higher quantum state of the neu- 
tron not requiring as much extra energy as is 
saved by diminishing the Coulomb energy of the 
protons. Light nuclei (up to about A = 40) tend to 
have roughly equal numbers of neutrons and pro- 
tons, but beyond this the relative neutron excess 
grows until for the heaviest nuclei there are about 
1.6 times as many neutrons as protons. The Con- 
lomb energy contribution to the mass formula is 
-f m »Z-//f ,/3 . 

Finally there is a term +mr> which arises from 
the fact that neutrons and protons each have an 
intrinsic spin of Vzh and so the quantum energy 
states lie in pairs with the two like particles having 
their spins in opposite directions. An even num- 
ber of like particles is thus favored because the 
next (odd) particle must go by itself into a higher 
quantum state. Thus the most stable nuclei are 
those containing even numbers of both neutron^ 
and protons (even-even nuclei) ; next come tho<e 
with an even number of neutrons and an odd num- 
ber of protons or vice versa (even-odd or odd-even 
nuclei); least stable are the (odd-odd) nuclei 
with odd numbers of both neutrons and protons 
Therefore the mass of an atom is 

M(A,Z) = 1.00813 Z -h 1.00898 /V - mjA + rn 2 A 2 ' : ' 

(/V~Z) 2 * z 2 

+ n?3 ^ b rn\ -jITa 

This is called I he seinieinpirical mass formula and 
the bjiTSt values for the various constants give 

M(A,Z) = 0.99391 A - 0.00083 Z+ 0.014 A 2/3 

(N — 7 ) 2 Z 2 

+ 0.021 - + 0.000627 — ± 0.036 A' 3 ’ 1 

A A' lz 

In the last term -f- is used for odd-odd nuclei: — 
for even-even nuclei. The term is struck out when 
A is odd. 

Figure 2 shows as the cross-hatched area the 
so-called stability valley within which the stable 
nuclei are found. The shaded area around it indi- 



neutron number, N 


Fig. 2. The stability valley. Nuclei in the solid area 
are generally stable or are a-partide emitters of lonfl 
lifetime; those in the shaded area art generally P mra ‘ 
dioactive; those outside are unstable aaainst neutron 
or proton emission, or against a-particle emission ® 
short lifetime. 
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Fig. 3. Binding energy of the last neutron in various 
elements as a function of neutron number N. Note the 
break after the magic number N ~ 126. 


emission and becomes important only for the rela- 
tively new artificially produced elements in the re- 
gion of Z *» 100. See Binding energy, nuclear; 
Fission, nuclear; Potential barrier. 

Magic numbers; nuclear shapes. The semiem- 
pirical mass formula predicts a smooth dependence 
of nuclear mass on Z and A . In practice, striking 
discontinuities are observed at certain values of 
Z and A\ namely 8, 20, 28, 50, 82, and 126. One 
of these is illustrated in Fig. 3, which shows the 
break in the binding energy of the last neutron in 
various elements as N passes through 126. These 
are the so-called magic numbers, which show up in 
many nuclear phenomena. For example. Fig. 4 
shows the cross section for the radiative capture of 
neutrons of approximately 1 Mev in many ele- 
ments. Striking minima are seen at the magic 
numbers. Figure 5 shows the nuclear quadrupole 
moments which vanish at the magic numbers. 

The quadrupole moment is a measure of the de- 
parture of the nuclear charge distribution from 
sphericity. It is positive for a football-like deforma- 


rates the region within which nuclei are sutfi- 
riently stable to be ordinarily radioactive and 
which approach the stability valley by /3-derny. Be- 
vmd this region the instability is so great that nu- 
cleons are unbound and the nucleus rapidly enters 
the shaded area by shedding neutrons or protons. 

The most stable nuclei are around iron (/ — 26 ) . 
Helow that region the surface-tension term is rela- 
tively important and diminishes the binding, while 
above it the Coulomb term grows in importance 
and has the same effect. Emission of nr- particles 
becomes energetically possible at about the middle 
of the periodic table. This emission is strongly dis- 
couraged by the electrostatic Coulomb potential 
harrier through which the a-partieles have to pene- 
Irate, and with rare exceptions it becomes nolice- 
ahle only for elements heavier than lead. Similarly, 
spontaneous fission of the nucleus info fragments 
'd comparable mass is energetically possible over 
much of the periodic table, but fission faces an 
t'ven stronger Coulomb barrier than does o-particle 
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•9. 4. Cross sections for radiative capture of neutrons 
0 a b°ut 1 Mev in many nuclei as a function of neutron 
” u mber N. Note the low values at the magic numbers 
iV - 50, 82, and 126. One millibarn = 10-27 cm 2. 



Fig. 5. Plot of nuclear quadrupole moments for nu- 
clei of odd A as a function of the number of odd nu- 
cleons. Note the low values at the magic numbers 50, 
82, 126. 


tion, and negative for a coinlike deformation. Fig- 
ure 5 shows that nuclei are spherical at the magic 
numbers and ellipsoidal in between. The large 
quadrupole moments seen around 70 on the ab- 
scissa scale in Fig. 5 belong to the rare earths and 
correspond to a football-like deformation with the 
length about 30% greater than the width. See Nu- 
clear moments. 

Shell model. The shell model of the nucleus 
provides an explanation of the magic numbers. Nu- 
clei seem to behave as though they were attractive 
potential wells within which the nucleons move in 
orbits, just as do electrons around an atom. The po- 
tential wells look very much like the nuclear mat- 
ter distribution of Fig. 1 and are about 50 Mev 
deep. Each nucleon moves with its intrinsic spin 
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of V'l h coupled onto its orbital angular momentum 
/ft to make a total angular momentum / h = (/ db 
Vj)h. These individual /s finally couple together to 
make the total nuclear angular momentum Jh 
(see Quantum numbers). This is the //-coupling 
model. If one assumes that a nucleon of / = / + 
Vi is more tightly bound in the potential well than 
one of / = / — Vi. one can account for the magic 
numbers as natural breaks in the neutron or proton 
level scheme. This is shown in Fig. 6. One level or 
shell will hold 2/ -h 1 nucleons corresponding to 
the 2/ H- 1 allowable orientations of /. Nuclei 
which contain magic numbers of both neutrons and 
protons, such as Pb- 0 * (Z = 82: /V = 126), are 
called doubly inagic and possess unusual stability. 

Nuclear spins and parity. This // scheme can 
also predict the spins (/ values) and parities of 
nuclear ground (lowest energy) states. Parity is a 
strictly quantum-mechanical concept which arist s 
because a particle such as a nucleon has also a 
wavelike aspect and can. for example, be dif- 
fracted. This means that a nucleon must be de- 
scribed bv an amplitude whose square gives the lo- 
cal particle probability or density. Although the 
particle density must clearly be the same at a 
given point in a nucleus and at an equal distance 
the other side of the renter, the amplitude it -el f 
might or might not differ in sign at those two 
points, ff the sign is the same, the* parity of the 
state is even (-f): if it is different, the parit\ is 
odd ( - ). The parity of an individual nucleon mov 
ing in an orbit with angular momentum l ft is ( - ) ? . 
Nec Parity (quantum mechanics). 

If it is assumed that an even number of nucle- 
ons moving in the same shell will tend to pair off 
their spins to give zero resultant, the spin and par- 
ity of a nucleus of odd A can he predicted. The 
spin will just be the / value of the last nucleon as 
one fills the scheme of Fig. 6 from the bottom, al- 
lowing 2/4 1 nucleons per shell: the parity will 
be (--)* where / is the orbital angular momentum 
quantum number of the last (odd) nucleon. Sepa- 
rate schemes arc* filled for neutrons and protons. 
This procedure has had great succ ess in account- 
ing for the spins and parities of odd-4 nuc lei. Evnn- 
even nuelei have zero spin and even parity accord- 
ing to this model, and this is invariably observed. 
One cannot readily make predictions about odd-odd 
nuclei, because it is not known how the j of the 
odd neutron should couple to that of the odd pro- 
ton. The behavior is in faet capricious, and some 
remarkable spins are found, such as J = 6 for 
I*u ,7,i . Even as light a nucleus as B 10 has J = 3. 

For light nuclei the shell model still holds hut 
the //-coupling scheme is not adequate. An alter- 
native scheme is for all the orbital /s of the in- 
dividual nucleons to couple together to form a 
grand L and all their intrinsic spins to form 5. and 
then for f finally to be formed by coupling L and ,S. 
This is called the /,S-coup1ing model, and this 
model may he valid for the very lightest nuclei. 
More often the situation is somewhere between 
these schemes and is called intermediate coupling. 
Figure 7 shows a typical success that is achieved 
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Fig. 6. Energy levels of nucleons according to shell 
model. Symbols to left of levels indicate their spectro- 
scopic character. Letter indicates orbital angular mo- 
mentum (s,p, (I,/,#, . . . , for / = 04,2,3,4, . . .); su- 
perscript indicates order of appearance of the various 
levels of the same orbital angular momentum; sub- 
script gives / value. Numbers to right of each level 
show how many neutrons or protons the level can hold 
(2/1 1). Numbers further to the right in parentheses 
give total number of nucleons held up to and including 
that level. Note the breaks at the magic numbers 8, 
20, 28, 50, 82, and 126. 


bv the shell model in intermediate coupling for the 
excited states of a nucleus. In such a detailed cal- 
culation, allowance is made for the forces that op- 
erate between the several nucleons within one shell 
and ,give different energies for the different ways 
of coupling these nucleons together. Excited states 
can also be generated by raising a nucleon from 
one shell to a higher one. 



Nuclear structure 


207 


2 + 
It 


2 - 


H 

? 

2-f 



theory experiment 


Fig. 7. Comparison between the experimental level 
scheme of Li and that calculated using the shell model 
m intermediate coupling. The symbols on the levels are 
the spins and parities. The comparison is not continued 
beyond the point where the experimental identifica- 
tions become questionable. 

Collective model. The collective model of the 
nucleus suggested by some striking regularities 
in the level st hemes of the heavy nuclei in the re- 
gion of the rare earths, that were noted from Fig. 
r > ;is being heavily deformed. An example is shown 
in rig. 8. These states are produced by the rotation 
of the deformed nucleus about a minor axis. Their 
expected excitation energies are given by 

E=~J(J+ 1 ) 

8 — i 1085.3 (1119.6) |1085.4| 


641.7 (653.1) 


|642 0| 


309.3 (311.0) |308.9| 


2 ?- 

0 * 



93.3 


Hf""' experimental 


energy levels, 
kev 


[93.2] 

energy levels energy levels 
predicted by predicted by 
collective model modified 

collective model 


Fi 9* 8. Experimental level scheme of Hf l8 °. Symbols 
a * ^ ar © the spins and parities, which agree with the 

* e °retical values, as do the chains of y-rays by which 

* ® levels deexcite, as shown. 


Where 1 is the effective moment of inertia of the 
nucleus; it is about one-half that of a rigid body 
of the same shape. For an even-even nucleus such 

as Hf lM \ only the values / = 0, 2, 4 are 

theoretically allowed and experimentally found. As 
the nucleus spins faster it will tend to elongate it- 
self even more because of the centrifugal forces, 
and so the moment of inertia tends to increase 
slightly with ] . This effect is noted in Fig. 8 by the 
terms in brackets, obtained by adding a theoretical 
term £J 2 (7 + 1)“ to the simple rotational spec- 
trum. The coefficient £ is a function of / and the 
possible vibrational frequencies of the nucleus. 
Another region of strong deformation and associ- 
ated rotational states is found for a few nuclei 
around A = 25. 

\ further form of collective motion of which nu- 
clei are capable is vibration. Such motion probably 
exists, but it has not yet been identified with cer- 
tainty. 

The collective and shell models are cntnplemen- 
tary and are not mutually exclusive. The nucleons 
are still thought of as pursuing their effectively free 
motions inside the deformed and rotating nucleus. 



Fig. 9. The potential operating between two nucleons 
due to the nuclear forces. 

Nuclear forces. The nucleons which form the 
nucleus are field together by forces that are much 
stronger than the electrostatic forces that tend to 
disrupt the nucleus. The nuclear force between two 
nucleons also differs from the Coulomb force in 
that it is short ranged; it drops off very rapidly 
after a certain distance, about 10 1:5 cm. It is at- 
tractive at long distances but strongly repulsive at 
very short distances. The rough form of the nu- 
cleon-nucleon potential is shown in Fig. 9. The ra- 
dius of the repulsive core may be 0.4 X 10"™ cm. 
The attractive part of the potential has the approxi- 
mate form er r/r o /r. The repulsive core is one of the 
two features that produce the saturation of the nu- 
clear density that was referred to earlier in this 
article. The other is the Pauli exclusion principle, 
which has the effect of keeping the nucleons 
apart. 

The nuclear force depends on the relative ori- 
entation of the two nucleon spins. For a neutron 
and a proton, it is greater when the spins are par- 
allel than when they are antiparallel. The force 
with the spins parallel and no orbital angular mo- 
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Fig. 10. Comparison of the experimental energy lev- 
els of the mirror nuclei Mg- r ’ and Al 2r \ The ground 
states have been put at the same level in order to com- 
pare the ordering and excitation of the excited states. 
In practice, Al 2r * decays by positron emission into Mg ' r \ 
The comparison is carried only to the region where the 
experimental situation becomes uncertain. The numeri- 
cal values on the levels represent the spins. 


mentum is strong enough to hind the particles to- 
gether to form the deuleron (binding energy 2.227 
Mev) ; that with the spins antiparallel is not strong 
enough (.see Dkutkron). The nuclear force be- 
tween two neutrons is nearly the same as that be- 
tween two protons. This is shown by comparing the 
level schemes of mirror nuclei such as have already 
been discussed. The only nuclear difference be- 
tween sueh nuclei is that in going from the proton- 
rich to the neutron- rich nucleus, one exchanges 
certain proton-proton bonds for equivalent neutron- 
neutron bonds. All the other bonds cancel out. as 
can be seen by counting them. Thus if these 
two interactions are the same, the level schemes of 
the two nuclei should he identical. This is accu- 
rately borne out in practice (see Fig. 10). 

This equivalence is called the charge symmetry 
of nuclear forces. A wider equivalence is the charge 
independence of nuclear forces, which asserts that 
the neutron-proton force is the same as the neu- 
tron-neutron or proton-proton force if the various 
pairs of particles are in similar spectroscopic 
states. This is also well tested by experiment. An 
immediate consequence is that the di-neutron can- 
not exist. Two neutrons with their spins parallel 
and without orbital angular momentum are for- 
bidden by the Pauli exclusion principle to interact, 
because they would then be in the same quantum 
state. By application of charge independence the 
interaction with opposed spins is not strong enough 
to bind them because it did not suffice for a neu- 
tron and proton. 

Nuclear forces are due to the exchange between 
nucleons of 7r-meson8 of mass m* = 273m e ; this 


may or may not interchange either or both the 
charges of the particles or their spins. The emi* 
sion of a 7r-meson by a nucleon involves an energy 
of at least m„c 2 by the Einstein mass-energy rela. 
tion ( c is the velocity of light). This energy i s not 
really available, but if the meson is reabsorbed 
within a time r, then by the Heisenberg uncertainty 
principle the energy of the system cannot be deter- 
mined to better than fi/r, and so energy need not 
be conserved to this degree for this time. This sug- 
gests that t ~ h/ (m v c 2 ) . But in this time the 
meson cannot cover a greater distance than t r ^ 
h/(m„c) ~ 10* 13 cm. This explains why the nu- 
clear force contains a characteristic distance hp- 
yond which it falls rapidly as noted and suggest* 
that in the preceding expression for the potential 
ro ~ h/(m n r) w This is consistent with experiment. 
See Meson; Nuclear reaction; Quantum mv- 
chan ics; Quantum theory, nonrelativistic. 

[d. H. WILKINSON 
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Nucleation 

The formation within an unstable, supersaturated 
solution of the first particles of precipitate capable 
of spontaneous growth into large crystals of a more 
stable solid phase. These first viable parti< le*. 
called nuclei, may either he formed from solid par- 
ticles already present in the system (heterr.genp 
ous nucleation ) , or be generated spontaneously b\ 
the supersaturated solution itself (homogeneous mi 
cleation). Sec Supkrsaturation. 

Heterogeneous nucleation involves the adsorption 
of dissolved molecules onto the surface of solid ma- 
terials such as dust, glass, and undissolved ionic 
substances. This adsorbed layer of solute molecule 
may then grow into a large crystal. Because the 
crystal lattice of the foreign solid is in general not 
the same as that of the solid to be precipitated, the 
first few layers are deposited in a lattice configura 
tion which is strained, that is. less stable than the 
normal lattice of the precipitating material. The 
degree of lattice strain determines the effectivene?!- 
of a given heterogeneous nucleating agent. Thus, a 
material whose crystal structure is greatly differ- 
ent from that of the solid to be precipitated will 
not bring about precipitation unless the solution 
is fairly highly supersaturated, whereas, if the so- 
lution is seeded by adding small crystals of the 
precipitating substance itself, precipitation can of- 
cur at a concentration only slightly higher than that 
of the saturated solution. 

If elaborate precautions are taken to exclude 
solid particles, it is possible to obtain systems in 
which the necessary precipitation nuclei are spon- 
taneously generated within the supersaturated solu- 
tion by the process of homogeneous nucleation. In 
a solution, ions interact with each other to form 
clusters of various sizes. These clusters in general 
do^ not act as nuclei, but instead, redissociate i nt0 
ion9. However, if the solution it sufficiently super- 
saturated so that its tendency tb deplete itself by 
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deposition of ions onto the clusters overcomes the 
tendency of the clusters to dissociate, the clusters 
may act as nuclei and grow into large crystals. The 
rate at which suitable nuclei are generated within 
the system is strongly dependent upon the degree 
of supersaturation. For this reason, solutions 
which are not too highly supersaturated appear to 
be stable indefinitely, whereas solutions whose con- 
centration is above some limiting value (the critical 
snper«aturation) precipitate immediately. 

Nucleation is significant in analytical chemistry 
because of its influence on the physical characteris- 
tics of precipitates. Processes occurring during the 
nucleation period establish the rate of precipitation, 
and the number and size of the final crystalline par- 
ticles. See Colloid; Flocculation; Precipitation 

I (.If KM IS TRY ) . [D. KLEIN; L. GORDON ] 

Nucleic acid 

V class of large, acidic molecules containing 
phosphoric acid, sugars, and purine and pyrimi- 
dine bases. Nucleic acids are concerned with the 
*torage and replication of hereditary information, 
and they play a direct role in the synthesis of pro- 
teins The two types are ribonucleic acid (RNA) 
and dcoxy ribonucleic acid ( L)N A ) . 

Ribonucleic acid structure. The ribonucleic 
.h id 1 - (RNAs) are long, chainlike, acidic molecules 
\otli molecular weights ranging from the thousands 
i about .10.000 for amino acid transfer RNAs) to 
the millions (about 2 X 10‘ : for tobacco mosaic 
' inis RNA). The size and complexity of RNAs are 
due to the linking of large numbers of simple units 
• ailed nucleotides. The number of chemically 
different nucleotides involved is relatively small. 
When a typical ribonucleic acid is hydrolyzed in 
dilute alkali, it yields a mixture of fout major 
nucleotide types (adenylic, guanylic. cyfidylie, and 
mid) lie acids). Each of these nucleotide molecules 
'ontains three fundamental subunits: (1) a 
nitrogenous base which is a derivative of either 
purine (I) or pyrimidine (IT) ; (2) the 5-carbon 
Migar, n-ribose (111); and (3) phosphoric acid. 
I lu* different nucleotides vary in the nature of their 
nitrogenous base. Some contain the purine de- 
rivatives adenine (V) or guanine (VI). These are 
the only major purine derivatives found in ribo- 
nucleic acids. However, certain RNAs, especially 
those concerned with the transfer of amino acids 
in protein synthesis, also contain trace amounts 
°f methylated bases, for example, 2-methyladenine 
^'11 ), 6-methylaminopurine (VIII), and 6- 
tbmefhylaminopurine (IX). The major pyrimidine 
derivatives found in ribonucleic acids are cytosine 
(X) and uracil (XI). The sugar, D-ribose, some- 
tmies occurs with a methyl (CH a ) group attached 
to the oxygeu on the second carbon atom. 

hi nucleotides these subunits are linked in the 
sequence nitrogenous base-ribose phosphoric acid 
I XV to XX) . Removal of the phosphoric acid leaves 
base joined to the sugar; this compound is 
called a nucleoside. The ribonucleosides and 
Nucleotides are named for the base they contain, 
shown : 


Base 

Adenine 

Guanine 

Cytosine 

Uracil 


Nucleoside 

Adenosine 

Guanosine 

Cytidine 

Uridine 


Nucleotide 
Adenylic acid 
Guanylic acid 
Cytidylic acid 
Uridylic acid 


Molecular formulas of adenine, adenosine, and 
adenylic acid are shown in (XV), (XVI). and 
(XVII). 


H 

i; ji >ch a) 


"N 

I 

II 


Purir 


H 

* 

T (II) 


Pyrimidine 


it 

X H H >V < m > 

hS' : ; Oil 

I 


OH OH 

U-RiIhim* 


ML 


HOCHj H 

V< J I v>‘ ; (,V) 

I . I 
OH H 


2-1 >eox v -o-i 


( iitM'lnr ,n it! sug.it - ) 


A' .N 

Nf r >: \ 

I • 4 1 ' ><-H 


0 

ii 

I ■ 4 | 

:i .L * / 

H.N 


H (V) 11 (VI) 

Adenine (O-ammopui me ) (ruannw f 2-uiiiino-6-nxy purine) 


\H.> 

I 

C N 

^ V/' * 


I II >H 
H,(. N 


*N 

I 

H 


(VII) 

2-Melhvlddemiie 


N 

N^N.^X 

I II 

I 

II 

(MU) 


H.C OH, 

V 

N^S^X 

I II >» 
iic^ .0 / 


H 


(IX) 

0- D i moth y I a in i uopu i i no 


(purines occurring in nucleic acids) 



210 


Nucleic acid 


nii 2 

Nf^CH 

I, J 

I 

II 

(X) 

( !\ Losinr 

( 2-ox\ -0-amiiu»pv i i midi nr ) 


H 


0 

ii 

v 


^ai 


o 


l 

H 


,CH 


(M) 

l nu il 

(2.0-dio\\ |»\ i imidim* ) 


H 


0' 


O 

II 


,CH, 




X 


,c* > X.II 
I 

ii 


(XII) 

Th\ miiir 

( 2,6-diow -5-inrlliv lp\ i imid inr ) 


Nil., 


NIL. 


C <:h. 




0' 


All 


'V 

I 

H 


(MU) 


() 




<; CH,OH 

I II 


"N 

I 

II 


(MV) 


.v\1hIi\ Irvtosim* 


r>-H\lho\\ IIM'tllN li“\ lOMIH* 


( | »\ rimidint"* nrrin i in# in mirlric arid* ) 


tier l>av 

NH a 


^ N 

\ ^ 6 l\ 

i: :» > 

H< 


H 


(XV) 

Adenine 



h LH 


ll\l i \S I H 

r i' 

Oil OH 

(XVI) 
Adenosine 


Nucleotide 

ML 



IIO — l J — OH 
0 

(XVII) 

Adenoaine 3-phos|>hatc 
(adcnvlie acid I 


/ ^ x ai, 

HN r? 


<r 


II 

A. 1 1 


I 

il 


(Will) 

'I liwmue 


0 

II 

hn; 1 ,r/ 

I i 

*C 

<r 


HOCHj 


C « H H i j: 

,1/1 

H i</ H 

I I 

Oil H 

(XIX) 

Thymidine 


O 

II 

/ :, L 

HNr*> 

. *<:h 

(/ 


HOCH, 


C.J H H * i C 

I I 

0 H 

1 

HO — I’ — OH 
II 
o 

(XX) 

Thymidine-.V-phosphate 
(thymidylic acid) 


Mi, 

I 

0 




OH 


h<; 






HOCII, 

I / 

Vi H H >C 

h\:; Sc^H 

OH 



(XXI) 

Adenylie-eytidylie dinucleotide 



Nucleic acid 


211 


j n describing nucleotides, it is necessary to 
jedpnate the position of the phosphoric acid 
rroup ° n the su 6 ar molecule. In the natural syn- 
nf ribonucleic acids from simple nucleotides, 
l |P phosphoric acid groups are attached to the 5' 
j,i OIl „f the sugar. But in the nucleotides 
Pleased from BNA by alkaline hydrolysis, the 
■iho-phate group is found in the 3' position. A 
P ■arrangement occurs in alkali to give the 2' 
nucleotide 5 * as well. Ribonucleic acids can be 
hulmhzed by specific enzymes, such as pancreatic 
iHn'iiuclcase and a phosphodiesterase prepared 
(infll snake \enoni. By analysis of the products 
„l Gained alter different types of degradation, it 
j, ;i , | )( . f * n coni hided that, in the intact ribonucleic 
,uirl> the nucleotides are joined to each other 
jhn.ugh phosphoryl groups which link the W 
I I OH) of one nucleotide to the IY position 
,,i the next nucleotide in the chain. This type of 
linkage is illustrated in (XXI) for a dinuch‘otide 
.1 adenylic and cytidylie acids. In ribonucleic 
,, j ( Jw Jar ge numbers of nucleotides arc linked in 
this fashion to form polymers of high molecular 
vt iiiht. Certain viral nucleic acids have molecular 
\ rights exceeding 200,000: other small RNA* 
iia\ molecular weigiits of about 20.000 (only 
1 1 p, ml «.") nucleotides). The sequence of bases in the 
i...|\ nucleotide chain is complex, and no simple 
hji.Mting pattern of four nucleotides is obseived. 
unino ai id transfer UNA- lia\e a characteristic 
mi. Imtide triplet at the end (d the chain: cytidxlic- 
■ ■ liil\ he-adenylie acid. 

Mans ribonucleic acids are now |)repared bv 
»‘\trai ling tissue fractions, rnicioorganisins. or 
huialed viruses with phenol, salt solutions, nr 
■I' in gents. In these procedures the proteins ii*uall\ 
.i"-m ijied with RN As are denatured: this condition 
i. Militates their icinoval from the nueleie acid, 
w lui di lemains in solution. Most ribonucleic acid 
i'M’piii ations an* heterogeneous and represent 
•iiixlaies of different molecular species. The viral 
KV\" aie more uniform in this respect than KIN \s 
prepared from animal tissues, blit certain small 
dbtmucleir acids concerned with amino acid 
transit r have been highly purified. 

Hibnimcleie acids are usualU descrilied in terms 
"• * lieir size (as measured in the ultracentrifuge ) 

'ii ti niu of their funetion (such as messenger KN As 
'" amino acid -transfer RNAs), or in terms of their 
“ r igm. such as rihosomal RNAs (that is. the RNAs 
foliated willt small intracellular particles. 
:,, »OM,inew, involved in protein synthesis), viral 
or chromosomal RNAs. 

Chemical comparisons of ribonucleic acids 
'b-pf'nrl on their nucleotide or base composition. 
H.r convenience in comparing different data, t[\e 
adenylic arid content is taken equal to 10. and the 
iU1 "»nnis of the other nucleotides are then ex- 
prewspj rL d a ti ve to adenylic acid. Some repre- 
^*ntati\j> values for different RNAs are given in 
Mile 1. ft can be seen that marked differences in 
,1Kf; composition exist between RNAs prepared 
different viruses. Evident chemical differences 
i4re a ^ s ° found in comparing viral RNAs with those 


Table 1. Nucleotide composition of some 
ribonucleic acids 


Adenylic Cuanylie Cytidylie Dridylic 
Source of HIS A acrid ncid acid acid 


Virus 

Tobacco mosaic 


virus 

10 

8.5 

6.2 

8.8 

Tomato busby 





stunt virus 

10 

10 

7.4 

8.0 

Turnip yellow 





mosaic virus 

10 

7.6 

16.8 

0.8 

Potato virus X 

to 

6.2 

6.6 

6.2 

Cucumber virus 

10 

10 

7.5 

11. 5 

Microorganisms 





Hschrrichia roll 

10 

10.2 

8.5 

8.3 

Sr r rali a 





nuurcsrrns 

10 

10.2 

8.5 

8.3 

Hubers’ yeast 

10 

12 

a o 

0.8 

Animal tissues 





Starfish eggs 

to 

ir» 

1 1 

11 

Chicken liver 

to 

17.1 

13 6 

10.6 

Itat liver 

10 

17.6 

1-1.3 

10.8 

Cnlf liver 

(0 

17.0 

11.0 

8.1 

Call’ spleen 

JO 

10.7 

17.7 

8.7 

Calf thymus 

10 

17.3 

13.5 

11. t 

Subcelluiar fractions 





Thymus nuclei 

10 

Hi 7 

13.5* 

12.3 

Th wiiiis “messenger’’ 





BNA 

10 

a.r> 

7.6 

10 0 

Thymus cyto- 





plasmic. fraction 

10 

17.0 

1 1.4 

10.3 

hal liver nuclei 

10 

it. a 

1 1.3 

12.0 

h.U li \ er ribosomes 

10 

to 0 

1 t.T 

10 3 

of animal or bacterial 

cells. 

There are 

also 

themical, metabol 

i<\ and 

functional differences 

between the ribonucleic 

acids 

prepared 

from 

different parts of 

the same cell 

'Tracer s 

Indies 


using radioisotopes have shown that the nucleus is 
the most active and major site of cellular RNA 

n thesis, that RNA is made on the chromosomes, 
and that different types of RNA are synthesized in 
the nucleus for specific functions in the life of the 
cell. 

Other chemical methods used to characterize the 
ribonucleic* acids inc lude determination of their 
ribose content, and nitrogen and phosphorus 
anab-es. Free RNA contains 15 16'*; nitrogen and 
8.5 M.O'v phosphorus. One of the? most striking 
physical properties of the nuc leic acids, their high 
absorption «>l ultraviolet light (especially of wave- 
length 260 tii/i k is widely used for estimating 
nucleic acid concentrations and for characterizing 
the different nucleotides and bases. Ribonucleic 
acids differ greatly in size and can be separated 
by centrifugation under the proper conditions. 
They are often described in terms of their S values, 
that is. sedimentation coefficients (in Svedberg 
units, 10 * * sec). The small amino acid transfer 
RNAs are in the 4 S range, and rihosomal RNAs 
fall into classes of 16—18 S and 23—26 S. 

Ribonucleic acid function. Some of the biologi- 
cal properties of the ribonucleic acids have been 
discussed in the article on nucleoprotein. In the 
RNA viruses, the RNA acts as the genetic material 
and directs the synthesis of more virus particles. 
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In higher animals, plants, and bacteria, the main 
role of the ribonucleic acids is that of mediating 
the synthesis of cell proteins. Some ribonucleic 
acids are involved in the transport of amino acids 
to the sites of protein synthesis, the ribosomes. 
Other ribonucleic acids, called messenger RNAs, 
direct the positioning of the transfer RNAs and 
thus direct the sequence of amino acids as the 
proteins are synthesized. In this way the messenger 
RNAs, which are copies of the DNAs for specific 
genes, carry out the genetic instructions for pro- 
tein synthesis. Studies of the coding mechanism 
indicate that each group of three nucleotides in the 
messenger-RNA chain specifies a particular amino 
acid: three uridylic acids code for phenylalanine; 
a guanylic and two following uridylics code for 
valine; two uridylics and a following guanylic code 
for leucine; and so on. In this way the sequence of 
nucleotides in RNAs directs the sequence of amino 
acids in proteins. See Ribonucleic acid. 

Deoxyribonucleic acid structure. Like the ribo- 
nucleic acids, the deoxyribonucleic acids (DNAs) 
are chainlikc, polymeric molecules made up by the 
linkage of many nucleotides. The great size and 
complexity of the DNAs are indicated by their high 
molecular weights, which range into the millions, 
and perhaps hundreds of millions. The most 
commonly studied deoxyribonucleic acid, the DNA 
of the thymus gland, is usually prepared with a 
molecular weight of about 6 X 10°. 

The deoxyribonucleic acids differ chemically in 
several ways from ribonucleic acids. One of the 
chief differences, the one used as the basis for 
classifying nucleic acids, is in 
ponent. DNAs contain the sugar, 2-deoxy-n-ribose 
(IV), which differs from ribose in that carbon 
atom 2 lacks an attached oxvgen atom. Another 
major difference between most DNAs and RNAs 
is in the nature of their pyrimidine bases. Nearly 


all DNAs are lacking in uracil; instead they con 
tain the related base, thymine (XII). Most DN^ 
contain cytosine (X) as their other major pyrin, j 
dine base, but some of the bacteriophages yield „ 
DNA with 5-methylcytosine (XIII) or 5-hydrox\. 
methylcytosine (XIV). Many animal and pl ant 
DNAs, wheat germ DNA in particular, also contain 
small amounts of 5-methylcytosine. 

All the deoxyribonucleic acids so far investigate 
contain the two purine bases, adenine and guanine 
In the DNA nucleotides these are joined to tfo 
deoxy-sugar by a glycosidic linkage at the carbon 
atom in position 9 of the purine ring, as i n 
adenylic acid (XVII). The pyrimidine deox\. 
nucleotides contain deoxyribose linked to position 
3 of the base. This arrangement is illustrated in 
(XX) and (XIX) for thymidylic acid and the 
corresponding nucleoside, thymidine. 

In the intact DNA molecule the deoxynuclcotidr- 
are joined through their phosphate groups, whirl-, 
act as bridges between the 3' position of om* 
nucleotide and the 5' position of the adjacent 
nucleotide. The sequence of the different ba^ 
in the polynucleotide chain is complex, and m. 
simple repeating pattern is observed (excepl ip ri 
few rare instances). 

Unlike RNAs, DNAs are not readily degraded t» 
their component nucleotides by treatment with 
alkali. However, all the free bases can be obtained 
by treatment with strong acids at elevated tem- 
peratures. This step is usually followed In 
chromatographic separation of the bases on papf 
or ion-exchange columns. The base*' can hr 
identified and their concentrations determined W 
their absorption spectra in the ultra-violet. Sumr 
DNA analyses arc given in Table 2, where the |)r<» 
portions of the different bases are expressed a* 
moles of nitrogenous base per 100 gram-atom^ <! 
phosphorus. Sec Chiiom atoghaphy. 


Table 2. Purine and pyrimidine contents of some deoxyribonucleic acids 


Source of DN A 

Adenine 

Guanine 

Cytosine 

Thymine 

5-Methyl- 

cytosinc 

5-Hydroxy methyl 
cytosine 

Virus 







E. coli bacteriophage T 5 

30.3 

19.5 

19.5 

30.8 



E. coli bacteriophage T 2r 

32.5 

18.2 


32.6 


16.7 

Vaccinia virus 

29.5 

20.6 

20.0 

29.9 



Microorganisms 







Pneumococcus type III 

29.8 

20.5 

18.0 

31.6 



Yeast 

31.3 

18.7 

17.1 

32.9 



Plant 







Wheat germ 

27.3 

22.7 

16.8 

27.1 

6.0 


Animal tissues 







Trout sperm 

29.8 

22.5 

20.2 

27.5 



Sea urchin sperm ( Arbacia lixula) 

31.2 

19.1 

19.2 

30.5 



Turtle erythrocytes 

28.7 

22.0 

21.3 

27.9 



Hen erythrocytes 

28.8 

20.5 

21.5 

29.2 



Human thymus 

30.9 

19.9 

19.8 

29.4 



Calf thymus 

28.0 

23.5 

20.4 

28.1 



Pig thymus 

30.0 

20.4 

' 20.7 

28.9 



Pig thyroid 

30.0 

20.8 

20.7 

28.5 



Pig spleen 

29.8 

20.4 

20.8 

29.2 


- 
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The DNAs prepared from different animal spe- 
.j e . and from bacteria, yeast, and viruses differ in 
their base compositions. Thus, the chemical compo- 
sition of I)NA is species specific. On the other hand, 
1W) significant differences are observed between 
prepared from different organs of the same 
animal. Some of the viral DNAs not only have pecu- 
liar base compositions (for example a uracil-con- 
*:iiniii£E bacteriophage is known), but several bacte- 
,i (> |,hagc DNAs also contain appreciable amounts of 
the 6- -carbon sugar, glucose. This is found only in 
t| lf . phages which contain 5-hydroxymethylcytosine 
in iheir DNA ; the glucose is linked to this base 
thi on jili the hydroxymethyl group ( XIV) . 

There are certain regularities which appear 
when the compositions of different DNAs are 
compared: (1) there is generally a 1:1 corre- 
spondence between the amounts of purine nucleo- 
tide-: and pyrimidine nucleotides; (2) in many 
|)Y\s the molar ratio of guanine to cytosine is 
c(|im! to 1; and (3) the ratio of adenine to thymine 
i-* a I mi 1. These chemical observations fit a 
molecular model of DNA which was proposed as a 
icmiIi of x-ray studies of DNA structure. The x-ray 
iJiflrai-tion patterns of deoxyribonucleic acids 
indicate that the polynucleotide chain falls into a 
helical configuration, resembling two interlocking 
foiled springs. The backbone of the DNA. that i*, 
ihc dcowribof-e-phosphale-deoxyribose chain, forms 
lie- outline of the coil of the helix. The ba'-rs jut 
inward toward the axis of the helix. The x-ray 
mdeiue indicates that two helical DNA chains 
.ni' closely interlocked, with the base* on one chain 
paired ofT, presumably by hydrogen bonding, with 
I lie bases on the adjacent chain. Spatial limitations 
impose the restriction that purine be paired with 
pwimidine. adenine with thymine, and guanine 
with ( vtosine. This pairing between complementary 
l uisf* constitutes the structural basis for the 
•lieinical regularities in DNA structure and 
nucleotide composition. This is tin* Watson-Cric k 
model of DNA structure. 

DNAs can be isolated from animal tissues by 
**\t? action in strong salt solutions followed by 
removal of associated proteins. Bacterial DNAs 
iin d highly purified viral DNAs can he prepared by 
similar methods. Most preparations of DNA are 
heterogeneous. They can be fractionated by chroma 
l, »graphy and other means to yield DNA fractions 
'd \iif\ing base composition. The question of DNA 
heterogeneity has special interest because of the 
;, de of DNA as the genetic material (see Nucleo- 
Nmiif.in). The great diversity of genetically con- 
trollcd characters suggests a corresponding 
molecular diversity of DNAs. Much progress has 
hfen made in the understanding of how DNA* as 
l he genetic material, directs its own synthesis and 
‘*bo controls the synthesis of the specific proteins 

the cell. See Deoxyribonucleic acid. 
Biosynthesis of nucleic acids. Enzymes are 
k now n which direct the synthesis of ribonucleic 
U( dds and deoxyribonucleic acids from smaller 
precursors, and nucleic acids can now be made in 
tht: laboratory. 



Watson-Crick model of DNA structure. ( Upjohn ) 

Deoxyribonucleic acid biosynthesis. Because 
DNA is the substance which contains the detailed 
chemical code governing the ‘heredity of cells, its 
duplication during cell division requires an 
exceedingly precise mechanism of replication and 
control. The way in which a new DNA molecule 
arises with the same nucleotide*’* arranged in the 
same sequence as those of the parent DNA molecule 
is one ot the most absorbing problems in modern 
biochemistry. The present understanding of the 
synthetic mechanism is largely due to the work of 
Arthur Korn berg, who received the Nobel award in 
medicine (1959) for his brilliant experiments on 
the mode of DNA biosynthesis. 

The synthesis of DNA proceeds from derivatives 
of the deoxviiueleotides in which tluee linked 
pho*phorvl groups are joined to the deoxy-sugar at 
its number 5 carbon. For example, the phosphory- 
lation of thymidine or thymidylic acid (see XVIIf. 
XIX, XX) gives rise to thymidinetriphosphate, or 
TIT. The enzymes which phosphorylate nucleotides 
in this way are called kinases. The nucleoside 
triphosphates are the substrates for the enzymes, 
called DNA polymerases, which are required for 
the synthesis of the high polymer, DNA. For DNA 
synthesis all four deoxy nucleoside triphosphates — 
deoxyadenosinetriphosphate, or dATP; deoxy- 
guanosinetri phosphate, or dGTP; deoxycytidine- 
triphosphate. ordCTP; and thymidinetriphosphate, 
or TTP — must be present. DNA polymerases can 
be prepared from bacterial or animal cells which 
catalyze the linking of these four deoxynucleotides, 
with the elimination of inorganic pyrophosphate, to 
form polynucleotides with all the properties of 
DNA. However, this synthetic process takes place 
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only in the presence of a DNA primer or template, 
which directs the synthesis and the sequence of 
nucleotides in the product. The nucleotide sequence 
of the product DNA resembles that of the primer 
DNA. This is a remarkable instance of a molecule’s 
controlling its own replication during biosynthesis. 
This close correspondence in structure between 
primer and product DNAs stems from the precise 
pairing of bases in DNA molecules to form a 
double helix. Since the spatial requirements of the 
double helix are best met when adenine is paired 
with thymine and guanine is paired with cytosine, it 
follows that the nucleotides in one coil of the helix 
can direct the sequence of nucleotides in the other 
coil. This prediction, from the Watson-Crick model 
of DNA structure, has found experimental verifi- 
cation in the study of DNA synthesis, in which 
each of the two strands in the DNA double helix 
directs the synthesis of a new strand complementary 
to itself in nucleotide sequence. Thus, when flic 
coiled DNA molecules of the primer DNA separate, 
prior to their replication, each one may act as a 
primer, controlling the synthesis of new DNA 
molecules of appropriate base composition and 
sequence. In this way the DNA is doubled, and 
genetic specificity and hereditary continuity are 
maintained. 

Ribonucleic arid biosynthesis. In animal, plant, 
and bacterial cells and in DNA viruses, the syn- 
thesis of ribonucleic acids i s directed by the DN A. 
As in DNA synthesis, the DNA serves as a primer 
or template and directs the nucleotide sequence in 
the R N A product. Enzymes which catalyze this 
process are called RNA polymerases, and their 
DNA dependence is usually specified as well 
(because KNA viruses replicate with the aid of 
similar RNA-dependent enzymes). The precursors 
for RNA synthesis are the four nueleoside tri- 
phosphates' adenosinetriphosphate. or ATP; gna- 
nosinetripliosphate, or GTE: evtidinetri phosphate, 
or CTP; and uridinetriphosphale, or DTP. "Hie 
RNA formed resembles one strand of the DNA 
primer double helix, and presumably it is synthe- 
sized on the complementary DNA strand. Base 
puiring of RNA nucleotides with DNA nucleotides 
accounts for the specificity of the product. The 
mechanism by which one strand of the DNA is 
selected to direct RNA synthesis (sometimes called 
transcription) while the other strand of the DNA 
double helix remains ineit has not yet been eluci- 
dated. RNAs made on portions of the DNA which 
carry the hereditary information for the synthesis 
of specific proteins are called messenger ribo- 
nucleic acids. The action of the RNA polymerases 
explains the specificity of the copying mechanism. 

Ribonucleic acids can also he synthesized by 
another but DNA-independent mechanism, first 
described by M. Grunberg-Manago and S. Ochoa. 
(The latter received the Nobel award in 1959.) A 
bacterial enzyme, prepared from Azotobacter , was 
found to catalyze the formation of high-molecular 
weight polymers of ribonucleotides. This enzyme, 
polynucleotide phosphorylase, does not require the 
addition of a DNA primer, and it uses the nucleo- 


side diphosphates, rather than the triphosph ate(> 
employed by the DNA-dependent RNA polymer 
ases. Using nucleotide mixtures of different cumpo. 
sition, and often just one type of nucleotide, it i„ 
possible to prepare RNAs of known, or predictable 
composition. These synthetic RNAs, prepared with 
the aid of polynucleotide phosphorylase, have been 
very useful in studies of the relationship (coding) 
between nucleotide sequence in RNAs and amino 
acid sequence in proteins. 

When RNA viruses, such as polio virus, infect 
cells, they initiate the synthesis of new enzyme. 
One of these is an RNA-dependent RNA pofi. 
merase, which copies the nucleotide sequence of the 
infectious RNA of the virus. These viral enzyme*, 
like the DNA-dependent RNA polymerases. hI*o 
utilize the ribonucleoside triphosphates as 1<\A 
precursors. The synthesis of viral RNAs in in- 
fected cells can often he distinguished from that of 
the RNA of the host cell. The latter, being 
DNA-dependent, can be inhibited by certain anti- 
biotics, such as actinomyein D, which combine 
with DNA. The synthesis of polio virus RNA is nr)! 
affected by such interference with DNA primers 

\ V. G. \T.LI ltT\ , 
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Nucleolitoida 

An order of exoeyclie Euechinoidea in which The 
ambulacra are all similar, usually with the innei 
and outer pores unequally developed. There arc no 
faseiolcs, no teeth in the adult, and the genital 
plates remain separate. Of the two families, tin' 
Galeropvgidae are round or ovoid forms with sim 
pie ambulacra. Exclusively Tethyan (from the 
ancient sea which preceded the present Mediter- 
ranean). the family ranged from the Lias of thr 
Early Jurassic to the Cenomanian of the lJpP pr 
Cretaceous. The Nucleolitidae are similar, hut dif- 
fer in having phyllodes around the mouth, or fa 1 - 
in Catopygus ) a complete floscelle (.see Cassipi- 


anterior ambulacrum 



int^ambulacrum (a) 

Apatopygus recens, an extant New Zealand nuclei 
toid. (a) Aboral aspect. ( b ) Posterior aspect. 



0IPA ). This family arose in the Jurassic and be- 
anie cosmopolitan in the Cretaceous, but most 
genera died out in the Eocene. The only surviving 
frenus i* Apatopygus (see illustration) from shal- 
[ (|W and deep waters off New Zealand and Australia. 
v»f. Fj ■iiinoidea; Euechinoidea. 

|"H. B. FF.I.l/l 


Nucleon 

\ colled ivo name for a proton or neutron. Protons 
mid neiitnnis are the main constituents of the nuclei 
of atoms and have considerable similarity between 
themselves. They have the same spin, the same 
-utislics. approximately the same mass, and. 
through the process of beta decay, can transform 
j n to each other. For this reason it is convenient to 
have a common term to designate them both. 

Occasionallv neutrons and protons are considered 
two states of a single particle t ailed the nucleon, 
the two states being distinguished by the special 
\alncof an internal variable which can then assume 
„nlv two values and is called the third component 
dI the isotopic spin. .See Isotopic spin: .see also 
Eli* mini ai«y pabtict.e; Neutron. Proton. 

f E. C. SKC.KK | 


Nucleonics 

The technology based oil phenomena of the atomic 
nucleus. Thc-e phenomena include radioactivity. 
Pinion, and fusion (.see Nuclear PHYSIO*). Thus, 
nucleonics embraces such devices and fields as nu- 
clcnr reactors, radioisotope applications, radiation- 
pinducing machines (such as cyclotrons and Van 
<lc Graaff accelerators), the application of radia- 
tion for biological sterilization and for the induc- 
tion of chemical reactions, and radiation-detection 
•lev ices (see NUCLEAR ENGINEERING: P ARTICLE AC- 
f fu.rator) . Nucleonics makes use of and serves 
virtually all other technologies and scientific dis- 
• iplines. 

I bat part of the industry concerned with nurler •* 
rciuTors involves a cross section of the entire in- 
dustrial complex: the chemical industry is con- 
cenied with uranium ore refining, fuel and modera- 
tor preparation, and fuel reprocessing: the light 
a,,( l heavy metals industry, with fuel fabrication, 
special component fabrication to withstand envi- 
ronmental conditions including radiation, and con- 
tainment materials; the machinery industry with 
r ° n| rol rods, fuel charge and discharge devices, and 
manipulators; and the instrument industry with 
,r, iitro| systems. The many applications of nuclear 
reactor, and isotopes also bring the industries mak- 
mg use of them into the field, so that electrical 
feneration, marine and aircraft propulsion, proc- 
f>s htmt, special industrial devices, and agrirul- 
* ,|,c - r ° name a few, are industries participating 
U ' s,,ni *' degree in nucleonics. 

^ number of service activities such as reactor- 
consultation, film-badge reading, special 
\ n Pping and disposal of radioactive nuclear mate- 
? n d wastes, and analytical services by such 
tv iriiq ues as low-level counting and activation are 
lnr in the nucleonics industry. The unique 
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radiation hazards and benefits associated with nu- 
clear technology have also engendered special le- 
gal. political, und mercantile aspects. 

[b. i. spinrad] 

Nucleoprotein 

A generic term for a great class of conjugated pro- 
teins in which large acidic molecules called nucleic 
acids arc linked to or are closely associated with 
molecules of protein. Nucleoprotein complexes oc- 
cur in all living animal, plant, and bacterial cells, 
where they play vital roles in cell duplication and 
protein synthesis. Simpler forms, such as the ani- 
mal, plant, and insect viruses and the bacterio- 
phages which infect bacteria. ;ue largely nucleopro- 
tein in composition. In both cells and viruses, there 
K good experimental evidence that nucleoproteins. 
and nucleic acids in particular, form the chemical 
basis of heredity, and it is very probable lhat life 
as we know it always involves the presence and ac- 
tivity of these complex molecules. See Bacteria; 
Bacteriophage; Virus. 

Distribution, type, and function. There is a char- 
aclerislic and significant distribution of nucleopro- 
teins according to chemical type in nearly all cells. 
There are two groups of nucleic acids, the deoxvri- 
bonurieoprotcins and the ribonuclcoprotcins, which 
differ in the nature of the pentose or fi-carbon sugar 
which thev contain. The pentose can either be ri- 
hose or deoxyribose. 

Denxyrilwnurleoproteins. Those complexes in 
which the nucleic acid component contains the 
sugar, deoxyribose. are localized in the cell nucleus. 
Their presence there can he shown bv examining 
cells under the rm\ inscope after specific staining 
reactions for deoxyribonucleic acid (DNA), and 
also by a chemical analysis of isolated nuclei. 

The deoxyribomieleoproteins ot cur in the cell nu- 
cleus as the main components of the structure of 
the chromosomes. An interesting corollary of this 
chromosomal localization of deoxyribonucleic acid 
is the striking constancy in the amount of DNA per 
set of chromosomes in the different cells of a given 
organism. The nuclei of diploid somatic cells, which 
are body cells with two sets of chromosomes, have 
twice the DNA content of sperm cells which con- 
tain only a single chromosome set. Cells in the 
process of division, at the time of chromosome du- 
plication. show a corresponding increase in the 
amount of DNA which they contain. 

The fact that DNA occurs in high concentration 
in sperm cells and in chromosomes suggested its 
importance in hereditary mechanisms. The direct 
demonstration of a genetic role of DNA came from 
experiments on bacterial transformation, when it 
was discovered that deoxyribonucleic acid prepared 
from a capsule-forming or a drug-resistant strain of 
bacteria could be transferred to another strain with- 
out such properties. As a result of this transfer, the 
recipient bacteria took on some of the characteris- 
tics of the DNA donor, that is they formed a cap- 
sule, or became drug resistant. The change induced 
by the DNA is inherited and persists through suc- 
ceeding generations of the transformed bacteria. 
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In some viruses, notably the bacteriophages, the 
mechanism of infection also suggested that DNA is 
the hereditary material. The virus attaches to the 
bacterial cell wall and injec ts its DNA into the cell, 
leaving its protein capsule behind. Once inside the 
host cell, the viral DNA sets into operation the 
mechanisms which result in a new generation of vi- 
rus particles. 

Ribonucleoproteins. The second great group of 
nucleoprotcins, the ribonucleoproteins, is character- 
ized by a nucleic acid component which contains ri- 
bose. The ribonucleoproteins occur in some viruses, 
in bacteria, and in both the nucleus and the cyto- 
plasm of animal and plant cells. In the nucleus, 
much of the ribonucleoprotein is localized in the 
dense structure called the nucleolus, but some is 
also distributed along the length of the chromo- 
somes. In the cytoplasm of many cells, the ribonu- 
cleoproteins are found in the complex network of 
membranes and granules called the ergastoplasm or 
endoplasmic reticulum. Because of their content of 
ribonucleic acid (KNA), these structures are baso- 
philic, that is they stain with basic dyes. Because 
all nucleic acids absorb light strongly in the ultra- 
violet region of the spectrum, cell structures which 
are rich in KNA also appear dark under the ultra- 
violet microscope. When different types of cells are 
examined for their ribonucleic acid content, the re- 
sults show a striking parallelism between the 
amount of KNA present in a cell and its capacity 
to synthesize proteins. Thus, the cells of the pan- 
creas, which must secrete large amounts of diges- 
tive enzymes, may contain over 20% of their mass 
as KNA, while red cells which no longer synthesize 
the protein, hemoglobin, have little or no ribonu- 
cleic acid. This sort of parallelism suggested a role 
of ribonucleoprotein in the process of protein syn- 
thesis. More direct evidence rainc from studies of 
protein synthesis in broken bacterial cells and in 
cell fractions rich in KNA such as the microsome 
fraction. This fraction can be prepared from ho- 
mogenized animal tissues. Extraction of the micro- 
tomes with a detergent (deoxycholate) disperses 
the membranes and leaves the small granules. These 
contain up to 50% of their mass as KNA. They ure 
believed to be the primary site of protein synthesis 
in the cytoplasm. It was found that when a specific 
enzyme, ribonudease. attacks KNA the uptake of 
amino acids into the proteins in these systems is 
then stopped. Recent work on proteins of the micro- 
some fraction shows that the proteins hound to 
KNA are rich in the basic amino acids arginine and 
lysine, but unlike the histones of the cell nucleus, 
they contain tryptophan. As yet, little is known 
about their fractionation and chemical composition. 
However many different cytoplasmic proteins also 
occur in association with the microsome fraction. 
Further experiments indicated that some RNAs can 
act as a carrier of amino acids after they have “ac- 
tivated.” These amino acids are then linked to form 
different proteins on or in cell structures which are 
rich in ribonucleoprotein. 


Other evidence which shows that ribonucleic arid 
can determine the specific nature of a protein stci nH 
from work on plant viruses, where RNA itself can 
function as the infectious agent. When the R!\\ 
prepared from one strain of tobacco-mosaic virus is 
combined with the proteins prepared from other 
strains of the virus and used to infect a plant. t|, e 
progeny of these hybrid viruses contain a protein 
whose properties are determined by the nuclei, 
acid used, and not by the protein. Thus, in the t«- 
bacco-rnosaic virus and in some other plant and ani- 
mal viruses, ribonucleic acid is a genetic delermi 
nant, as DNA is in the bacteriophages, in bacteria 
and in higher organisms. 

Protein components. In nature, the different 
types of nucleic acid, each of which include* a 
great variety of species-specific molecules, un- 
joined to a complex array ol different protein*.. The 
simplest of these nucleic acid-associated protein- 
comprise the group of very basic, small protein- 
called protamines, associated with the sperm cell- 
Histones, another basic small protein, are found in 
the nuclei of somatic cells and of some sperm cell- 

Protamines. The protamines were first diseoveiul 
in the sperm cells of fish, where they omit in )ii<ili 
concentrations in the nucleus, together with deow 
ribonucleic acid. Tbc\ are also found in the matiir- 
sperm of other species, such as fowl. lut the nuclei 
of somatic cells contain more complex basic pro- 
teins called histones. The fact that chrouioMum* 
composition can vary is shown in the course <>t 
spermatogenesis in fish, where the basic protein* “I 
the nucleus change in type, beginning as histone- 
in the early stages of maturation and ending a*- Uw 
comparatively simple prolamines in the mature 
sperm cell. 

The basicity of the protamines is due to their 
high content of basic amino acids, arginine in par- 
ticular. In salmine. the protamine of salmon sperm, 
arginine is the only basic amino acid present, but 
it alone accounts for 89 90% of the total protein 
nitrogen. The composition of a few protamines i* 
given in the table, and it can be seen that the*e 
l datively simple proteins are lacking in tryptophan 
and the sulfur-containing amino acids. In some pro- 
tamines. the cyclic amino acid, proline, occurs at 
the end of the polypeptide chain. 

The usual protamine preparations are mixture 
of related polypeptides which reveal their hetero- 
geneity when they are examined chromatographs 
c.ally, or separated electrophoretically in an eleetrie 
field. Estimates of the molecular weights of differ- 
ent protamine preparations range from 2000 to 
8000; the small size of the protamines permits them 
to diffuse through a cellophane membrane; this fa- 
cilitates their separation from larger molecules ol 
nucleic acid and proteins, which cannot pass the 
membrane. 


The basicity of the protamines confers upon 
them a net positive charge which allows a salt-like 
combination with the negatively charged DNA 
the sperm nucleus. Complexes of nucleic acid an 
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Amino acid composition of some proteins associated with deoxyribonucleic acids* 


Amino arid 

Protamines of 



Histones of 


Salmon 

sperm 

(salmine) 

Raintiow- 

trout. 

sperm 

Fowl 

sperm 

(gallin) 

Calf 

liver 

Calf 

kidney 

Calf thynui 

s 

Arginine- 

rich 

histone 

Total 

histones 

Lysine- 

rich 

histone 

■Vrffininc 

89.6 

86.96 

76.1 

20.2 

21.1 

21.5 

5.3 

28.2 

Histidine 



1.53 

3.7 

3.5 

3.9 

0 

4.4 

I, v sine 



0 

16.4 

16.7 

19.1 

42.1 

16.0 

\spirtie acid 



0.28 

3.7 

3.5 

3.1 

1.5 

3.4 

(iluljmiic acid 



0.45 

5.6 

5.6 

5.3 

2.4 

6.0 

(Jlvrine 

1.81 


2.80 

5.4 

5.9 

5.4 

5.0 

6.3 

\hi nine 

o.r>? 

2.08 

1.22 

8.2 

8.5 

8.7 

19.2 

7.7 

\,i]ine 

1.28 

8.50 

0.68 

3.8 

4.0 

4.0 

3.6 

4.7 

leucine 

0.57 


0.35 

5.4 

5.3 

5.0 

3.1 

5.8 

IsolruriiiP 



0.35 

2.9 

2.9 

2.8 

0.67 

3.3 

NiMH* 

8.94 

2.02 

3.89 

3.7 

3.8 

3.8 

4.9 

3.5 

Thni mine 



0.72 

3.7 

3.8 

3 7 

4.2 

3.9 

f\stmr 



0 

0.24 

0.19 

0.06 

0 

0.21 

Methionine 



0 

0.81 

0.66 

0.63 

0 

0.68 

Praline 

2.30 

6 11 

1.94 

2.8 

3.3 

3.2 

7.1 , 

2.7 

iVn\lalanine 



0 

1.3 

1.3 

1.4 

0.39 

1.2 

1 vr-isinr 



1.58 

1.6 

1.7 

1.6 

0.37 

1.9 

1 r\p!ophan 



0 

0 

0 

0 

0 

0 

\mine N 1 la 



0.17 

5.1 

4.5 

4.1 




* lU'sulfs are expressed as percentage of the total protein nitrogen contributed by each of the amino acids. 


protamine are easily isolated from fish sperm nil- 
• lei hv extraction in concentrated salt solutions. 
Free protamines can be extracted from nncleopro- 
laminc preparations or from sperm nuclei with di- 
lute acid under conditions where the ON A remains 
insoluble. 

Histones. The nuclei of somatic or body cells 
and of certain types of sperm contain other basic 
proteins known as histones. These have a higher 
molecular weight than do the protamines; as a con- 
sequence. histones, unlike protamines, will not dia- 
hze through a cellophane membrane. They also 
Have a more complex amino acid composition. The 
amino acid contents of several histones are given 
m the table. They are all characterized by a high 
•’anient of basic amino acids, such as arginine, ly- 
slne - and histidine, and unlike the more complex 
proteins of the nucleus, they contain no tryptophan. 
^ Pv Amino acids. 

^ basic proteins, histones are capable of salt- 
like combination with deoxyribonucleic acid. Such 
electrostatic linkages involving DNA, which is lo- 
•alized in chromosomes, are probably important to 
'hroniosomc structure and function, but there is 
fpwd evidence that the bonds which hold histones 
^ chromosomes are not entirely limited to salt- 
^ linkages between the basic protein and DNA. 

ther proteins, described briefly below, serve as u 
ma tnx in binding both histones and DNA. 

Histone-DNA complexes can he obtained from 
1 e nuclei of many tissues and from isolated chro- 
musonies. Such complexes have characteristic solu- 
properties which facilitate their isolation. 


Th« 


e > are soluble in water and in very strong salt 


solutions, such as 1 M NaCl, hut they are insoluble 
at intermediate salt concentrations. For this reason, 
the isolation of nucleohistones usually involves an 
extraction in strong salt solutions. This gives a vis- 
cous solution of nucfcohistone, which can then he 
precipitated by lowering the salt concentration of 
the extract. 'Hie histones themselves are usually pre- 
pared by extracting nuclei or nucleohistone prepa- 
rations with dilute acid. The histones in the extract 
can be precipitated in alcohol. 

Most, if not all, histone preparations are hetero- 
geneous. Several different types of histones exist 
in an acid extract of nuclei. Experimentally, a clear 
distinction can he made between those histones 
which precipitate from alkaline solution, at pH 
10-11, and some basic proteins which are not pre- 
cipitahle in this way. The latter proteins can also 
be separated by other types of fractional precipi- 
tation and by chromatography. They are charac- 
terized by a very high lysine content (see table). A 
purified, lysine-rich histone prepared from calf thy- 
mus is reported to have a molecular weight of 18,- 
000 . 

Some of the histones prepared from different or- 
gans of the same animal resemble each other very 
closely in their chromatographic behavior and 
amino acid composition. 

The role of histones in chromosome function is 
not known. It has been suggested that these positive 
proteins may serve to mask the negative charges of 
the DNA molecule. Because this negative electrical 
charge seems to be correlated with the chemical 
activity of the nucleus, histones would act to re- 
tard or limit nuclear activity. 
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Nucleus, atomic 

Other protein fractions of the nucleus. When 
the DNA and histone are removed from prepara- 
tions of isolated chromosomes, prepared by disrupt- 
ing cell nuclei, a residual protein fraction remains. 
This material often appears as a microfihril which 
is insoluble in water or neutral salt solutions. It 
contains a significant amount of ribonucleic acid, 
the amount depending upon the tissue of origin. The 
protein component contains tryptophan, a fact 
which sets it apart chemically from the histones. 

The morphological configuration of chromosomes, 
as seen under the microscope, is dependent on the 
combination ol DINA with the residual proteins. The 
quantity of residual protein in the chromosomes 
varies in different tissues; a rough correlation ex- 
ists between this amount and the size and metabolic 
activity of the cell. The synthesis of these chromo- 
somal proteins depends on the presence of DNA, 
but the rate ol synthesis varies with changes in the 
over-all activity of the cell. 

Some of the protein of the residual chromosome 
fraction can be extracted in dilute alkaline solu- 
tions and precipitates when the extract is acidified. 
Such protein fractions contain about 10?r of firmly 
bound lipids, which give positive tests for phospho- 
lipides and cholesterol. 

In addition to histones and residual proteins, the 
cell nucleus contains many proteins which may or 
may not be associated with DNA. Some of these 
are readily extractable in dilute salt solutions. One 
of the major components of the saline extracts of 
liver and thymus nuclei is a protein with the prop- 
erties of a globulin. 

Other DNA-associated proteins. Avidin, a pro- 
tein prepared from egg white, contains some at- 
tached deoxyribonucleic acid. This is one of the few 
instances of DNA occurring outside of the nucleus 
in animal cells. 

Deoxyribonucleic acid occurs together with pro- 
tein in the bacteriophages and in some insect vi- 
ruses. The bulk of the protein in the bacteriophages 
forms an outer capsule surrounding the viral DNA. 
There are three to five different proteins in this cap- 
sule; all can he readily separated from the DNA. 
In addition, a small amount of protein occurs in 
close association with the nucleic acid and is trans- 
ferred with DNA into the bacterial cell at the time 
of virus infection. 

Many of the insect viruses are considered deoxy- 
rihonucleoproteins. In the virus infections of cer- 
tain insects, such as silkworms, intranuclear inclu- 
sion bodies appear. These polyhedral bodies are 
made up of virus particles embedded in a crystal- 
line protein. The hulk of the polyhedra consists of 
protein with a molecular weight of about 300,000. 
The virus itself is a small part of the inclusion and 
is made up of DNA and a closely associated protein 
fraction. .See Nucleic acid. 

[V.G.A.] 
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Nucleus, atomic 

Atoms are composed of negatively charged elt*, 
trons, positively charged protons, and electricalli 
neutral neutrons. The protons and neutrons 
lectively known as nucleons) are located in a 
small central region known as the nucleus. The 
electrons move in orbits which are large in po ln 
parison with the dimensions of the nucleus it^lt 
Protons and neutrons possess approximately equ d ! 
masses, each roughly 1840 times that of an 
tron. The number of nucleons in a nucleus is gj Wl , 
by the mass number A and the number ol protun- 
by the atomic number Z. Nuclear radii r arc gi\ Hn 
approximately by r — 1.4 X 10 M A l/,i cm. Svr \i, 
CLEAR STRUCTURE. [ u.l .n 

Nuclide 

A species of atom that is characterized by the run 
stilutioir of its nucleus, in particular by its ahum, 
number Z and its neutron number A -- Z, when 
A is the mass number. Whereas the terms isoiop. 
isotone, and isobar reter to families ol atomic qu 
eies possessing common atomic ijumbcr. neunw 
number, and mass number, respectively, the trim 
nuclide refers to a particular atomic species, 'lb 
total number of stable nuclides i* approximately 
27^. About a dozen radioactive nuclides are foiiini 
in nature, and in addition, hundreds of others him 
been created artificially. iH.i.n. 

Nuda 

A class of the phylum Ctenophora containing th«* 
single order Beroida. Their lack of tentacles de 
tinguishes these animals from the class Tentam 
lata. Sec Beroida; Ctenophora; Tkntacllaiv. 

Nudibranch 

Any of several marine gastropods which lack. 
apparently lack, a shell. They belong to the order 
Nudibrancliia, class Gastropoda, phylum Mollu^a 
They lack true gills and respire most common!' 
through the skin or by means of secondary giH* 
around the anus, around the edge of the mantle 
or in dorsal rows. Many have developed a varied 
of papillae on their surface which facilitate breath- 
ing. Some are very elaborate with brilliantly -col- 
ored papillae and tentacles. Others are slender 
smooth-skinned types like the land slugs in app par 
ance. Their basic anatomy is similar to that of the 
mussel and the snail. 



Nudibranch, Doris . (From T. /. Storer and R. L. Usings 
General Zoology , 3d ed., McGraw-Hill, 1957 ) 
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Sea cucumbers are hermaphroditic and recipro- 
11 v fertilising. They creep about on seaweed and 
M rher plants and on animals of the sea floor. Most 
of them feed on seaweed, but some are carnivorous, 
rating sponges and other animals. Some species 
fred extensively upon the hydroids of various Coe- 
lenterata. They seem to be able to eat these hv- 
,in>id^ without causing discharge of their nemato- 
<v<K 

Sea cucumbers are sometimes incorrectly called 
, r;i s ]„^. See Mollusca; Mussel; Slug (zool- 
m.\ 1 1 Sn ah.. f J n.B. j 

Nudibranchia 

\ mihorder in the Opisthobranchia containing the 
vlngs. The shell is usually absent, the gills are 
\ uiahlc in si/.c and position, and the mantle cavitv 
,, jipncralb lacking. Digestive diverticula branch 
in t « i a series of tubules, the club-shaped cerata on 
i!k dorsal surface of the body. 

These animals are high I v colored and are among 
the most beautiful animals in the sea. They ate 
pmlatorv. feeding mainlv on eoelenterales. The\ 

, K i'iii in all -eas, in shallow water to moderate 
depth**, lmt reach their greatest diversity in the 
iii)()jev Oilain forms are pelagic, existing in the 
open sea. See Gets nionu anmii \. | w.jx. | 

Number indicator tube 

Vn\ electron tube capable of visually displaying 
numerical tigurcs. In many eleetri»nie circuits and 
equipments it is desirable to indicate numbers. 
Siirh a tube can be one ot a ''Cl which will display, 
loi instance, the magnitude of \oltage in digital 
loin i This is analogous to electrical ( locks which 
di-pla \ the lime in numerical form. 

Gas indicator tubes. One of the simplest of 
Midi tubes, which is extensively used, is a coid- 
eathode gas tube in which lliere is a series of 
• alimdes which light up because of the cathode 
jd«>\\ that surrounds any cathode in a gas discharge. 
A common anode is used. These cathodes are 
limped to correspond to the different numerical 
digits from 0 through ( ). The desired cathode is 
'‘elected by any suitable sw itching scheme. Cathode- 
iue made of bent wire and are insulated and 
backed one above the other so that any particular 
number can he read when the corresponding cath- 
( »do i*, illuminated by applying a suitable voltage 
it. .SVe Electrical conduction in gases; Gas 
sthk. 

A picture of such a tube is shown in the ill ust ra- 
tinn. This type of indicator tube is bright enough 
that it may be used in daylight conditions, al- 
though there are frequently disturbing reflections 
° n the glass envelope. These can he overcome by 
putting a polaroid screen, which eliminates reflec- 
t * ,,r,s ' in front of the tubes. 

Charactron tube. Other types of number-indi- 
( ating tidies are generally more complex in char- 
a, ‘ter. There is. for instance, a special type of 
cathode- ray tube known as the Charactron. This 



Number indicator tube showing the positions of the 
number-shaped cathodes. (Burroughs Corp.) 


tube utilize^ an electron beam as in the ordinary 
cathode-ra\ tube, which is deflei ted to pass through 
a mask which contains different numbers or letters 
punched on it. The beam is subsequently deflected 
and focused hark to anv position on a fluorescent 
screen so that the particular letter or number 
through which the beam was passed in the mask 
appears illuminated on the fluorescent screen. Such 
a tube can be used to display words and sentences 
and other combinations of numbers and letters. 
Such tube* are. however, rather expensive and re- 
quire fairly complex circuitry for operation. See 
Storage tube. 

Other devices. Other display devices are avail- 
able to supplement rhe available tubes. One form of 
display device for numbers makes, use of electro- 
luminescence. Numbers are stylized by conforming 
to the seven segments of a block number eight; 
each segment can be separately illuminated. By 
illuminating proper combinations of these seven 
segments, the ten digits, including zero, can be 
formed. Still another number-display device makes 
use of a stack of transparent plastic strips with the 
individual digits embossed on them, one on each 
strip. The number on any particular strip can be 
illuminated by a small light located at the fedge of 
that strip. 

The development of the above devices and others 
of a similar character has led to an extensive use of 
digital display of quantities such as voltage, time, 
and count. See Counter, digital. [k.r.s.] 
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Number systems 

Integral numbers may be represented as linear com- 
binations of powers of any convenient and arbi- 
trarily chosen base. The choice of the base is not 
always made on a rational basis, and number sys- 
tems have been based on 5, 6, 10, and 60. More re- 
cently, systems based on 2 and 8 have proven quite 
useful in computer applications. The duodecimal 
number system, in which numbers are represented 
as linear combinations of powers of 12, has certain 
advantages because 12 has the factors 1, 2, 3, 4, 6, 
and 12. 

Decimal system. Every positive integer is 
uniquely a polynomial in 10 with coefficients, called 
digits, taken from 0, 1, ... , 9. The fact that 

205714 - 4 + 1 ■ 10 + 7 • JO 2 + 5 • 10* 

+ 0 • 10 * + 2 • 10 * 

is nearly always lost in present-day leaching, and 
in the hurried application of ordinary arithmetic. 
In fact, numbers are likely to be thought of as 
merely an orderly arrangement of their decimal 
digits. 

The decimal method of representing numbers 
comes from India and Arabia and is only a few cen- 
turies old in Europe. The base, 10, is due to the 
biological fact that man has that many articulate 
fingers and thumbs. The positional significance, in- 
cluding the meaning and usefulness of zero, is of 
oriental origin. 

The operations of addition and multiplication 
consist of the corresponding operations with poly- 
nomials, together with rules that serve to keep the 
results inside the system so that they can he used 
in future operations. In the case of addition of two 
numbers, use is made of either the familiar “carry” 
rule or the addition table, while for multiplication, 
use is made of the multiplication table to help rep- 
resent the product of two digits as a two-digit num- 
ber. These apparently nonalgebraic operations are 
so dominant that the basic polynomial structure of 
the numbers is obscured. Thus, the multiplication 
of polynomials is done by a more intelligent method 
than that used for numbers. For example, the mul- 
tiplication of 2057 by 3416 can he carried out as 
follows: 

2 0 5 7 

3 4 1 6 

6, i 7, 3 V, 4 2 

8, 5 3, 3 7 

7 0 2 6 7 1 2 

Commas separate those pairs of digits that arise 
from sums of products of pairs of digits taken one 
each from the original numbers, and having equal 
significance. Thus 53, the fourth most significant 
contribution, is given by 

53-2-6 + 0*1 + 4- 5 + 3- 7 

This process can be carried out either from right 
to left or from left to right, and in the latter case. 


may be terminated when half done if the least sig. 
nificant half of the product is not needed. 

In connection with the design and use of auto- 
matic computers, in which numbers of a limited 
size only may be added and multiplied at one time 
precautions against overflow in addition, and ap- 
proximation by rounding in multiplication further 
complicate the execution of ordinary arithmetic . 
This creates a system that, strictly speaking, fails 
to satisfy the axioms of arithmetic. This cause* 
serious difficulties in some problems involving mil- 
lions of additions and multiplications. 

Subtraction introduces negative numbers that 
may be handled by introducing a special digit 
called a sign digit with its own rules of combina- 
tion, or by introducing complementation in which 
the digits of a number are subtracted from 9, ex- 
cept for the last nonzero digit which is subtracted 
from 10. Thus to subtract 20570 from 34162, 20570 
may be complemented, and 34162 added to it lu 
obtain the desired difference, 13592, as follows: 

. . . 99979430 

. . . 00034162 
. T. 00013592 

Numbers that begin with a run of nines are con- 
sidered negative in this system. Of course care mu>l 
he taken to guard against overflow in which a ven 
large positive number might he confused with a 
very small negative one. 

Division is a process that can be carried out onl\ 
rarely with absolute exactness in the decimal 
tem, the process usually being nonterrninatinu 
This introduces the notion of infinite decimal e\ 
pansions and the more or less theoretical opera- 
tions with such numbers. In practice, truncation 
and rounding are used, as in % = .66667, with 
consequent errors and departure from the axioms 
of arithmetic. In this case a quantity like ab/c \> 
not unique hut may depend upon the order in which 
the indicated operations are performed. For com 
plicated and extensive problems involving only the 
four rational operations of arithmetic, an adequate 
analysis of the errors involved may be very costb 
indeed. 

Automatic calculation in this simulated real 
number system may be facilitated by the use of a 
normalizing coding device called “floating arith- 
metic.” In this system a positive real number is ex- 
pressed as a truncated decimal between .1 and h 
times the appropriate power of 10. Thus the num 
ber 7 r on a 10-digit decimal machine, could be coded 
3141592751. In interpreting this “word,” the ma- 
chine separates the last two digits. 51, and sub- 
tracts 50 to get the exponent (possibly negative* 
of the power of 10 by which the mantissa .3141592* 
would have to be multiplied to obtain tt correct to c 
decimals. Rules for multiplying and adding in ^ 
system are easily formulated. They involve insp et ’’ 
tion, comparison, and manipulation of the oxP 0 ’ 
nents, followed by appropriate shifting right or 
left of the mantissas, followed next by ordinal 
decimal arithmetic on the mantissas, and finally a 
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norm alizatio n and reassembly of the answer as a 
floating word.” The system has the advantage of 
prater control over numbers of widely varying or- 
ders of magnitude. The disadvantages include 
slower operation, often by a factor of 5 or more, 
and occasional unpredictable loss of information. 

Besides the operation of complementation, there 
arc other nonarithmetic operations with decimal 
numbers, for example, comparison. Two numbers 
ma v be compared for si/e by a simple inspection 
„f their corresponding digits, beginning from the 
| ( *ft and stopping at the first case of inequality. 
This simple but important property is worth men- 
tioning because comparison is almost impossible 
in certain other systems. An unusual use of decimal 
digits is the so-called middle-of-the-square method 
of generating random numbers. By this method the 
next lO-digh random number is obtained from the 
pm eding one by squaring the latter and selecting 
from the square the central 10 digits. 

There are many interesting properties of the 
(limits of integer numbers. The simpler ones depend 
on the theory of congruences. The most familiar 
tact of this sort is the statement that a number is 
even il. and only if, its last digit is even. A similar 
'tiiteiuent i< true with respect to divisihilitv hy 5. 
If ;i number is diminished by the sum of its digits, 
the icMilt is a multiple of 9. This fact is the basis 
foi the scheme for checking arithmetic by “casting 
out nines.” at one time known to everv school bov. 
Hcvcns mav be cast out in like manner if the 
•liiiils are added with alternating signs. Thus, 
4162 - (2 6 +- 1 — 4 -f 3) - 34166, is a mul- 

fiplr of 11. Similarilv, grouping the digits bv 
•hires. 31535599 - (599 - 535 + 34) =■- 34535501 
i" a multiple of 1001 = 7 ■ 11 * 13. This fact is 
-nmetimes used to check desk calculator compute 
turn*, hy casting out 1001s. It is also used to decide 
quick !\ whether a given number is divisible by 
■ II. or 13. The number 34535599 is not divisible 
7- 11. or 13 since 599 — 535 + 34 = 108 is not. 
^qcares of integers have digital properties. For 
example, the final digit of a square is either 0. 1. 
I- \ 6, or 9, never 2, 3, 7, or 8. There are only 22 
■'ombinaHons of two digits in which a square can 
»*nd Mtr. Such fads are sometimes used in finding 
factors of a given number by expressing it as a 
difference of two squares. The rapid recognition of 
HfUNquarps is also helpful in many other diophan- 

problems. 


The representation of real numbers requires in 
ln *te, that is unending, decimals. If the digits ol 
r ,,( I 1 a decimal ultimately become periodic, the 
m,; d the ratio P/Q of two integers, and con 
• The length of the period is a complicated 
unction of Q 9 depending on the prime factors ol 
numbers of the form 10 w ~ 1. If, and only if, Q U 
*be form 2 ,, 5 h . the decimal expansion of P / C 
er, ninates. In such cases P/Q has in reality twe 
"Mansions. Thus 7/5 - 1.4000. . . = 1.3999. . . 

4 . e K^eat majority of decimals do not become 
U ri °dic, or in other words, almost all real numbers 
T * ^rational. The class of irrational algebraii 
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numbers, such as the square root of 2 , that are roots 
of polynomials with integer coefficients, is almost 
completely obscured by other real numbers in their 
decimal representation. There are only a few state- 
ments that can he made about the digits of such 
numbers other than the obvious one of nonperiodic- 
ity. For example, if k consecutive zeros occur, then 
they cannot occur “too soon” for an infinity of k . 
On the other hand, almost all real numbers have 
perfectly normal decimal expansions in the sense 
that each digit occurs, on the average, one-tenth of 
the time, each ordered pair one-hundredth of the 
time. etc. Whether 7 r, e, or v '2 are normal is not 
known. The totality of all known examples of nor- 
mal numbers is countable. 

Almost everything that has been said so far about 
the decimal system applies with equal force and 
very little modification to a general system based 
on an integer b > 1 instead of 10. The fad that 
people “know” all the powers of 10 hut not the 
powers of 7 or 12 is purely psychological and based 
on tradition. Beyond the fact that 10 tVeven. there 
is little to recommend it as a base. The Babylonians 
used 60, a large hut useful base that is still in vogue 
for measurement of time and angles. The mathe- 
matician J. d'Alembert and many others after him, 
urged the adoption of b = 12 with its six divisors. 
The advent of electronic computers has made a 
good case for b “ 8 or some other power of 2. 
Probably base 8 is used h\ humans more than any 
base except 10. For b > 10. new characters are 
needed to represent the extra digits. Although there 
is no agreement as to which characters to adopt, 
the modern tendency is to use roman letters be- 
cause thev ate easily available on the typewriter. 
The adoption of a second system brings up the 
question of translating or converting numbers from 
one system to the other. Methods for doing this are 
explained in following sections on binary and octal 
systems. 

Binary system. In the binary system every posi- 
tive integer is the sum of distinct powers of 2 in 
just one wav. Thus 434 = 2 s -f- 2 7 4- 2* \ 2* 4- 2 1 , 
and this is expressed by writing 110110010. The 
digits corresponding to 2°, 2 2 . 2 ; ‘, and 2 r> are zero, 
since these powers do not occur in 434. The first 
dozen integers are written as follows: 


J 

1 

4 

100 

7 

111 

10 

1010 

2 

10 

5 

101 

8 

1000 

11 

1011 

3 

11 

6 

110 

9 

1001 

12 

1100 


The great advantage of the binary system lies in 
the fact that there are only two kinds of binary 
digits, or “hits,” namely 0 and 1. This not only 
gives a simplified arithmetic but provides a lan- 
guage in which to treat two-valued functions or 
bistable systems. Among its disadvantages is the 
fact that the binary system requires nearly three 
times as many digits to represent a given number as 
does the familiar decimal system. 

Digital computers invariably use the binary sys- 
tem. The so-called decimal computers code the dec- 
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iinal digits into binary form, while the purely bi- 
nary machines use full binary arithmetic. 

The physical representation of binary numbers, 
or information, is possible in many forms. A row of 
lights, some on and some off, may be interpreted as 
a binary number. A set of condensers some charged 
and some not. or a set of high and low voltages, or 
a set of magnets with fluxes in one direction or an- 
other are electronic examples of media for the 
processing and retention of data in the binary sys- 
tem. The fact that there are only two states to rec- 
ognize accounts for the great reliability of such 
computing systems. 

The conversion of decimal, or base 10. integers 
into the binary system can be done in two ways. 
First, one may subtract from the given integer the 
highest power of 2 not exceeding this number and 
record a 1 in the binary position corresponding to 
this power of 2. The remainder of this subtraction, 
if not zero, now replaces the original number and 
the process is repeated until a zero remainder is 
obtained. 

Alternatively, one mav divide the given number 
by 2 and record the remainder, 0 or 1. as the final 
binary digit. The quotient in this division now re- 
places the given number and the process is re- 
pealed and continued until a quotient of zero is 
reached. The two methods are illustrated in the 
case of converting 434 to the binary system : 


134 


1.31 


2.% 


217 

0 

178 

l 

108 

10 

128 


51 

010 

50 

1 1 

27 

0010 

-32 


13 

10010 

i« 

110] 

6 

110010 

-16 


3 

01 10010 

2 

1 1011 

1 

101 10010 

0 

lionooio 

0 

lionooio 


Both processes have obvious inverses for going from 
the binary system to the decimal system. In the first 
case, the indicated powers of 2 are simply added 
together, and in the second case, a sequence of 
doubling operations is used, followed by the addi- 
tion of 0 or 1 as specified by the given binary num- 
ber. For numbers between 0 and 1 similar proce- 
dures are available. Either the subtraction of 
powers of 2 (negative powers! can be continued or 
the given number can be doubled, followed by sub- 
traction of whichever of the numbers 0 or 1 will 
make the remainder lie between 0 and 1, and the 
operation continued with the remainder as before. 
The reader may wish to test his understanding by 
verifying that 43.4294 has the binary representa- 
tion : 

lOlOll.OllOUOlUlOUOlO. . . 

Arithmetic in the binary system is remarkably 
simple. For addition, only 1 4* 1 = 10 is needed. 


while the multiplication table reduces to 1 • 1 s- j 
Examples of addition and multiplication are 


11010] 

(53) 

110] 

11001 

(25) 

1011 

1001110 

(78) 

1101 


1101 

1101 

10001 111 nr- 

Such simple operations are readily performed dor 
ironically with extreme rapidity and reliability. 

The binary system is useful not only to represent 
numbers hut also to record and process informa- 
tion. In fact the unit of information is a binan 
digit. For example, given a set, S % of objects and a 
property P, it is possible to record which object- 
have the property P, and which do not, hv assigning 
a binary position to each object of ,S and recording 
There a 1 or 0 according as the property P is. or h 
not, possessed by the corresponding object. Thus it 
the objects are the first odd numbers and P is the 
property of primal it y, the binary number 

iV = .011101101 101001 10010. . . 

is equivalent to the list of odd primes 

3, f>, 7, I I, 13, 17, 19, 23, 20, 3L 37. . . . 

A binary computer, with its ability to extract amJ 
examine a given binary digit, can use this com 
pact method of storing information. The operation 
.V -f .V replaces /V, which shifts the digits one phur 
to the lelt and produces overflow il, and only if. tin 
corresponding number is a prime, can he used in 
general to select the successive members of >' liav 
ing a property P. Other combinatorial process 
involving several coded binary numbers can he iwd 
to advantage with a binary computer. For example 
one can make a search for those objects of S that 
have a set of specified properties Pi, Pi>, . . . ■ 
The binary system is implicit in a number of dif- 
ferent arithmetical operations and games. The Hi- 
called Russian peasant method of multiplying b) 
doubling and halving is a case in point. To nmitipb 
323 by 146, form two columns of figures (in thf 
decimal system ) . 


146 

.323 

73 

646 

36 

1292- 

18 

2584' 

9 

5168 

4 


2 

2067? 

1 

41344 


47158 


Each term of the first column is the integer part 
half the preceding term. Each term of the second 
column opposite an even number in the first column 
is struck out. The sum of the remaining numbers 
gives the desired product 47158. The method wor 
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| )n . hll sc, in forming the first column, one is, in 
fjfrrt, converting 146 to the binary system. 

Another operation in which binary representa- 
tion is effective is that of raising a given base, B , 
to a high integer power. Suppose that 

n = b k b k i ' • • 626160 

th»* hinarv representation of the integer n. To 
n , m piile B" most efficiently, form recursively the 
numbers, defined by 

wo - B bk ~ B 
w\ — B hk 1 (/co ) 2 

W\ = B hk * (/c,_ 1) 2 
I lien u i, = B". In fact 

u'i t - /? 6 ° (/ca. O 2 - flfc»+*r*i+*(fc*+ ■ ■ •» 

*«, that the exponent is 

6« f- 26 1 -4- 2 2 62 4~ • * ■ + 2*6* = n 

Octal system. To write a number in the octal 
'.\-iem. once it has been expressed in the binary 
-Worn, one merely groups the binary digits by 
iIiim'v. beginning at the binary point and working 
!•> the left and right. Thus the decimal number 
1 i 1294 gi\ es 

<101)(01J).(01J)(011)(()11)(I10)(1I0)(J0.) 

o! Mniplv 53.333664. where the last digit should 
perhaps be 5. On the other hand, decimal to octal 
• ■inversion can be accomplished directly by either 
■•I tin 1 two methods that correspond in an obvious 
*d\ to those given for decimal to hinarv conversion. 
I liu>. hv subtracting appropriate multiples of 
povvers of 8. beginning with the largest possible 
power, 

5280 = 1 • 8 4 + 2 • 8 » + 2 * 8-4- 4 • 8 

s “ that in the octal system there are 12240 feet in a 
nule. Alternatively, one may divide 5280 by 8, get- 
ting 0 as remainder und 660 as quotient. Dividing 
M) bv 8, 4 and 82 are obtained. Dividing 82 by 8 
gives 2 and 10. Dividing 10 by 8 gives 2 and 1. This 
il K . digits in reverse order. 

Octal to decimal conversion may be effected by 
the use of a convenient table of powers of 8, a 
sample of which follows: 


n 

8" 

n 

8" 

0 

1 

-1 

.125000 

1 

8 

-2 

.015625 

2 

64 

-3 

.001953 

3 

512 

-4 

.000214 

1 

4096 

-5 

.000031 

5 

32768 

-6 

.000001 


he octal system with its eight digits 0, 1, ...» 7 
affords a convenient way of condensing the length- 
Irr display of the binary system. Arithmetic in the 
,)r tal Ryst cin resembles the familiar decimal arith- 
mct h:. The addition and multiplication tables are 
^ fchown. 


Addition 

0 1 2 3 I 5 6 7 

0 0 12 3~1 5 6 7 

1 12 3 4 5 6 7 10 

2 2 3 1 5 6 7 10 11 

3 3 4 5 6 7 10 II 12 

4 I 5 6 7 10 II 12 13 

5 5 6 7 10 11 12 13 14 

6 6 7 10 II 12 13 14 15 

7 7 10 11 12 13 11 15 16 

Multiplic.ih.il 
0 l 2 3 I 5 6 7 

0 0 0 0 0 0 0 0 0 

10 12 3 I 5 6 7 

2 0 2 4 6 10 12 U 10 

3 0 3 611 M 17 22 25 

4 0 1-10 11 20 24 30 31 

5 0 5 12 17 21 31 30 13 

6 0 6 11 22 30 36 44 5 2 

7 0 7 16 25 31 13 52 6J 

Examples of addition and multiplication in the 
octal system aie: 

4375 5731 

3701 16 

10301 43150 

573 1 
123010 

Octal arithmetic can he checked by “casting out 
sevens*’ (instead »>{ nines) by adding the digits. 
Thus tor the addition problem above 

4375 => 4 4 3 4- 7 | 5 - 23 9 \ 3 - 5 (mod 7) 

3701 a: 3 4-7 4-0 4 1 -16=1 -f 6 ^ 0 (mod 7) 
10301 =14 3 4-1 = 5 (mod 7) 

Checking by lasting out nines involves taking the 
octal digits with alternating signs. Thus 

1375 - 5 - 7 4 3 - 1 » -3 ^ 6 (mod 0) 
3704 4 - 0 4 7 - 3 = 8 (mod 0) 

1030 1 -14 3 4-1 = 5 ^64-8 (mod 9) 

The octal system requires only 10'r more digits 
than the decimal svstem to represent the same 
amount of information. Some computing systems 
use base 16, in which case binary information is 
handled in sets of four hits. This system is more 
compact than the decimal s>stem, 100 hexadeci- 
mals being equivalent to 120 decimals, but it re- 
quires a multiplication table with nearly three 
times as many entries. 

Computing systems of binary type have subrou- 
tines for the conversion of any kind of decimal in- 
formation into binary information during input, 
and vice versa during output, so that a facility in 
octal arithmetic is needed only rarely during check- 
ing and testing of a new problem. .See Digital 
computer; Numerical analysis. Id.h.l.] 

Bibliography : T. Danlzig, Number , the Language 
of Science , 1956; C. Keid, From Zero to Infinity , 
1955. 
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Number theory 

The primary objects of number theory are the prop- 
erties and mutual relations of the natural numbers 
1, 2, 3, . . . , and more generally of the integers, 
which include also the zero and the negative inte- 
gers. The integers form a ring, that is. a domain 
within which addition, subtraction, multiplication 
(but not necessarily division) can always he car- 
ried out. The numbers can be classified in many 
ways: for example, odd and even numbers, square 
numbers, prime numbers, perfect numbers. These 
classes of numbers were mentioned hy Euclid 
(around 300 ii.c. ). 

In a wider sense, number theory also studies spe- 
cific properties of other classes of numbers: ra- 
tional, algebraic, and transcendental numbers. Sev- 
eral disciplines are distinguished in number theory. 

Elementary number theory. The main concern of 
thi* branch of number theory is divisibility. A num- 
ber d is called a divisor of n (in symbols: d j n) 
if there exists an integer t such that n « dt. A 
prime number is a number that has only 1 and it- 
self as divisors. Euclid proved that there is no last 
prime number in the sequence of integers. Indeed. 

if 2. 3, 5 p are known prime numbers, then 

the number 

;V = 2 ■ 3 ■ 5 p + 1 

is divisible by none of them and is therefore ei- 
ther a new prime number itself or is divisible by 
prime numbers not used in the construction of /V. 
'Fhe fundamental theorem of number theory, also 
proved hy Euclid, states that a number n can he 
factored into prime numbers in only one wa\ when 
the order of the prime factors is disregarded. The 
essential tool in the prool is Euclid's lemma: if a 
is a divisor of the product be and if a and b are 
coprime, that is, they have no other common divisor 
than 1, then a divides c. 

A perfect number is defined as a number equal 
to the sum of its proper divisors, or divisors smaller 
than the number. Euclid showed that (2" - l)2 n 1 
is a perfect number if 2 W — 1 is a prime number, 
a so-called Mersenne prime. If 2 W — 1 is a prime 
then n must itself he a prime. At present, 17 Mer- 
senne primes and thus 17 perfect numbers are 
known, the first of which are 6, 28, 496. Euclid’s 
formula yields only even perfect numbers. It is not 
known whether odd perfect numbers exist. 

Congruences. If a — b is divisible by m, then a is 
called congruent b modulo m, in symbols 

a ^ b ( mod rn ) 

This relation is an equivalence, that is, it is reflex- 
ive, symmetric, and transitive, and defines, there- 
fore, equivalence classes of numbers congruent to 
each other, called residue classes. There are evi- 
dently rn residue classes modulo m. The number of 
those residue classes which contain only numbers 
coprime to m is called Euler’s function <p (m). Its 


value is 

<p(m) = m I! ( 1 - 

p\m \ pj 

Congruences to the same modulus can be added 
subtracted, and multiplied in the same manner a - 
equations. Two important congruences are 

a fi ~ 1 1 ( mod p ) j j , 

for p prime number, a not divisible by p (FermatV 
theorem ), and Wilson's theorem 

( p — 1 ) ! ~ — 1 ( mod p ) 

Formula ( 1 ) was generalized hy L. Euler to 

i (mod m ) (2 

where («,ro ) = 1. The symbol (ajn) designate** the 
greatest common divisor of a and rn. 

The linear congruence 

ax — b ( mod m ) 

is solvable for x if and only if d j 6, where d 
(a,m). Under this condition it ha* d different ijn 
congruent) solutions modulo rn. If rn = p i** .i 
prime number then 

ax -- 1 (mod />) # 

has exactly one solution for each a not divisible U 
p. This solution is tin* reciprocal of a moduli* /> 
This shows that residue classes modulo p not onh 
forrfi a ring, but also a field which is finite ( having 
p elements) and is of characteristic p (see Kin*- 
theory). The congruence 

Oi)X n + a i*" 1 4 **•+«,! ” 0 (mo 

is of degree //, if m does not divide r/n. If m - /*. 
then the number of solutions „v cannot exceed n , but 
a solution may not exist. The congruence 

x spim) — - ] ( , no( J m ) 13- 

has, in virtue of relation (2). <p(m) solutions. If ^ 
is a number coprime to m of which no lower power 
than the <p(m ) th is congruent 1 (mod rn). it Js 
called a primitive root modulo ///. A modulus m 
has primitive roots only for m — 2, 4, and f° r 
m = p k , 2p\ where p is an odd prime. 

The period of the periodic decimal into which the 
reduced fraction l/m can be expanded ha* th' 1 
length <p(m) or a divisor thereof. It has the maxi- 
mal length <p(m) only if 10 is a primitive root 
modulo m. 

If the congruence 

x 2 s=s a (mod m) 

is solvable, a is called a quadratic residue modulo 
m, otherwise a quadratic nonresidue. Let m - P 
an odd prime. The Legendre symbol (a/p) * s df 
fined as -fl if a is a quadratic residue modulo P 
and as —1 if a is a quadratic nonresidue; it 18 
sumed that a&O (mod p). The Legendre sy® ® 
is a character of the multiplicative group of ream 11 



, ’la^es modulo p: 

0 • o - o 

]l q \- another odd prime then 

m - « 

ihe famous reciprocity law of quadratic residues. 
Moreover 

. ,-,,v 

The Legendre symbol can be generalized to odd 
composite moduli (Jacobi symbol 1. 

Reciprocity laws. For higher-power residues, 
tiio-e laws bt long properly to algebraic number the- 
«»rv . 

An expression 

F ( x.y ) = Ax'- Bxy 4- Cy- 

^ a binary <]uadratic form. Here the coefficients A . 
/>. and C an* taken as integers, the variables x and 
\ assume onlv integer values. The expression. D - 
//’ - 4 t(i i*- called the determinant. Two forms 

Fix.') - Ax 2 4- ttxx -| C\* 

iiul « A ia'* 4- B,jrV f (\\ 

am equivalent il there exists a linear transforma- 
tii m 

x f - ax -4 ftv 
v' -= 7-T }- 

w if li rvfi — fty =-4.1, and a, ft. y. S integers, so 
that 

F(x.v) - F\ (x'.y') 

Equivalent forms have the same determinant and 
represent the same numbers. The number of classes 
“f equivalent forms is finite. The theory is different 
b»r positive and negative determinants. There are 
°nly finitely many negative determinants which pos- 
Spss a given class number. In the theory of binary 
quadratic forms of positive determinant I). the so- 
'■alled Pell’s equation t~ — Du 2 = 1 plays a funda- 
mental role. 

Pierre de Fermat slated, and Euler proved, that 
. Pvp ry prime number which is congruent 1 modulo 4 
j s sum of 2 squares, for example 13 = 2- -f 3*. 
^bis property is connected with the fact that for 
’j’Ueh a prime number —1 is a quadratic residue as 
h, b 151 shows. J. L. Lagrange found that every nat- 
ural number is the sum of at most 4 squares. 

Waring in 1782 conjectured that to every k there 
exists a number g(k) such that every natural num- 
ber is the sum of at most g(k) /cth powers. This 
Was Proved in 1909 by David Hilbert by means of 
J er tain algebraic identities. Analytic proofs were 
ttter found by G. H. Hardy and J. E. Littlewood. 
an d by I. M. Vinogradov. 
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There are infinitely many integral solutions for 
the Pythagorean equation 

x - 4- y"- = z 2 

The solutions are all contained in the formula 

x ~ u- — tr y ~ 2 uv z — tr + v 2 

where u and v are positive integers. Fermat made 
the famous statement that 

-f y n - z" (6) 

is not solvable in integers tor any integral expo- 
nent n > 2. Resides n - 4. onlv prime exponents n 
need to he considered. Fermat’s last theorem has 
been proved for all n tv 4001. In case v, z are 
prime to w, Eq. (6) is known to he unsolvahle for 
all n < 253, 747, 889. 

Algebraic number theory. The results concern- 
ing Fermat’s last theorem are obtained through the 
methods of algebraic number theory. Karl F. Gauss 
carried over the concepts of number theory to the 
ring H[i | of all complex integers a 4- hi , where a and 
h are ordinary integers. The law of unique prime 
laclor ; /ation is preserved in this ring. Ordinary prime 
numbers p .3 (mod V) are also prime numbers in 
R\i\. whereas 2 - --/(l -ft) 2 and the primes p ■-& 1 
(mod f) are split p - (a 4 hi) (a - hi). An algebraic 
number field R{9) ol degree n is generated by the root 
6 ol an algebraic equation F( v) = 0 of degree n. 
having rational coefficients. A number a in ibis field 
is called an (algebraic) integer if it satisfies an alge- 
braic equation with rational integer coefficients, the 
highest of which js L. The algebraic integers in an 
algebraie number field form again an integral domain. 
However, the prime factorization is not necessarily 
unique, as the example 21 - 3 • 7 = (1 4 2V 5) 
(J — 2\ - 5) = (1 f V 7 5) ( 1 — v 7 - 5) shows, where 
each prod m t is irreducible in the ring /#[V—5|. 
Uniqueness is restored, after E. K. Kummer (1810- 
1893) and J. W. R. Dedekind (1831-1916) through 
the introduction of ideals. An ideal n in the algebraic 
nurnbci field K = K{6) is a set of algebraic integers 
of F such that (i) if a e a. ft c rt. then (a 4 ft) c 
n, and (ii) if a € a and £ anv algebraic integer in K. 
then «£ € rt. A multiplication of ideals can be de- 
fined, and then the concept of prime ideals can be 
introduced. A number a itself is in this theory re- 
placed by the principal ideal (a), consisting of all 
numbers «£, where £ runs through all integers pf K. 
The fundamental theorem is now the uniqueness of 
factorization of an ideal into prime ideals. Two ideals 
it and b are called equivalent if two integers £ and rj 
in K exist such that (£)a - (rj)b. Equivalent ideals 
are put into the same class. It tufns out that the 
class number of K is finite. Kummer was led to the 
investigation of factorization in algebraic fields 
through his study of Fermat’s Eq. (6), which can be 
written 

(z - x) (z - dx) ( z - 6' l x) -■■(*- 8 n ~ l x) * y n (7) 

where 0 * e 2rxln is a primitive nth root of unity. 
The factors of the left member of Eq. (7) are integers 
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in the field R(6). Ideals, first invented only for the 
use in number theory, have become a basic tool in 
higher algebra. 

Analytic number theory. For certain problems of 
number theory, the methods of analysis, that is, of 
calculus and function theory, have to he used. The 
most famous problem of this sort is the number 
7r(x) of prime numbers p i_ : . x. About 1793, Gauss 
conjectured that 


lim r<i> ''** - 1 


This equation was proved a century later in 1896 
hy Jacques Hadamard and Charles J. de la Vallee 
Poussin. The methods were created hy G. F. B. Rie- 
mavin (1826 1866) in a memoir of 1869. Riemann 
investigates the function £(s) defined hy the series 


roo - 1 

71 — 1 


1 

n f 


(Qa) 


Here s ~ o -f- it is a complex variable: the series 
in Eq. (9a) is convergent lor <r > 1. By a method 
of analytic continuation, the function can he defined 
in the whole complex plane of s. It is a ineromor- 
phic function with only a simple pole of residue 1 
at .s — 1. On the other hand, the theorem of unique 
prime number factorization furnishes the represen- 
tation 

f(») - TT (%) 

v 1 — p 

where p runs over all prime numbers. It can he 
shown that £{s) has no zeros for a = 1. This fact 
and the pole at s = 1 suffice to establish Eq. (8). 
Much finer statements about the function tt ( x ) have 
been proved. Niemann's above-mentioned memoir 
contains the still unproved so-called Riemann hy- 
pothesis: all zeros of £ (.s) have a real part not ex- 
ceeding M». If this hypothesis is true, one would 
have 

TT(^) = f X - "f 0(x (ll2)+t ) 

J2 log V 

In 1949, the formula (8) was for the first time 
proved independent of the theory of the Rie- 
mann zeta function (^-function) by A. Set berg and 
P. Erdos. 

Functions similar to £(s) were used by P. C. L. 
Dirichlet (1837) to prove that there exist infinitely 
many prime numbers p -= a (mod m ), where a and 
m are given coprime numbers. Dirichlet defines a 
series 

m y(n) 

L(s X ) = X --- (10a) 

n=l 71* 

where x^) is * character of the multiplicative 
group of residue classes modulo m and coprime to 
tt? . As a character modulo tti, the function x(" 1 ^ 
satisfies the equations: x( fl i) ~ x( a s) f° r a* 
(mod m) and x(#)x(^) — x(ab)- Here x(n) = 0 
if n and m are not coprime. The series (10a) is 


convergent for s > 1. In virtue of the properties of 
the character x* it permits also a multiple ati\ c 
representation similar to Eq. (96) : 


l(s,x) = n — YpT=i 

pi— x w P 


where p runs over all prime numbers. There are 
<p(m) characters x» and thus so many functions 
L(s,x)- From the analytic behavior of log Lis^\ 
for the different x if a— » G it can be deduced that 


L 7/ 

j>~= a (mod m) I J 


which implies that there must exist infinitely rnarr 
primes p — a ( mod rn ) . 

For problems of additive number theory. Euler 
utilized the simple fact x m • x n = x m ' n in his 
method of power series. Let m j . m *. . . . fir d 

monotone increasing sequence of nonnegativr in 
tegers of a specified type (primes, squares, and 
forth). The power series may he defined as 


fix) - x mi -f x m 2 -f x m * + 
and form the 77th power 


fix) q = An -f A\x I- A 2 : r 2 + ■ ■ 

Here the coefficients A tl signify fhe number nl 
times that n can he formed as a sum of q el r 
merits from the set {rrij}. If all the A tl can he shown 
to positive, then it is proved that every number n 
can he expressed as a sum of q numbers from thr 
set { Til,!. For the determination of the coefficient* 
A n , functionthenretical methods can he used, a* 
was done by Hardy and Eittlcwood and later In 
Vinogradov. If the m } tire the Ath powers and q i* 
suitably large, a proof of Waring's theorem oh- 
tained. Taking the m, as the successive odd prim* 1 
numbers, this method led to the theorem that 
every sufficiently large odd number is the sum 4 
at most 3 primes. 

A partition of n is the decomposition of n into 
additive parts, with disregard of order. For tlr 
number pin) of partitions of n , Euler gave the 
generating function 


£ pin)x 11 - TT (1 - x m ) 1 

71“* 0 m— 1 

where p(0) = 1. This formula can be used to e s 
tahlish a recurrence formula for the computation 
of pin). Hardy and Srinivasa Ramanujan (1914 
derived from it by functiontheoretical means ^ 
asymptotic expression for p(7i), the first term of 
which is 

^ (,,) 4n\^3 V 

Moreover, the number p(ti) can be expressed ex- 
actly as the sum of a convergent infinite seri^ 
The arithmetical function p(/i) possesses various 
congruence properties, discovered by Ramanujan. 




for example, 

p( 5 „ + 4) ssO (mod 5) p(7n + 5) s= 0 (mod 7) 

Diophantine approximations. It is evident that 
to any real number o», one can find a rational num- 
| )f , r h k with given denominator k which differs 
from o> by less than 1/k. The theory of continued 
fractions shows that for certain denominators /c, 
the approximation can be much better: for a given 
real irrational number «>, there exist infinitely 
many fractions h/k so that 


Here any positive number c ^ V5 can he chosen. 
Tor r ^ VS. however, there exist real numbers for 
which (ID has only finitely many solutions h/k. 
\|m>. the exponent 2 in (11) cannot he raised: for 
an it rational algebraic real <»> the inequality 

I *1 1 

r k\ < 

.an have at most only finitely many solutions h/k 
'theorem of Thue-Siegel-Roth ) . Joseph Liouville 
rnn^triicted real numbers A which for any given 
positive m have a solution h y k so that 



Nidi a number cannot be algebraic; it is trans- 
cendental. The numbers r and ?r were shown to he 
transcendental hv Charles Hermite f 1875) and 
Ferdinand T.indernann (1882). respectively. The 
latter result implies the impossibility of the quad- 
rature of the circle. 

If to is irrational, then the fractional part «*f 
'J") approximates every real number r between 0 
and 1. in other words: to a given e > 0, there exist 
infinitely many pairs of integers x and v such that 
n,» — v — r\ < c. These fractional parts frm) are 
distributed uniformly in the interval 0 < r < 1. 
That is to say, if o and /? are two real numbers 
0 o < p < 1 and <I> v ( «,/?), the number of n N 
Inr which 

a ^ | nco 1 S & 

m *n lim ~t r(cx.0) - 0 — ot 

ri 

Sl ‘<- Ai.c.f.br a ; Nijmbfh systems; Zero. [h.r.1 
bibliography: G. H. Hardy and E. M. Wright, 
bf Introduction to the Theory of Numbers , 2d v cd., 
l ( 4. r >; W. j I.eVeque, Topics in Number Theory , 
^ '“Is.. 1956; I. Niven, Irrational Numbers , Carus 
Mathematical Monograph 11, 1956. 

Numerical analysis 

The study of the methods and technicjnes for ob- 
^inin^r approximate solutions of apparently insol- 
l, hle mathematical problems. Modern tec hnology 
°ben requires the solution of mathematical prob- 
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lems which are so complex that only approximate 
solutions can be found. 

Large systems of linear equations. The famil- 
iar methods of substitution and elimination for the 
solution of a system of n linear equations (that is, 
equations of the first degree) with n unknowns be- 
come quite unwieldly when the number of equa- 
tions is large. Although in throrv, a system of lin- 
ear equations mav always he solved with the aid of 
Kramer’s rule (each unknown is the ratio of two 
determinants), in practice this method i* just as 
unmanageable for large svst* ms of equations as 
the methods mentioned above, so that numerical 
methods must he used. The standard procedure is 
to start with a first approximation to the solution 
of the given system of equations and to subject the 
approximate solution to a suitable process of re- 
finement. The Gauss-Seidel method will illustrate 
tin 1 general procedure, l.et the unknowns he desig- 
nated by rj, Ty, t.i x n . To get a first approxi- 

mation. all hut the first term in the first member of 
the first equation is ignoied. all hut fhe first two 
terms in the first member of the second equation, 
and mi on. In ibis manner, the resulting “triangu- 
lar” system of equations can easily he solved and 
vield« the approximate solutions j»ri n) , x^ ( 

. . . , To get a better approximation, one 

proceeds as follows: In the first equation, the 
unknowns .r-, X\\ a r are replaced by the val- 
ues jt 2 m , jc:v (,) -Tr, <n . previously obtained, 

and the resulting equation is solved for x\. Get this 
second approxirnatwm to x\ he denoted by In 

the second equation, i :J . ** arc replaced 

by the values £:s n) , .... ^n (1) . and 

by Ai (,jr , and the resulting equalion is solved for 
'The value jr 2 r - ,) thus obtained is the second ap- 
proximation to ^ l*. ) list as xi l - was the second ap- 
proxiination to x\. Proceeding in this manner, one 

obtains in succession .rp 2 ' x t , i2) . 

The second set of approximate values is used in a 
manner similar to the above to obtain a third set of 
approximate values. It can he shown that the suc- 
cessive sets of approximate solutions converge to 
the true solutions of the given system of equations. 

Numerical integration. The solution of numer- 
ous problems requires the evaluation of the area S 
under a given curve. If the given curve may he rep- 
resented by the formula y = /(.*), the area under 
the curve and the x axis lying between the .ordi- 
nates x ^ a and x = b is the definite integral of 
the function /(.*) between the limits x = a and 
x = b , and is represented by the symbol 

L f {x) dx 

If a function F(x) may he found to have for its 
derivative the given function /(s), then it is known 
that the desiied area is merely the difference be- 
tween the values of F(x) at the upper and lower 
limits of the integral, namely b and a. Very often, 
however, the function F(x) % the so-called primitive 
of f(x ), does not have a simple formula, as, for in- 
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stance, if f(x) is e~ x% . In such case numerical 
methods must be used to evaluate the given definite 
integral. A brief discussion of several methods for 
obtaining an approximation to the value of the de- 
sired integral will illustrate the general approach 
of numerical analysis in dealing with “insoluble” 
mathematical problems. Assume, for the sake of 
completeness, that the value of fix) has been eval- 
uated for a total of n + 1 equidistant values of x , 
including x = a and x = b. If these values of x are 
x { ) = a, X\ = a -f A, x -2 = a + 2h, . . . , x n = « 4- 
nh = b , and if the corresponding points on the 
curve y = fix) are denoted by An, Au . . . , 

A nt and their ordinates by y 0 , yi, y 2 y n , then 

the simplest estimate of the desired integral is ob- 
tained by replacing the curve y = fix) by the po- 
lygonal line passing through the points An . A i, A 2 , 
. . . y A„ and calculating the area under the po- 
lygonal line by breaking it up into n trapezoidal 
strips. Since a typical trapezoidal strip has the 
area %/Myic + Vk.i ), one readily obtains the ap- 
proximate integration formula (or mechanical in- 
tegration formula) 

•S S h + >1 4- >2 4- • ■ 4- > n 1 4 

It is conceivable that a more accurate approximation 
to the desired area rnay be obtained by replacing 
the portion of the curve corresponding to two 
consecutive intervals of combined length 2h by a 
portion of a parabola. Since the expression for the 
area under a parabola is known from calculus, 
the desired approximation is obtained by adding 
the expressions for the areas of the strips bounded 
by arcs of parabolas, included in the integral 
(a, b). Still another approximation to the desired 
area may be obtained by replacing the portion of 
the curve y = f{x) corresponding to three consecu- 
tive intervals of combined length 3A by a portion of 
a cubic. Since the expression for the area under a 
cubic is also known, the desired new approximation 
is obtained by adding the expressions for the strips 
bounded by arcs of cuhics included in the given in- 
terval (a, 6). In this discussion, it is assumed that 
fix) is known, but its primitive Fix) is not. It is 
obvious that the technique just described is equally 
applicable to the case where the mathematical ex- 
pression for fix) is actually not known, even 
though the quantities above designated by yo. yi. 
y 2 y n are known (very often these quanti- 

ties are the results of physical measurements). 
Since the formula for the area under the curve rep- 
resenting a given polynomial is known from the 
calculus, it is reasonable to conjecture that when 
n 4 l equidistant ordinates of a given curve are 
known, the optimum solution of the problem of 
evaluating the definite integral under consideration 
is to obtain the so-called Lagrangian polynomial 
which assumes the known values yo, yi, y 2 , . . . , 
Yn at the given n 4 1 equidistant values of x and 
to use the known calculus formula for the primitive 
of a given polynomial. 


Interpolation. Suppose, again, the values of a 
function fix) are known at n 4* 1 equidistant argu- 
ments (that is, values of x) and that it is desired to 
calculate the value of fix) for some intermediate 
argument. For the sake of concreteness, let it j, e 
desired to calculate fix) for a value of x lyj np 
between xo = a and Xi = a 4- h. The simplest, hut 
least accurate, procedure is to interpolate linearh 
between the known values y 0 and yi. This procedure 
is, of course, tantamount to replacing the arc con- 
necting the points of ordinates y 0 and y, by tJ 
straight line. In the light of the previous discussion 
of numerical integration, it is clear that a more ac- 
curate interpolation procedure would he to replace 
the portion of the curve y = fix) corresponding to 
the three points whose ordinates are y 0 , Vi, and >, 
by an arc of a parabola, and to calculate the dr 
sired value by means of the formula, known from 
the calculus, for the parabola passing through 
three given points corresponding to equidistanl ai 
guments. Further and more accurate procedure* 
would be to use the formula for the cubic passing 
through four points corresponding to equidistant 
arguments or, better yet, the Lagrangian forrnul.i 
for the polynomial P u ix) passing through tin 
points corresponding to n I 1 equidistant argu 
ments. It can he readily verified that* 


p ( v = (* ~ * 1 ) (x - *2) ; ; (x - x n ) 

n X (Xf) - Tl) (Aft - A 2) ■ ‘ ■ (Ao X n ) ^ 

/ (x ~ Xo) (a- - A 2) • • ■ ix - Xn) ^ 
(ai - Xo)(xi - A‘ 2 ) • ■ ■ (a: 1 - An) 

. jx -- Aft) (x - Xi) • • • (jr ■«_ Tn 

(X n ~ Aft) ix n - Xi) * * ■ (a„-*„ i) 


It is seen from this formula that the evaluation 0 ! 
P n (a) for a given value of x requires the evaluation 
of n 4 1 expressions (the numerators of the // 4 1 
fractions), each one of which is a product of n iac 
tors. It is clear that whenever the value of /Mr) * s 
desired for some new value of a, the n 4 l product.* 
must be recomputed from the beginning. Thus 
while the Lagrangian interpolation formula i" 
characterized by high accuracy, it has the great 
disadvantage of being uneconomical whenever it 
must he used for a large number of arguments. M 
this reason, other interpolation schemes have been 
designed which obviate the above disadvantage to a 
very marked degree. 

To describe the structure of such interpolation 
schemes, it is necessary to define finite differences 
of various orders. Assume that values of a function 
fix) corresponding to a sequence of equidistant 
arguments are listed in a vertical column alongside 
the column of the arguments. If, from each tabular 
value, the value corresponding to the preceding 
argument is subtracted, the values thus obtained 
are called the differences of the first order. From a 
column containing n41 entries, one evident!' 
obtains a column of first-order differences contain- 
ing n entries (each entry being written midway b e ‘ 
tween the two tabular values from which it ^ flS 
obtained) . In a similar manner, the column of first- 



order differences gives rise in succession to a col- 
umn of second-order differences containing n — 1 
entries, a column of third-order differences con- 
taining n — 2 entries, and so on. For any one argu- 
ment Xk ~ *o 4- kh % the differences of various order 
Wanting diagonally downward are referred to as the 
differences corresponding to the entry y, ( = /(**). 
Tbe*» ft differences are denoted by the symbols 
^ V / k , A*v/ f , A 3 y/c, .... The most important for- 
mula involving differences of ascending order is 
the so-called Newton-Gregory interpolation for- 
mula. 

let it he desired to calculate the value of f(x) 
for x = -To 4- ph , where p is smaller than unity 
Then the Newton-Gregory formula reads 


f(xt! + ph) - yo + J Ayo + ~ A 2 jo 


1 • 2 

pip - Dip -2) 


+ --- 


1-2-3 


AVo + 


+ A n vo 


(The coefficients in the above formula are the co- 
ell'u ient of the binomial expansion formula.) 
Since the values of the differences either are listed 
in tin table of the given function or, at any rate, 
arc readily obtainable by a series of simple opera- 
lions of subtraction, it is seen that the evaluation 
of f(xu 4- ph) for various values of p requires the 
evaluation of the coefficients 


P pip_z J) pip_ - 1)(p - 2) 
r 1-2’ f- 2 • 3 ■ • ■ 

for the same values of p. The amount of labor in- 
volved in the computation of these coefficients is 
considerably less than that involved in the evalua- 
tion of the Lagrangian interpolation polynomial. 
\n additional advantage of the Newton-Gregory in- 
terpolation formula arises from the fact that qi ite 
frequently the terms involving differences of high 
order are small and may therefore be neglected. 

Many problems in advanced physics and engi- 
neering are considerably more complex than those 
discussed above. Most of these problems require 
the solution of differential equations, that is, equa 
tionv involving derivatives of unknown functions. 
The standard numerical method for solving such 
diffeiential equations is to replace the various de- 
rivatives by the appropriate difference quotient. 
Thus, as is known to any student of calculus, the 
hist derivative of a function f(x) is defined as the 
hmit of the quotient 

f(x + h) -/ (*) 
h 

as h approaches zero. Similarly, it is shown in cal- 
nduR that the second derivative of a function is the 
huiit of the quotient 

f(x + h)+f (x-h) - 2f(x) 

h 2 

as ^ approaches zero. Thus, when solving a differ- 
enl *al equation involving the first and second deriv- 
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atives numerically, these derivatives arc replaced 
by the quotients just mentioned. The resulting 
equation makes it possible to evaluate the solution 
of the given differential equation when certain 
boundary conditions are given. It may be men- 
tioned briefly that finite differences, as defined 
here, play a major role in the solution of differen- 
tial equations. See Computer; Determinant; 
Graphic methods; Integration; Interpolation; 
Polynomial systems of equations. [a.n.l.I 
Bibliography : K. S. Kunz, Numerical Analysis , 
1957. 

Nummulites 

An extinct genus of the relatively large (up to 35 
mm in diameter), unicellular protozoans of the 
order Foraminifera (properly known as Camerina ) . 
Individuals of this genus developed a lenticular, 
discoidal, planispirally coiled, involute, multicham- 
bered test (shell), composed of calcium carbonate. 
They inhabited shallow, warm, marine waters of 
the tropical zone during the early Tertiary period. 
See Foraminifera fossils. 

a, I mm 

* \ H 



Photomicrographs of the internal structure of Num- 
mulites. (o) Transverse section, (b) Median section. 
(After W. S. Cole) 


Although Nummulites occurs in the Eocene rocks 
of the Americas, its maximum development was 
during the Eocene and Oligocene epochs in the 
circum-Mediterranean region. There, individuals 
were so abundant that certain limestones are com- 
posed almost entirely of their tests. The pyramids 
of Egypt are made of blocks of an Eocene num- 
mulitic limestone. The numerous species are used 
in geologic correlation. See Limestone. r w »s.c.] 

Nursing 

The application of the principles of physical, bio- 
logical, and social sciences in the physical and 
mental care of people, sick and well. Nursing in- 
cludes therapy as directed by the doctor; physical 
and emotional care; and patient and family educa- 
tion in rehabilitation, health maintenance, and dis- 
ease prevention. When several persons are simulta- 
neously involved m the nursing care of a person or 
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persons, nursing may also include the application 
of the principles and skills involved in manage- 
ment. 

History. Modern nursing began in 1860 when 
Florence Nightingale established the school which 
bears her name at St. Thomas's Hospital, London, 
England. Linda Richards, called the first trained 
nurse in America, was graduated from the New 
England Hospital for Women and Children in 
Boston, Massachusetts, in 1872. Three training 
schools for nurses, opened on the Nightingale plan 
in 1873. laid the foundation for nursing education 
in I he United States. These schools were the Belle- 
vue at the Bellevue Hospital in New York, the 
Connecticut at the New Haven Hospital in New 
Haven, and the Boston, now the Massachusetts 
General Hospital School in Boston. 

Legally two types of nurses are recognized, the 
registered nurse, commonly referred to as the pro- 
fessional nurse, and the licensed practical nurse. 
After graduation from a state-approved school of 
nursing, a written examination set by the state 
authority is required before legal recognition can 
be obtained either by nurse or practical nurse. 

Nursing in the United Stales has remained as it 
began, largely an occupation lor women. Approxi- 
mately 2A c /r of the practicing registered nurses 
are men, who numerically fill a small but important 
role in all fields of nursing. The improved status of 
women, the growing educational opportunities for 
women, the demands for greater technical, social, 
and judgmental skill and leadership in the practice 
of nursing have been evident in the changing pat- 
tern of education. For many years, based largely on 
the apprenticeship system of learning, modern pro- 
fessional nursing education has moved gradually 
toward the educational patterns of other profes- 
sions. 

Nursing has long been organized. The American 
Nurses’ Association, founded in 18%, the profes- 
sional organization for nurses, furnishes a medium 
for action relating to the employment of nurses 
and the improvement of nursing practice. This 
organization was a charter member of the Interna- 
tional Council of Nurses, founded in 1899. through 
which the American nurses can contribute to the 
improvement of the care of the sick throughout the 
world. In 1952, the National League of Nursing 
Education, 1893. the National Organization for 
Public Health Nurses, 1912, and the Association of 
Collegiate Schools of Nursing, 1935, merged into a 
National League for Nursing, a significant social 
experiment in organization. The National League 
for Nursing brings together nurses, practical 
nurses, and others concerned in nursing care, mem- 
bers of allied professions, and citizen consumers 
of nursing services to work for the development 
and imurovement of nursing services in hospitals, 
public-health agencies, schools, and industries, and 
of all types of education for nursing. 

Types of school. Three types of school prepare 
nurses for beginning practice: the 3-year or di- 


ploma program in the school conducted by a hos. 
pital; the 2-year or associate in arts degree pm. 
gram, conducted by the junior or community 
college; and the 4- and 5-year or baccalaureate 
degree programs, conducted by the senior eolith 
or university. All three types of programs admit 
applicants directly after high school graduation, 
and prepare for direct patient care in general 
mental, obstetrical, children’s, and communicable* 
disease hospitals, clinics, and operating rooms. Tin 
baccalaureate program prepares also for beginning 
practice in public health or visiting nursing. Spe- 
cialization in any field of nursing, and preparation 
for teaching, supervision, and administration, be- 
gins in the master’s degree programs offered by the 
university. Preparation for research, or teaching in 
the university schools of nursing, is secured through 
further studv in the university for the doctoral 
degree. 

The first school for practical nurses in this coun- 
try was established in 1912 in New York City Al- 
though the early schools demonstrated the \aluc i»( 
the practical nurse, this plan of training developed 
slowly until World War H. Fc •w schools have been 
established as independent schools since tin* be- 
ginning of this training. Schools for practical 
nurses are now conducted bv hospital and bv the 
state education systems in the vocational high 
schools, which secure facilities for bedside 1 1 aining 
in cooperating hospitals. The program for the 
licensed practical nurse is commonlv 1 \ear in 
length, and prepares for the care of the mildK ill 
in the home, hospital, and nursing home, under in- 
direct supervision of doctor or nurse, or for the 
care of the more acutely ill patients under dmvt 
supervision. 

Role in government health services. Profes- 
sional nurses play a major role in the government 
health services. Thev serve in the military nurse 
corps of the Army, Navy, Air Force, and Public 
Health Service as commissioned officers. As civilian 
nurses under Civil Service or other government 
programs, they are employed by the Bureau of 
Indian Affairs, the Public Health Service, and the 
Veterans Administration Department of Medicine 
and Surgery. Nurses hold positions with large 
administrative and consultative responsibilities in 
such agencies as the Children’s Bureau, the Civil 
Service Commission, Office of Civilian Defense 
Mobilization, and in foreign service under the 
United States International Cooperation Adminis- 
tration. In natural disaster or national emergency, 
the nurse may serve as a member of the American 
Red Cross Nursing Service. See Medicine. | R.si«l 

Nut 

Tn mechanical structures, an internally threaded 
fastener. Plain, square, and hexagonal nuts for 
bolt*' and screws are available in three degrees of 
finish: unfinished, semifinished, and finished. There 
are two standard weights: regular and heavy. 
specific applications, there are other standard 




Applications of nuts. 

1'irriis siicli as jam nut, castellated nut, slotted nut, 
‘.i|» nut. wing nut. and knurled nut (see illustra- 
tion i . 

Hexagon jam nuts are used as locking devices to 
kf*rp regular nuts from loosening and for holding 
screws in position. They are not as thick as 
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plain nuts. Jam nuts are available in semifinished 
form in both regular and heavy weight. 

Castellated and slotted nuts have slots so that a 
cotter pin or safety wire can hold them in place. 
Thev are commonly used in the automotive and al- 
lied fields on operating machinery where nuts tend 
to loosen. The slotted nut is a regular hexagon nut 
with slots cut across the fluts of the hexagon. They 
are standardized in regular and heavy weights in 
semifinished hexagon form. Finished thick slotted 
nuts are available. Castle nuts are hexagonal with 
a cylindrical portion above through which slots are 
cut. 

Machine screw and stove-bolt nuts may be either 
square or hexagonal. Hexagon machine-screw nuts 
may have the top chamfered at 30° with a plain 
hearing surface, or both top and bearing surfaces 
may he chamfered. Square nuts have fiat surfaces 
without chamfer. Square nuts arc available with a 
coarse thread: hexagon nuts may he supplied with 
either i oarst* or fine thread. 

Wing and knurled nuts are designed for applica- 
tions where a nut is to lie tightened or loosened 
using finger pressure only. .See Sr.KKW KAS’fKNKK. 

[W.J.I..1 

Nut crop culture 

The cultivation ot nut crops, which popularly in- 
clude not only the true nuts, such as walnuts and 
pecans, hut also many other dry fruits or seeds with 
hard shell* and interior kernels or meat, such as 
coconuts, almonds, and peanuts. Botanists define a 
true nut an indehiscent, one-seeded fruit derived 
from more than one carpel and, when mature, hav- 
ing a hard, dry pericarp (shell) together with some 
hard and dry accessory tissue (hull) formed from 
basal appendages of the flower or from the invo- 
lucre. 

Nuts arc concentrated sources of energy with 
high food value for man and animals. Many kinds 
contain SO -7(K’{ fats and oils and 15 protein 

in the dried kernels. 

IVuti gathered from wild trees still make up a 
large part of the world production, especially of 


Nuts important in world commerce 


Common 

Hi If lie 

Kind of 
plant 

Origin 

Climatic zone 
adaptation; 
principal 
current sources 

Estimated total an- 
nual commercial 
production of prin- 
cipal producing 
countries of record, 
short tons 

Principal uses and 
producing areas 

Vorn 

Deciduous 

tree 

Europe, 

United 

States, 

Asia 

Temperate; 

wild 

Data unavailable 

Animal feed : Europe, 
United States, Asia 

■Hmorul" 

Deciduous 

tree 

Asiu 

Minor 

Temperate, 
subtropical ; 
planted 

100,000 (shelled) 6 

Food; Mediterra- 
nean countries. 
United States, 
China, Iran 

^ r HziI nut" 

Evergreen 

tree 

South 

America 

Tropical ; 
wild 

30,000 (uushelled) 6 

Food; Brazil, Bo- 
livia 
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Nuts Important in world commerce (Cont.) 


Common 

name 

Kind of 
plant 

Origin 

Climatic zone 
adaptation; 
principal 
current sources 

Estimated total an- 
nual commcreial 
production of prin- 
cipal producing 
countries of record, 
short tons 

Principal uses lln(J 
producing area. 

Cashew® 

Evergreen 

tree 

Tropical 

A merica 

Tropical; 

planted 

160,000 (unshelled) 6 

Food, commercial 
oil; India, East Al 
rica 

Chestnut® 

Deciduous 

tree 

Asia Minor, 
China, 
Japan 

Temperate; 

planted 

Data unavailable 

Food; Mediterra- 
nean countries, 
China, Japan 

Coconut.® 

Palm tree 

Probably 

Polynesia 

Tropical; planted 
and wild 

3,300,000 (copra) c 

Food, edible and 
commercial oil, 
soap, fiber, tluitch 
ing; Philippines. 
Ceylon, Malaya, 

1 ndonesiu 

Cola nuts® 

Evergreen 

tree 

Afrieu 

Tropical; planted 
and wild 

Data unavailable 

Beverages, mast if a- 
tory, food; West 
Africa 

English or 
Persian 
walnut/ 1 

Deciduous 

tree 

Asia Minor 

Temperate, 
subtropical ; 
planted 

130,000 (unshelled) 6 

Food, oil; Meditcrr; ( 
nean countries, 
United States, 
China, India 

FiLlxtrt 

Deciduous 
shrub or 
small tree 

Asia Minor 

Temperate; 

planted 

130,000 (misbelief]) 6 

Food; Turkey. 1 t;«l\ 
Spain, United 
Stafbs, Afghanis!!!! 

Palm kernels® 
and palm oil 

Palm tree 

West Africa 

Tropical; wild 
and planted 

r' 

1,000,000 (kernels r 
1,100,000 (oil) r 

Edible and connin'! 
rial oil, food; Wes 
Africa, Indonesia 
Brazil 

Peanut® 

Annual 

plant 

South 

America 

Tropical, sub- 
tropical, warm 
temperate; 
planted 

14,300,000 
(unshclied ) rd 

Edible oil, food; h. 
dia, Africa, Uhin.i 
United States 

Pecan 

Deciduous 

tree 

North 

America 

Temperate; 
planted and wild 

70,000 (unshelled) 6 

Food: United Stale 

Pine nuts 

Evergreen 

tree 

Europe, 

Asia, 

North 

America 

Temperate; wild 

Data unavailable 

Food; Europe. Asi.i 
North America 

Pistachio® 

Deciduous 

tree 

Asia Minor 

Temperate; 
planted and wild 

Data unavailable 

Food; Iran, T»irkc> 
Syria, Italy 

Tung'* 

Deciduous 

tree 

China 

Warm temperate; 
planted 

150,000 (oil) 6 

Oil, paints; Chine. 
United States 


“Separate articles given under common name. 6 iJSDA Agr. Statistics , 1958. FAO Yearbook. D-* 
d Excluding U.S.S.K. 


tropical kinds. However, most nuts are now pro- 
duced in well-cared-for plantings where improved 
varieties and modern cultural methods are used. 
Important nuts in world commerce are described 
in the table; separate articles given under common 
names are indicated by footnote. See Cola; Oak; 
Palm; Pink. [ k.f.s.1 

Nutation (astronomy and mechanics) 

In mechanics, the term nutation refers to a hoh- 
bing or nodding up-and-down motion of a spinning 
rigid body, such as a top, as it precesses about 
its vertical axis. Astronomical nutation refers to 
irregularities in the precessional motion of the 
equinoxes caused by the varying torque applied to 
the Earth by the Sun and Moon. Astronomical nuta- 


tion, sometimes called nutational wandering of l to 1 
terrestrial poles, should not be confused with nuta- 
tion as defined in mechanics; the latter is present 
even if the source of the torques is unvarying- 
Nutation Of tops. The general motion of a 
spinning top, easily observed at low spin rates, con- 
sists of both precession and nutation (see PRKrF.s- 
sion). Figure la shows a symmetrical top h P ,n ’ 
ning about a fixed point with its axis tracing out 
this general motion. Figure 16 shows the motion f° r 
the case when the axis of the spinning top is Te ‘ 
leased with an initial angular velocity in the direc- 
tion of precession; Fig. lc, that with an initial ve- 
locity opposite to the precession ; and Fig. Id, ^ ,al 
with zero initial angular velocity (axis of spin re- 
leased from re9t). 




'flu* angular frequency of the nutation of a top 
axis at a high spin rate is given by 

«» -J S (D 

where /, and l r are moments of inertia about the 
z and x axes, respectively, and S is the angular ve- 
loritv of spin. Furthermore, the rate of precession 
for the general motion is not uniform but varies 
harmonically with time with the same frequency as 
docs the nutation: 


Wl 

c Op = j-g (1 - cos a>nt) 

The average precessional frequency is then 


(2) 


(w P ) 


= - 1 




*0 




^9- 1. Motion of spinning top, showing typical traces 
the top spin axis on unit spheres for different initial 
conditions, (a) General motion, (b) Top released with 
initial angular velocity in direction of precession, (c) 
T °P released with initial angular velocity opposite to 
direction of precession, (d) Axis of spin released from 
rest. 


Nutation (astronomy and mechanics) 233 



Fig. 2. Precessional and nutational displacements of 
missiles in flight, (a) Sketch showing intersection of 
missile axis on a plane. The velocity of the center of 
mass of the missiles is indicated by v. (b) Typical mo- 
tion of spin stabilized missiles (bullets, shells, and the 
like), (c) Typical motion of rolling fin-stabilized missiles 
for low, medium, and large rates of roll, respectively. 

As the spin rate S is increased the frequency of 
nutation increases, as shown by Eq. (1). and the 
nutational displacement — 0 1 ) decreases very 
rapidly. Furthermore, as S is increased in Eq. (2), 
the frequency of the precessional variation in- 
ci eases, but from Eq. (Hi the average rate of pre- 
cession decreases. Therefore, in practice, for a suf- 
ficiently fast top. the nutation is so small and fast 
that it is damped out by the friction at the pivot 
and is unobservable. The top appears to precess 
uniformly about the vertical axis for this common 
case. 

Nutation of projectiles. The motion relative to 
the centers of mass of bullets and shells stabilized 
by high rates of spin is identical to that of a spin- 
ning top relative to the fixed point of contact. 
Torque", about the centers of mass due to aerody- 
namic forces acting on such bodies during flight 
cause precession and nutation to occur (Fig. 2). 
Furthermore, finned missiles, which usually rotate 
or spin rather slowly during flight unless prohibited 
from doing so by a suitable control system, also 
develop precessional and nutational angular veloc- 
ities, similar to a spinning pendulum. [r.e.bo.] 
Astronomical nutation. The rotating Earth can 
be regarded as a spinning symmetrical top with 
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Nutcracker 


small angular speed but large angular momentum, 
the latter due to its large mass. As detailed in an- 
other article (see Precession oi equinoxes), the 
gravitational attractions of the Sun and Moon cause 
the Earth's axis to describe a cone about the nor- 
mal to the plane of its orbit. However, the magni- 
tude of these gravitational attractions is continually 
varying, due to the changing positions in space of 
Sun, Moon, and Earth. The Moon's orbit is con- 
tinually changing its position in such a way that 
the celestial pole undergoes a nodding (nutation) 
as well as a periodic variation in the rate of ad- 
vance. The largest nutation is about 9 / /2, and oc- 
curs in a period of a little less than 19 years: that 
is. the celestial pole completes a small ellipse of 
semimajor axis 9'/2 in about 19 years. 

There are lesser nutation effects which are due 
to the motion of the Moon's nodes, the changing 
declination of the Sun. and the changing declina- 
tion of the Moon. 

Nutation of gyroscopes. Still another example 
of the nutation of a spinning symmetrical body is 
given hv the general motion of a gyroscope. For a 
discussion of this, see Uyroscoce. | k.w.i\ ) 

Bibliography: E. Davis. Jr.. J. W. Follin. and 
E. Biltzer. Exterior Ha! list it s of Rockets* 1958; 
11. (roldstein. Classical Mechanics , 1950. 

Nutcracker 

Either of two species of the genus Nucifraga. One 
species occurs in Eurasia, the other in western 
North America. They belong to the family Corvidae, 
and in general features are much like the other 
crows. Clark's nutcracker. N. cohimbiana , ranges 
in tin* mountains from Alaska to Mexico. It has a 



Clark's nutcracker, Nucifraga cotumbiana; length to 
13 in. (From E. L. Palmer, Fieldbook of Natural His- 
tory, McGraw-Hill, 1949 ) 

light gray body, black wings and tail, and con- 
spicuous while patches on both the wings and tail. 
Nutcrackers are noisy, inquisitive visitors of camps, 
and become quite tame when encouraged and pro- 
tected, as in some national parks of the United 
States. See Passeriformes. Tj.d.b.] 


Nuthatch 

Any member of the family Sittidae, a family re. 
lated to the chickadees. There are 29 known sp e . 
cies, of which 4 occur in the United States. The 
nuthatches are small, chunky creepers; they scan 
the surface of tree trunks and limbs, and are t| )e 
only birds which regularly descend head down- 
ward. All American species have gray backs. Larg- 
est and most common is the white-breasted nut- 



The white-breasted nuthatch, Sitta caro linensis; length 
6 Vw in. (From E. L. Palmer , Fieldbook of Natural His- 
tory , McGraw-Hill , 7949) 

• 

hatch. Sitta cat oUncnsis , which occurs Irom -outli- 
crti Canada throughout the United States southward 
into central Mexico. The male has a black ciovvn 
and utipe with a white stripe above the e\e: the 
crown is gray on the female. See Passeriformes. 

| j -n.it- i 

Nutmeg 

A delicately flavored spice obtained from the nut- 
meg tree, Myristica fragrans , a native of the Mo- 
luccas, or Spice Islands. The tree is a dark-leawd 



Nutmeg (Myristica fragrans). (USD A) 



,*\ergrren 30 60 ft high, a member of the nutmeg 
Minilv (Myristieareae). The golden-yellow, ma- 
t J irt . fruits resemble apricots. They gradually lose 
nii-i]st a ft* and when completely ripe, the husk (peri- 
ar}l ) splits open exposing the shiny brown seed 
i-i,u j red with a red, fibrous, aromatic aril which is 
jl,,. nia ce. The kernel inside the seed coat is the nut- 
rneg «»f commerce. Fruits are produced throughout 
the* vear and are picked when the husks split open. 
The mace is removed from the husks, flattened, and 
dried. It i s used in making pickles, ketchup, and 
-auces. When the seeds are thoroughly dried the 
did I- are cracked off, the kernels are removed, 
Girted, and often treated with lime to prevent dam- 
bv insects. Grated nutmeg is used in custards, 
[niddings. and other sweet dishes; also in various 
l»c\prages. Nutmeg oil is used in medicine, per- 
fumery. der.tilrices. and in the tobacco industry, 
vr K\n m.i:s; Spici* and i* la\ orinc;. | p.n.s. | 

Nutrition 

rile science of food, concerned with tlie processes 
h\ which the ingredients of food, the nutrients, arc 
iiuli/ed hv the living organism to maintain lib* (see 
room. This includes the building and repairing ol 
ii.»d\ tissues; the liberation of energy required to 
maintain hod\ temperature, to sustain respiration. 
In art heat, and other functions essential to life; and 
the provision of rnergv for exercise and work. 

Nutrients are generally grouped into a lew large 
categories, depending on their chemical formulas 
f»r characteristics and their func tions in the body. 
Hie six major categories are proteins, carbohv- 
ibates. lipids, vitamins, minerals, and water. 

Fh oleins always contain nitrogen, as well as car- 
h-ni. hvdrogen. oxygen, and generally sulfur. Many 
“•ntiiin phosphorus, and elements such as iodine 
Ton. copper, and zinc are also occasionally present 
I'mteins are highly complex substances consisting 
"I amino acids linked together. Of the 20-25 known 
mnino acids. 8 (L-tryplophan. i.-phenylalanine, 
t -I v sine, i.-threonine, i.-valine, i.-methionine, T.-leu- 
( me. i.-isoleucinc) are essential for man. They ran- 
not he synthesized by the body, so they must hr 
provided by the diet. The proteins are the principal 
nitrogenous constituents of all tissue and plav an 
important role in body processes. See Amino acids; 

Protein. 

Phe carbohydrates contain carbon, hvdrogen, 
ami oxygen. The major function of carbohydrates 
ls to provide energy; they contribute from half to 
^o-thirds of man’s energy under normal condi- 
rions * They also have a sparing effect on protean ; 
l |mt is, proper utilization of carbohydrate means 
that protein is not being used for this purpose; 
therefore tissue is not broken down. In addition, 
carbohydrates improve the utilization of fat. See 
-ahkoiiydrate. 

lipids consist of the compounds known as fats, 
^axes, phospholipids, glycolipids, and sterols, as 
as some of their hydrolytic products. They are 
“m posed chiefly of carbon, hydrogen, and oxygen, 
a toftugh other elements may be present. Probably 
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the most important role of lipids is that -of fuel; 
they yield more than twice as much energy per 
gram as carbohydrate or protein. Lipids also delay 
the onset of hunger, since they prolong the time 
food stays in the stomach. They provide the essen- 
tial fatty acids, linoleic, Jinolenic, and arachidonir 
and are vehicles by which the fat-soluble vitumins 
(A, 1). E, and K) enter the body; lipids also spare 
the need for thiamine. See Lipid; Vitamin. 

Vitamins, water, and certain inorganic* substances 
must also be included in the diet. Many of the trace 
elements function as essential components of en- 
zyme systems. Deficiencies or beneficial effects of 
some elements, such as calcium, phosphorus, iron, 
iodine, fluorine, sodium, and potassium have been 
observed in man. Other elements, including cop- 
per, molybdenum, zinc, and cobalt, aie presumed 
to be ini port ant to man. although deficiencies have 
not been demonstrated. See Biochemistry. | e.j.st. | 

Nylon 

A polyamide resin. In textiles, monofilament nylon 
is used to make hosiery and filter cloths; nuiltifila- 
ment yarns and nylon staple, cither alone or blended 
with other yarns, arc* used to make a wide* variety 
of fabrics. 1 bicker nvlon extrusions are used to 
make tennis racket strings, rope and line, surgical 
sutures, and paintbrush bristles; and the nvlon raw 
material can also he made into injection plastic 
parts, such as zipper teeth and tubing. See Poly- 
amide resin. |c:.<;o.] 

Nystatin 

An antifungal antibiotic useful in the therapy of a 
wide variety of nonsy^lemic fungal infections and 
also as an ingredient in animal feeds for enhanced 
growth rates with poultry and swine. It is active 
against a wide range of yeasts and other fungi in- 
cluding Candida, Asper gitlus, PenieUlinm . Nolrytis , 
and others, but it is without activity against bac- 
teria. Chemically it is a polyene (.sec Amphoteri- 
cin BL It is produced hiosynthetieally h> fermen- 
tation with a strain of Streptornyres noursei . In 
1956 more than 22.000 lb was produced in the 
United States by the only manufacturer. See Dkr- 

M ATOPIf YTOSIS. 

Chemistry. The chemical structure of nystatin 
has not been determined. It has the characteristic 
ultraviolet absorption spectrum of a conjugated 
tetraene. It is a crystalline, light-yellow substance 
with the tentative empirical formula of C h.Ht-.NOik 
with a molecular weight of 930. Pure nystatin has 
an activity of 6000 units/mg. It is insoluble in 
ether, chloroform, and acetone; very slightly solu- 
ble in water, methanol, ethanol, butanol, nr diox- 
ane; soluble in dimethylsulfoxidc, dimcthylform- 
amide, and in 1 2% CaCl 2 in anhydrous methanol. 
Finely dispersed suspensions in water for use in the 
laboratory or as a plant spray may he prepared by 
slowly pouring concentrated solutions into large 
quantities of water. 

Assay and microbial activity. Nystatin may be 
assayed for biological activity by a diffusion plate 
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assay using Candida albicans or Saccharomyces 
cerevisiae as a test organism. See Bioassay. 

The antimicrobial activity of nystatin is fungi- 
cidal and is confined to the yeasts and fungi: it has 
no activity against the bacteria and actinomyeetes 
including Streptomyces, 

In vitro inhibition at concentrations between 1 
and 3 units/ml is obtained with Candida albicans , 
Blastomyces dermatitidis , Histoplasma capsulatum , 
Cryptococcus neo for mans, Saccharomyces cere- 
visiae, Ceratostomella ulmi, Typhula gramineum, 
Sclerotinia sclerotiorum , and Endothia parasitica. 
Slightly more resistant but inhibited at 3 12 
units/ml are Candida krusei. Trichophyton menta- 
grophytes, and Aspergillus fumigatus. Many of the 
oomycetes are relatively resistant; Saprolegnia 
ferrax , S. parasitica , and Phythophthora parasitica 
require 100 units/ml for inhibition. 

Resistance of yeasts and fungi to nystatin cannot 
be developed by serial transfers in vitro through 
increasing concentrations of the drug (except for 
occasional slight resistance, up to fourfold). See 
Antibiotic. 

Desirable therapeutic effects arc obtained in in- 
testinal moniliasis by oral dosage of 1.500.000 
units/day. Vaginal moniliasis is controlled bv the 
use of two vaginal tablets of 100,000 units/day in- 
travaginally. Dusting powder, 100,000 units /g, aids 
in control of monilial infections of the skin and 
diaper rash when the causative organism is Candida 
albicans or a similarly sensitive organism. 

Pharmacology. Nystatin is essentially nontoxic 
by oral administration. No demonstrable absorp- 
tion of nystatin follows oral administration. Thera- 


peutic activity is exhibited against experimental 
Candida infections in mice by intraperitoneal nr 
subcutaneous administration. The drug is not re< 
ommended for parenteral administration. No a |] Pr 
gic reactions are exhibited and no other side rea* 
tions have been reported. 

Production. Commercial production of nystatin 
is accomplished by fermentation (aerobic growth i 
with cultures of Streptomyces noursei in a manner 
closely resembling production of other antibiotics 
See Penicillin; Tetracycline. 

Several stages of inoculum development, includ- 
ing flasks and inoculum tanks, are used. The final 
fermentation is conducted in tanks of 18,000-gal 
capacity. Because the organism is strongly aerobic 
the medium is aerated with sterile compressed air 
and mechanically agitated. Suitable media may con- 
tain soybean meal or other high-protein seed meab 
a carbohydrate such as glucose, and raldum car- 
bonate. 

Recovery is accomplished by filtration of the my- 
celium from the broth, followed by solvent extrac- 
tion of the filter cake. Concentration of the anti 
biotic, by evaporation of the solvent is followed l>\ 
several purification stages including a final crystal 
lization from a suitable solvent. The whole broili 
may he evaporated and the syrup (<ft the filter cake 
noted above) dried for use in animal feeds. V 
Mycology, medical. 

f H.K.B. 

bibliography: T. H. Sternberg and V. 1) 
Newcomer, Therapy of Fungus Diseases, 1 ‘loo : 
H. Welch and K. Marti-Ibanez (eds. ), Antibiotic* 
Annual 1954-1955 I057-1QS8, 1Q55-I958. 



Oak to Ozonization 


Oak 

,\ grnii*. Quercus , of trees, some of which are 
diruhby. with about 200 species, mainly in the 
Northern Hemisphere. About SO species are native 
in the United States. All oaks have scaly winter 
Imds. usually clustered at the ends ot the twigs, 
ami single at the nodes. The fruit is a nut (acorn) 
surrounded at the base by an involucre, the acorn 
cup. The pith is star -shaped. The leaves are simple 
and usually lobed. 

Oaks furnish the most important hardwood lum- 
k*r in the United States. Principal uses are for 
diarvoal. barrels, building construction, flooring. 



^'9- 1. Black oaks, (a) Red oak, Quercus rubra. ( b ) 
J Q det oak, Q. coc cinea. (c) Willow oak, Q. phellos. 

®* ac k oak, Q. velutina. (e) Blackjack oak, Q. ma- 
r,l Qndica. ( f) pj n oa k, Q. pa /usfrij. 


railroad ties, mine timbers, boxes, crates, vehicle 
parts, ships, agricultural implements, caskets, 
woodenware. fence posts, piling, and veneer. 

Eastern oaks. The oaks of the eastern United 
States are divided into two main categories, the 
black oak group and the white oak group. 

tt/ark oak group. In this group the leal lobes are 
bristle-tipped. Acorns ripen in 2 years, and winter 
buds arc pointed. 

The northern red oak, Q. rubra , which may at- 
tain a height of 75 ft. grows in the eastern half of 
the United States, except the extreme South and 
Southeast. It can he recognized by the large acorns 
with flat t ish iiips and by the red, usually shiny, 
winter buds. In old trees the hark is comparatively 
smooth with shallow vertical grooves. It is the most 
important timber tree of the black oak group and 
is also a popular shade tree. 

Other commercially valuable species in the east- 
ern United States include scarlet oak, Q. roccinea , 
a highly prized ornamental tree with deeply cut 
leaves which turn i brilliant crimson in the fall; 
pin oak. Q. pal u st r is , with tiny acorns, and small, 
deeply cleft leaves; black oak, Q. velutina , one of 
the most common species, with large 5-sided, pu- 
bescent f hairy I winter buds and rough, black 
hark: southern red oak. Q. jalcata , with long, often 
sickle-shaped leaf lobes; and blackjack oak, 
Q . rnarilandira , with triangular leaves. 

Eastern oaks with entire or almost entire leaves 
are the water oak, Q. nigra: laurel oak. Q. lauri - 
folia ; and willow oak, Q. phellos. The lumber of all 
the? e species is similar and usually is classed as 
red oak lumber. 

The live oak, Q. virgin inn a. a medium-sized tree 
of the South Atlantic, and Gulf Coast regions, has 
evergreen leaves. 

White oak group. This group has rounded leaf 
lobes, acorns which ripen in 1 year, and winter 
buds which are usually rounded (Fig. 2). 

White oak, Q. alba , furnishes the most valuable 
hardwood lumber of all Eastern trees. In this same 
group is the bur oak, Q. marrocarpa , a large tree of 
the eastern United States and adjacent Canada. 
Its acorns are large and edible. 

The chestnut oak subgroup is characterized by 
leaves with numerous small rounded teeth. This 
subgroup is iepresented chiefly by the chestnut 
oak, Q. prinus , of the Appalachian Mountain and 
Ohio Valley regions; the swamp chestnut oak. 
Q. michauxi; and the swamp white oak, Q. bicolor . 

Western oaks. In the western United States the 
native oaks do not tiave the same high commercial 
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Fig. 2. White oaks, (o) White oak, Quercus alba. ( b ) 
Swamp white oak, Q. bicolor, (c) Turkey oak, Q. cer- 
ris. (d) English oak, Q. ro bur. (e) Chestnut oak, Q. pri- 
nus. ( f ) Bur oak, Q. macrocarpa. (A. H. Graves, Illus- 
trated Guide to Trees and Shrubs, Harper , 1956) 

value as timber trees, their place being taken by 
the valuable western conifers. However, species of 
importance are the California black oak. Q. kcllog- 
(*ii\ which grows in Oregon and California; the Cal- 
ifornia live oak. Q. agrifolia , with persistent leaves, 
found in California and Raja California; and the 
California white oak. Q. lobala . 

The English oak. (X rnbur , and its varieties are 
cultivated in the United States, and have leaves of 
the white oak type, as well as the turkey oak, 
Q. corn's . which has shallowly lohed leaves. See 
FOREST and forestry; Tree. [a.h.g.] 

Oasis 

A fertile spot in a desert where sufficient water is 
available to support plant and animal life and a 
permanent human population. Oasis water is ob- 
tained in several ways. Along rivers such as the 
Nile and the Indus which arise in rainy lands and 
flow through deserts, extensive strips of oasis are 
developed in the valleys. Desert water tables are 
very deep but in some places can be reached by 
wells dug in the bottoms of dry valleys. Water may 
reach to or near the surface from artesian systems 
that are tapped by natural fissures or by drilled 
wells. In sandv basins tbe water table may be near 
the surface and protected by the sand so that nat- 
ural vegetation or crops will grow in the hollows 
between the dunes. In mountainous deserts the 
higher elevations receive more rain; the water de- 
scends through the gravels of dry channels and may 
be recovered by wells in the alluvial fans at the 
valley mouths. 

Oases may be made or improved by deep drill- 
ing and power pumps or by transporting water 


in pipelines. The capacity of an oasis to sup. 
port people depends directly on the water supply 
many oases are densely populated. Oasis agricul. 
ture is commonly intensive and produces g u<! j, 
crops as dates, fruits, cotton, sugar, valuable for. 
ages, and grains. In Africa and Asia some oases are 
centers for the nomadic pastoral activity around 
them; in the United States some support intensive 
specialized agriculture, recreational developments 
or even fairly large cities. [c.m.d.] 

Oats 

The grain crop, Avena sp., is nearly world-wide in 
distribution. Among the cereal grains, it is ex- 
ceeded in importance only by corn, rice, and wheat. 
In the United States every state grows oats, the 
greatest concentration of acreage being in the east- 
ern half of the country, particularly in the north- 
eastern area. Although the acreage planted ha^ 
remained fairly constant, uses for this crop have 
changed with the transition of farm power from 
horse- to motor-drawn implements. Originally oat 
grain was used primarily as the preferred feed for 
horses. Oats now are used in feed mixtures with 
other concentrates, especially in rations for voting 
animals. In the southern states oats is used a* a 
pasture crop or as a combination pasture and grain 
crop. The 10 -year average farm value of oats as a 
grain crop for the period 1045 1954 was $1,047. 
501,800. See Corn; Riff; Wheat. 

Tl* oats crop requires a relatively cool. nn>i-i 
climate which explains whv its best area of adapta- 
tion is in the northeast. In the southeastern state" 
the crop is fall-sown to utilize the more favorable 
weather in the fall and early spring. Oats also lit* 
well into row-crop rotation systems as a means o{ 
establishing legume-grass forage crops seeded in it 

Origin and description. Oats, like most small 
grain crops, probably originated thousand" of 
years ago. Most authorities consider the center ot 
origin to he the Near East or the Mediterranean 
countries, with China as a secondary center. The 
genus Aliena is composed of many species which 
fall into three groups based on 7, 14, and 21 pair" 
of chromosomes. Unlike the genus Horde urn (bar- 
ley), the cultivated species are those with the larg- 
est chromosome number (.see Rari.f.y). Species in 
the 7-chromosome group include A . brevis , a small 
short-grained species, A. nudibre.vis , a short hull' 
less-grained species, A. strigosa, and A. wiestn- 
Species in the 14-chromosome group are A. barbata 
and A. abyssinica. In the 2 1 -chromosome group the 
important cultivated species is A. sativa. Other cul- 
tivated species include A . nuda , a hull-less oat. 
A. byzantina , and A, orientalise a side oat, 
named because of the location of the seed on the 
panicle. Noncultivated species in this group are 
A. fatua , the common wild oat, and A. sterilis , the 
wild' red oat. Species within each chromosome num- 
ber group can be freely intercrossed to produce 
fertile hybrids. See Breeding (plant) ; Rep b0 ' 
ruction, plant. Hybrids also can be made be- 
tween the 7- and 14-chromosome group, but hybrid* 
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Fig 1 Typical panicles of cultivated oats at maturity. 
Note that most of the spikelets produce two grains en- 
closed within the papery glumes. (J. C. Allen and Son) 


between the 7- and 21 -chromosome .specie* arc very 
dillicu It to produce. Extensive studies have been 
nude to determine the chromosome relationships 
between species differing!: in mimher as a guide to 
the possible use of interspecific hybrids in develop- 
ing improved varieties. Hybrid* between specie- 
differing in chromosome number are usual!) onlv 
partia II v fertile. .See Chromosome: Ckmtics. 

Within the 21 'chromosome cultivated species 
there are wide variations in t\pes and varieties. In 
ail species the inflorescence is a branched panicle 
with spikelets borne on short pedicles (Fig. 1). 
spikelets have two to three florets, each with stand 
Hate and pistillate inflorescences enclosed within 

th'* lemma and palea (.sec Crass crops; Infi.okf.s- 
rTNr >'). Flowers are normally self-pollinated with 
occasional outcrossing, usually less than 1 r { . Ex- 


"*Pt in hull-less varieties of A. nudn , the lemma and 
palea adhere looselv to the caryopsis in the mature 
f ,a in. .See Fri'it (hot any ). The oat plant may vary 
,n height from 2 to more than 5 ft and a single 


ldant may produce several culms arising from the 
h'Wer nodes. Among the several varieties, the rna- 
jure grain may have white, yellow, grav. red, or 
♦hnk glumes, lemmas may be weakly awned or 
‘Unless. Some oats are spring-sown and others are 
•dll-sown (see Annual pi ants). Fall-sown Iwin- 
oats do not possess as high a degree of cold 
1(1 trance as winter rye or winter wheat (.sec Rye). 
Varieties. More than 6000 varieties of oats have 
listed. These include those in other countries 
ar, fl those developed hy breeding programs. Among 


these varieties, there is wide variation in time of 
maturity, in grain quality, in plant characters, and 
in resistance to important diseases. Because many 
plant diseases attack the oat plant, active breeding 
programs are in progress in the most important 
oat-producing states to develop new varieties re- 
sistant to these diseases. From these breeding pro- 
grams have come varieties that possess a high de- 
gree of resistance to most of the destructive 
pathogens. This has hern an important factor in 
maintaining oat production at its present high 
level. 

Cultural practices. In most states of the Corn 
Belt, oats are grown after corn in the rotation. 
Corn stalks arc disked down or plowed under to 
prepare the seedbed (.see Aukicultukal machin- 
ery; AlKM (JLTURAL SOIL AND CHOP PRACTICES). 
Spring oats are seeded as soon as a seedbed can be 
prepared, usually at the rate of 2 1 L> .1 bushels of 
seed per ac re. In the winter-oat area, oats are seeded 
about i month before the first killing frost. The ma- 
ture oat crop is generally harvested with a com- 
bine, either direct from the standing grain or after 
being windrow ed to dry (Fig. 2). The moisture 
content of oats, like other cereal grains, should he 
not more than 13 1 Vt to avoid heating when 
stored. Crain used for milling purposes to produce 
rolled oats for human consumption must be plump 
and of high quality to command premium prices. 
See AGRICULTURAL SCIENCE ( PLANT t ; (rR AIN CROPS. 

fi.j.j.l 

Oat diseases. I virtual) > all agricultural 

crops, oats arc plagued with various diseases, ma- 
jor and rninoi. Stem rust, Puccini a gr a minis var. 
avenue, crown rust Purrinia coronnta var. avenue, 
two smuts. (Istilagn avenue and IL kolleri , and at 
times root rots, arc of major importance, and half a 
dozen leaf. <tem. and kernel blights and several 
virus infec tions exact their toll in varying degree, 
depending on weather and soil conditions. See 
Fungi; Plant virus. 

The rusts are the most devastating of all and, in 
seasons particularly favorable to their develop- 
ment. may reduce the yield to one-half or even one- 
fourth of normal. Both rusts are caused hy specific 
fungus parasites that invade tissues of the oat 



Fig. 2. Combining an oat crop from the windrow. 
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Fig. 3. Oat-mill flow sheet. (From M. E. Parker , E. H. 
Harvey , and E. S. Stateler, Elements of Food Engineer- 
ing, vo I. 1, Reinhold, 1952) 


plants, where they prow and absorb nutrients from 
their host. Finally, the fungus bursts through the 
epidermis of the oat plant in countless places to 
produce hundreds of thousands of microscopic 
spores, the fungus “seeds.” which invade other oat 
plants and produce more spores. These rusts can 
live through the winter in the northern states and 
start new epidemics in the spring, provided they 
have the appropriate alternate hosts on which to 


get started (barberry, Berberis sp., for stem rust 
and buckthorn, Rhamnus sp., for crown rust). Th e 
most devastating epidemics, however, start in the 
southern states where the rusts can continue to 
propagate all through the winter on oats alone 
In years when abundant rains and dews coincide 
with the growing seasons over wide areas of the 
country and when temperatures are favorable, this 
southern-propagated rust is likely to advance 
northward over the oat fields as they develop. Such 
waves of destruction may progress from Mexico 
2000 miles northward into Canada. Fortunateh 
the precise combination of circumstances that fa- 
vor such epidemics occur only occasionally, the 
last in 1953 and 1954. In other years rust inay cie- 
velop to only a moderate degree or not at all. 

The loose and covered smuts, Ustilago avrnu? 
and U . holler i , likewise are fungus parasites. How 
ever, these invade the oat plants only through tin- 
sprout of the germinating seed and only while it 
below ground. Once inside its host, the parasilii 
strands of the smut fungus develop unseen, keeping 
pace with the growth ol the oat plant until it heads 
Then the smut appropriates the host-plant mini- 
on Is which are intended to produce grain ami 
changes the young kernels into a mass of black 
powder (spores), the reproductive bodies of the 
fungus. These spores contaminate the surface ol 
the grain of near-by healthy plants and there wait 
to he planted and infect the next crop. 

Most of the various leaf, stem, and grain spot- 
and root rots are caused by other parasitic fungi 
and bacteria (see Bacteria). Red leaf. 1dm 
dwarf, and mosaic are caused by viruses. Otlici 
disorders may be due to nutrient deficient ies, to 
soil or climatic factors, or to insects (.see Insmtv: 
Ft. A NT. MINERALS ESSENTIAL TO). 

Disease control. Since oats yield a relativeh 
small return per acre, only inexpensive disease- 
control practices are economical. Treatment of tile 
seed with mercurial fungicides effectively control- 
smuts and seedling blights (see Fun gist at am> 
fungicide ) . For rust control, resistant varieties are 
depended upon which also provide resistance t<> 
the smuts and other diseases. However, none is re- 
sistant to all diseases, and variants in the pathogen 
sometimes arise that can attack the otherwise re- 
sistant varieties. Rotation and maintaining a bai- 
a need soil fertility are important in the control «1 
root rots and some of the stern and leaf blights. >ee 
Fertilizing; Plant disease control. [m.b.m-1 

Processing. The oat kernel has a fibrous hull 
inedible by humans. The goal in milling oats is to 
obtain the maximum yield of clean, uniform, sound- 
whole oat kernels which are free from hulls, floury 
material, extraneous matter, and undesirable fl a * 
vors. Oat kernels with the hulls removed are called 
groats. The percentage of hulls can vary from 21 1° 
43 % but average about 25%. An oat-mill proces? 
flow diagram is shown in Fig. 3. 

Separating and grading . Oats, at the start w 
processing, are called green oats and may contain 
other grains, foreign materials, and varying ff uan ' 
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tities of oats not satisfactory for milling. To obtain 
milling oats, all of these undesirable materials 
must be removed. This is done by a series of sepa- 
rations and gradings according to length, width, 
and density. Length graders consist of shaker 
M-reens with various-sized openings. Corn, sticks, 
and trash are separated from oats on the large-hole 
>haker screens; small seeds, through small-hole 
screens. Disk separators, which consist of indented 
plates revolving on a horizontal shaft, are the main 
tvpe of indent machine. Small indents in the rotat- 
ing plates lift out seeds and broken material. The 
() at kernel, being long, falls out of the indents on 
rlir plate. Width graders consist of slotted cylin- 
drical-screen machines which separate thin oats 
through narrow slots and milling oats through 
wider slots. Materials such as wheat, double oats, 
hai lev. and corn pass through the cylindrical 
screen. Air currents are used to separate light from 
heavy grain by passing air through the grain as it 
falls. 

Drying. Milling oats are subjected to drying or 
nutting. The usual type of dryer consists of large, 
open steel pans, 10 12 ft in diameter and placed 
••nr above another in stacks of 7 to 14. The bottom 
of each pan is steam- jacketed. Oats are fed to the 
irnlei edge by sweeps as long as the diameter of 
• he pan The sweeps, as they ride about on the sur- 
lace of the pan, mix the grain and prevent anv oats 
from remaining too long in contact with the heat- 
ing surface. When the oats reach the edge of one 
pan. thev fall into chutes which carry them hack to 
the center of the next pan below; then the process 
i" repeated. It requires from 1 to \V> hours for the 
iiraiii to pass through the dryer. The moisture of 
thr grain is reduced to between 8VL* and 7%. It 
then passes to a cooler where air circulation fur- 
ther reduces the moisture content about an- 
other 1 r ;\ . 

The roasting process serves several purposes, 
as developing flavor, improving keeping qual- 
] t\. and facilitating the breaking away of the groats 
from the hull during milling. 

Hulling. The conventional type of huller used to 
produce oat groats consists of two horizontal circu- 
lar carborundum or emery-stone disks, one above 
the other. The lower stone is stationary; the upper 
<»ru* revolves rapidlv. Dry oats are fed by gravity 
through an opening in the center of the upper stone 
an d pass between the stones to the outer edge. The 
distance between the stones is adjusted to regulate 
the space so that the hulls may be removed without 
Wishing the groats. To accomplish this, oats* are 
fifaded for size, including both length and thick- 
ness. 

A relatively recent development in hulling is the 
u '' e impact hullers. The oats are fed to the cen- 
ter of a high-speed rotor which has a horizontal 
jdate with fins that throw the oats by ccntiifugal 
°rce against a liner. The liner mav have a cov- 
* rin B of special-composition rubber. The hulls are 
0f) »ened from the oat groats by impact. One advan- 
la £e of this type of huller is that the grading is not 


quite so important as in the rotating stone system, 
which requires that the space between the stones 
he adjusted for different sizes of oats. 

The following products are obtained from the 
hullers: hulls, groats broken groats and meal, 
flour. unhulJed oats, and a small percentage of bar- 
ley. These materials are separated by air aspiration 
and screening. The choicest, plumpest groats are 
used to make package-grade rolled oats, while the 
less choice groats make either hulk or feed rolled 
oats. The broken material becomes feed meal. 

Products. From milled oat-, the following prod- 
ucts are produced: steel-cut oats, rolled oats, oat 
meal, and oat flour. From oat hulls, furfural is man- 
ufactu ted. 

Steel-cutting is done with rotary granulators. 
The purpose of cutting is to convert groats to uni- 
form granules. The granules are flaked between 
rolls to pioduce a quick-cooking breakfast cereal. 

Rolled oats are made hv treating the groats with 
live steam just before rolling. After rolling, the 
flakes are passed Through separators to remove all 
fine material. Rolled oats are used in breakfast 
food-*, cookies, and bread. 

Oat flour can he made by several means such as 
hammer mills, attrition mills, or pulverizers. Oat 
flours have uses as antioxidants, constituents of 
baby food, and in soaps and cosmetic preparations. 

Oat hulls form the starting material for the man- 
ufacture of furfural. It is made by the destructive 
distillation of oat hulls in the presence of acid and 
steam under controlled conditions which change 
the pentosans in the hulls to pentoses. These are 
then dehydrated to furfural. Furfural is used as a 
solvent and in the manufacture of plastics and ny- 
lon. jj.A.SH.] 

Bibliography : H. J. Brounlee and F. L. < lender- 
son. Oats and oat produets: Culture, botany, seed 
structure, milling, composition, and uses. Cereal 
Chem ., 15:257 272, 1938: M. B. Jacobs (ed.). The 
Chemistry and Technology of Food and Food Prod- 
ucts , vol. 2. 1944. 

Obelia 

A member of the class Hydrozoa. phylum Coelen- 
terata. Obelia is a small colonial animal, whitish in 
color and mosslike in appearance. It grows at- 
tached to rocks, shells, and pilings as deep as 40 
fathoms along the Atlantic Coast from Long Inland 
Sound to Labrador, and also along the Pacific Coast 
of North America. 

Obelia is a frequently studied animal because 
its life history is regarded as a classic example 
of alternation of generations, or metagenesis. The 
sexually produced generation is asexual and gives 
rise, in turn, to the sexual generation. 

The slender branching so-called stem of Obelia 
is attached to the substrate by special outgrowths 
resembling roots, the hydrorhiza. The stem is of 
two layers, an inner, hollow coenosarc with the 
typical layers of endoderm, mesoglea, and ecto- 
derm ; around this is a horny covering, the perisarc. 
The cavity of the coenosarc is the gastrovascular 
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cavity and is continuous throughout the colony. The 
asexual polyps are called hydranths. They are 
much like those of Hydra in structure, being a 
continuous part of the coenosarc. and are covered 
with a continuation of the perisarc. called the 
hydrotheca, Each polyp is armed with about 20 
solid tentacles. 

The reproductive polyp is (railed a gonangium. 
The perisarc is an open-ended vaselike structure 
called the gonotheca. The perisarc is modified into 
a central shaft, the hlastostvle. The latter hears 
along its surface several minute, asexually pro- 
duced medusa buds. When mature, the buds escape 
as small medusae, or jellyfish. The sexes of the 
medusae are separate. Sperm and eggs are shed 
into the ocean. The zygote develops into a swim- 
ming pianola which eventually settles to the bottom 
and transforms into the asexual, colonial, or h\- 
droid, form. 

Food of both bums is mainly plankton and. as in 
other Goelente rata, is obtained l>\ the tentacles. 
.SVcCoelentekvi \ : Hydra ; Mr iagenems. [ j.d.r. | 

Obesity 

The presence of an excessive amount or abnormal 
distribution of fat in an individual. In the United 
States, there is a certain preoccupation with the 
normal tendency ol the middle-aged person to ac- 
cumulate more adipose tissue. This tendency to- 
ward obesity is enhanced by rich diets, lack of 
regular exercise, and the rejection ol certain fun- 
damental health rules. Jn addition, emphasis has 
been placed upon the relationship between the over- 
indulgence in food and tension-producing situa- 
tions. People are said to eat too much because they 
are anxious, shy, insecure, hostile, or have some 
other need for which eating can at least partly 
compensate. See Neurosis. 

Studies in nutrition and metabolism indicate 
that although such factors certainly may play a role 
in many cases, more subtle differences occur among 
individuals. As a person ages, his metabolic rate 
tends to slow down somewhat; more important, 
however, there arc changes in hormonal balance 
which affect fat utilization by the body. .See Hor- 
mone. 

Although fat was formerly believed to be a rela- 
tively inert substance stored in deposits through- 
out tissues, it has been determined that this fat is 
one of the most active tissues from a metabolic 
standpoint. At least four hormones participate in 
the regulation of fat in relation to carbohydrate- 
protein metabolism. These include adrenalin, adre- 
noeorticotrophie hormone of the pituitary, thyroxin, 
and insulin. Others play secondary roles in regula- 
tion of body storage, use, and excretion of fat and 
its products. See Epinephrine; Hormone, adf.no- 
hypophyseal; Hormone, adrenal cortex; Insu- 
lin. 

Aside from the popular overeating theory, and 
the newer but still incomplete understanding of fat 
metabolism, obesity occasionally appears in rela- 
tion to specific disease processes. 


These include certain disorders of the hypothal 
amus or injury to it resulting from changes in ad- 
jacent structures, such as in the formation of so m(1 
pituitary tumors. Froehlich’s syndrome, character- 
ized by a feminine pattern of obesity and sexual 
dysfunction, is thought to result from associated 
damage to the neighboring hypothalamus, although 
if was formerly believed to be the result of hy- 
popituitarism. Similar symptoms can be induced in 
animals when the hypothalamus is injured. 

In some types of adrenal dysfunction, such a* 
Cushing’s syndrome and hypcradrenocortieism, a 
peculiar obesity of the neck, trunk, and shoulder*, 
is typical. In certain cases of diabetes mellitu*. 
obesity is frequently seen at some time during the 
course of the disease. An uncommon type of obes- 
ity in which the excess fat deposits are tender and 
painful is known as adiposa dolorosa. 

The influence of hereditary factors cannot lx- 
overlooked because it has been established that 
obesity and other body characteristics tend to Im* 
transmitted from one generation to the next. 

IVisisfent excessive obesity should be rncdieulh 
evaluated, and no rigorous dieting or exercising 
should be undertaken without medical supervision 

| h.c.M : 

Observatory, astronomical 

A building or group of buildings which house fixed 
astronomical instruments, generally including nm 
or*morr equatorial telescopes for the examination 
of celestial objects. 

Small observatories. Amateur observatories an- 
usually Imilt. equipped, and operated by tlwir 
owners. They often contain a reflecting tclescopi 

Academic observatoi ies in Amciica are found <it 
most state universities and colleges where there 
are departments of astronomy. The instrument* 
may be a refractor, rarelv exceeding 12-in. aper- 
ture. a transit, clocks, and some portable instru 
ments. Telescope attachments may include a film 
micrometer, visual photometer, solar eyepiece, *olar 
spectroscope, and means of photographing the Sun 
and Moon. See Astronomical photography; As- 
tronomical spectroscopy. 

Public observatories have telescopes, usually re- 
fractors. connected with planetariums, to permit 
visitors to see celestial objects currently visible in 
the evening sky (see Planetarium). The la r P e 
professional telescopes made for astronomical re- 
search are ill-adapted to public use on account of 
their size and the hazards of their operation. As 
with any large machines, insurance must be earn* 1 
for all operators. 

Large observatories. Great professional observ- 
atories are usually the gift of some man of 
fortune. The investment is handled by a trust fund 
or institution established by the donor and is dedi- 
cated to the accumulation of human knowledge- 
Often a university administers the fund and 
observatory. Present-day interest in space aroun 
us has caused governments to establish observa- 
tories for special purposes. 




The 200-in. observatory on Mount Palomar, Calif, at 
night. Photograph by moonlight. 


Lari’*- telescopes are principally placed on high 
’■lina! inns which have high percentage of c lear sky 
v\ itli minimum atmospheric optical instability or 
"lull seeing.” 

Professional observatories include the largest 
telescopes in the world. Those erected in the nine- 
teenth century generally have refractors. The* larg- 
est refractors are the 40-in. at the* Yerkcs Observe- 
tot \ . Williams Bay. Wis.. 1897; the 86-in. at ti c 
hick Observatory. Mount Hamilton, Calif.. 1888; 
and the 88-in. at Meudon, France. 1889. The prob- 
lems of astronomy were then solved by visual 
nlispi vat inns. 

When dry plates of high ft peed and uniform 
(f ualit\ heeame available about 1890 the trend 
toward astronomical photography began. Because 
du* reflector is perfectly achromatic, it is well 
adapted to photography. Thus, all the newer large 
telescopes under const ruction or in contemplation 
1re reflectors. The largest reflectors are the 200-in. 
^ Mount Palomar. 1948. the 120-in. at the Lick 
observatory. 1959. and the 100-in. at Mount Wilson, 
1918. all in California. Reflectors can he used at 
three focal lengths for direct photography, photo- 
electric and thermoelectric measurements, speetros- 
r °t)y. and other special procedures. Schmidt reflec- 
lnrs ar e an exception because a lens is combined 
w ‘th a mirror in them (see Telescope, astronomi- 

A telescope is housed in a building with rotatable 
( °me. A slit with movable cover enables the tele- 
?° 0f)e to he exposed to the sky in any direction, as 
1 berated. Domes of conical form or frustrums of 
Cn nes and even sliding roofs are used. 
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Special-purpose observatories. Many special- 
purpose observatories are built. National observa- 
tories, such as the II. S. Naval Observatory, are 
primarily dedicated to checking the data annually 
issued in an astronomical ephemeris used by as- 
tronomers, navigators, and surveyors. They also 
provide radio time signals from electronic clocks 
checked by an observatory equipped with a photo- 
graphic zenith tube accurate to about 0.004 seconds. 
Through the cooperation of several observatories in 
widely different longitudes, the position of the 
Earth’s poles can he measured hv the use of photo- 
graphic zenith tubes. 

Photographic observatories may use large camera 
lenses, mounted as equatorial telescopes, to chart 
the heavens. Lenses of aperture as great as 24 in. 
are used. The Allegheny Observatory at Pittsburgh, 
Pa., has a 80-in. telescope with objective corrected 
to photographic light. Schmidt telescopes with 
spherical mirrors and correcting plates at the cen- 
ter of curvature are also used. The Big Schmidt at 
Mount Palomar has a 72-in. mirror with 48-in. 
correcting plate. 

Soiar obsei vatories may use simple-lens equa- 
torial refractors with narrow-band fillers or coelo- 
stats with fixed vertical telescopes in lower form. 
See Sun. 

Radio observatories. Bad in astronomy observa- 
tories have an external telescope consisting of a 
large paraboloidal frame covered with metal to 
reflect the celestial radio waves to a small antenna 
at the focus. The signals are wired to ft neighboring 
laboratory. The largest such radio telescope— -of 
250- ft aperture is at Jodrell Bank, near Man- 
chester. England. Another, of 1 40- ft aperture, is 
being placed in operation at Oreen Bank. W. Va. 
See U A DIO ASTRO no M v . 

Spare observatories. Space telescope observa- 
tories are being considered. A 50-in. reflec tor is 
being set up on Kitt Peak in Arizona to be operated 
from Tucson, 45 miles away by electronic control. 
When proper performance is secured, one of these 
teles/ opes w ill Ik* orbited into space 28,000 miles 
high, moving eastward in an equatorial orbit, 
where it will appear to he stationary in the sky. It 
will be operated from Tucson. See Astronomical 
instruments: Chronometer; Cohonograph ; 

Radio telescope; Spkctrohklioscope. 

bE.P.l 

Bibliography : II. C. King, The History of the 
Telescope , 1955. 

Obsessive compulsive reaction 

A type of neurosis. The characteristic symptom 
pattern of the obsessive compulsive is the irrational 
persistence of ideation and enactment which is 
recognized as irrational but which the person can- 
not alter in spite of his efforts. Seemingly irrational 
and fragmentary phrases, admonitions, melodies 
may haunt the person in an unshakable way in the 
case of obsessive symptoms and, in compulsive be- 
havior, the person is driven to perform acts whose 
relevance for his pfoblems remains utterly obscure 
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to him, for example, repeated handwashing, some- 
times to a self-injurious point. 

The psychological gain that derives from these 
symptoms is an isolation and stabilization of frag- 
ments drawn from a broader range of problems with 
which the person has been unable to cope, the seem- 
ing object being to handle the unrecognized broader 
problems by excessive concern and preoccupation 
with the fragments. Thus, a rigid ritual, handwash- 
ing. may serve to concretize guilt feelings which 
it does not, however, succeed in resolving. One also 
observes symptoms that express to an exaggerated 
degree fragments of an unconscious wish, as in the 
constricting obsessive thought that one will kill 
some particular person toward whom one con- 
sciously has no hostile feelings but toward whom 
one may have deeply repressed or displaced un- 
conscious hatred. 

Whatever the symptom pattern in neurosis, there 
seems to he a certain number of common dynamic 
features to he observed. In all cases they appear to 
involve unrecognized and unacceptable impulses 
that must find indirect expression. Similarly, they 
all involve relatively inadequate but costly de- 
fenses for denaturing or getting rid of these im- 
pulses, the very inadequacy of the defense leading 
to the arousal of anxiety which either directly or 
by conversion has a further disrupting effect on 
behavior. The costliness of the neurotic’s failing 
defenses is inherent in his tendency to adopt new 
forms of self-defense that preoccupy him to such a 
degree that he is not able to cope with either the 
threatening inner impulses or the realities of his 
life situation. .See Abnormal behavior; Neurosis. 

[j.s.b. ; w.ms. | 

Obsidian 

A volcanic glass, usually of rhyolitic composition, 
formed by rapid cooling of viscous lava. The color 
is jet-black because of abundant microscopic, em- 
bryonic crystal growths (crystallites) which make 
the glass opaque except on thin edges. Iron oxide 
dust may produce red or brown obsidian. 

Obsidian usually forms the upper parts of lava 
flows. Well-known occurrences are Obsidian Cliffs 
in Yellowstone Park, Wyoming; Mt. Hekla, Ice- 
land; and the Lipari Islands, off the coast of Italy. 
Less commonly, obsidian forms selvages of dikes 
and sills. See Igneous rocks; Volcanic glass. 

| C.A.CA.J 

Occupation 

The apparent disappearance of a star or planet be- 
hind the surface of the Moon, or of a satellite be- 
hind the disk of the parent planet. 

Occultations by the Moon are observed to deter- 
mine the position of the Moon at the time of the 
phenomenon. They are also used for precise deter- 
minations of longitude. Because of the eastward 
motion of the Moon against the background of 
stars, immersion (or disappearance) of the star or 
planet occurs at the eastern limb, and emersion 
(or reappearance) at the western limb. A single 


occultation is visible only from a certain region 0 f 
Earth. The parallels of latitude which enclose th t 
region of visibility are called limiting parallel" 
Outside that region, the effect of parallax caused 
the star or planet to remain clear of the lunar disk 
Location of the observing site within the limiting 
parallels is a necessary, but not sufficient, condi- 
tion of visibility. It is also necessary that the Moon 
be above the horizon at the time of the occultation 
for the location considered. 

Occultations of the four Galilean satellites of 
Jupiter occur at each of their superior cunjunr- 
tions, with the exception of satellite IV, which 
occasionally passes clear of the planet’s disk. In 
general, the immersions cannot he observed when 
Jupiter’s shadow extends westward from the planet. 
Similarly, the emersions cannot be observed when 
the shadow extends eastward. In the first instance 
the satellite is still eclipsed when the occultation 
begins, whereas in the latter, the satellite is in 
eclipse as the occultation ends. See Eclipse, astro 
nomical; Jupiter. |s.iu,. ■ 

Ocean currents 

All dislocations of water masses within the ocean, 
including the permanent current systems which an 
a part of the general circulation: horizontal wain 
movement in the surface and the deeper lawr*. 
vertical water movements, such as upwclling ami 
sinking; and variable currents as caused b\ tide- 
an(^ large-scale turbulence. Among the important 
aspects of ocean currents are their speed and direc- 
tion, the mass (or volume) transport, the rate- at 
which mixing takes place, the variations of the** 
parameters with time, and the mechanism*- wind: 
produce and maintain the circulation of the nre;in* 

This discussion treats the dynamics of ocean 
currents, characteristics of the surface and deep 
circulation, and methods of measuring currents and 
mixing. For a discussion of water movement* 
within estuaries, also the distribution of physual 
properties in sea water, the characteristics of wa- 
ter masses, and mixing and stirring processes sr? 
Estuarine oceanography ; Sea water. 

DYNAMICS OF OCEAN CURRENTS 

Ocean currents are the result of different force-*: 
primary forces, which give rise to currents and 
maintain them, and secondary forces, which influ- 
ence motions already existing. The primary force* 
include internal and external pressure foircN 
the stress of the wind, and the tide-generatinfi 
forces. Secondary forces are the frictional f |)m 
and the deflecting force of the rotation of the earth- 
which is also called the Coriolis force. See Loh- 
ioljs acceleration and force; Tide. 

Pressure forces. Internal pressure forces are 
based on differences in density, which are nia« n 
tained by horizontal differences in temperature an 
salinity as well as by horizontal pressure difference* 
caused by the wind-produced piling-up of water- 
External pressure forces are based on alteration* 
in atmospheric, pressure. The pressure forces ex 
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Fig 1. Block diagram showing slope of isobaric sur- 
face V(u Pn J . 1. Po 4- 2, ... , with slope angle /?; 
discontinuity surface ABC!) with slope angle y; in two 
homogeneous water masses of density p 1 and p 2 ; cur- 
rents with velocities v t and v 2 in Northern Hemisphere. 


I>rt^ themselves in a slop? of the surface of the 
and a slope of the surfaces of equal pressure 
(M ipendichlar to the direction of current. In Fig. 1, 
j»,.. />d f 1, and po 4- 2 indicate such surfaces with 
die* slope angle p. These slopes are as a rule very 
-mall and cannot he seen or directly measured. 
Lv.“ii in si lc h strong currents as the Gulf Stream 
llir* slope of the sea surface achieves a gradient of 
"iil\ 10 cm over a distance of 10 km. In the sea 
I licit* are frequently layers of varying density 
vxliirh separate specifically light from specifically 
lu*avv water masses; these discontinuity layers also 
f **nd to he inclined perpendicular to the direction 
"f the current. Such a discontinuity layer is illus- 
• rated in Fig. 1 by A BCD and the angle of inclina 
tmn y. In the Northern Hemisphere the surface ot 
•lie sea rises from left to right when one is looking 
in the direction of the current. The slope of the 
ih'i'fintinuity layer is about a thousand times 
{inatrr than that of the surface of the sea. This 
nniv he shown by a cross section through the Gulf 
from the Chesapeake Bay to Bermuda 
'Fitf. 2). There the discontinuity layer reaches the 
airfare of the sea and two masses of water appeur 
4th a sharp boundary between them. The Cold 
"‘dl in the Gulf Stream represents such a division. 

Dynamic computations. A quantitative deter- 
mination of the ocean currents can be made by cal- 
• 'nation of the varying vertical distances of the 
N,, haric surfaces from the vertical density distribu* 
t,ur| . as observed at a representative number ,of 
nographic stations. The differences in velocity 
11 1 w«*n two levels can be obtained from the rela- 
l, nns»hip. first given hy B. Helland-Hansen and J. W. 
a ndMriim, 

t ; i — v-z = 10(D,i — D B )/fl 

difference in ve- 
in level between 
the two stations 
» / is the Coriolis acceleration, and l is the 


n * »ts relationship v\ — is the 
sp l | lty ’ ^ i ~~ D h is the difference 
R 'ted isobaric surfaces between 


distance between A and B . This relationship forms 
the most important basis for all statements regard- 
ing the distribution of currents in the oceans and 
seas of the world. The method, however, provides 
only differences of velocity. A streamless layer must 
be indirectly obtained from the stratification as a 
zero layer (layer of no motion) if absolute values 
for velocity and for volume transport of water are 
to he determined, as for instance, in the example 
of a section through the Gulf Stream shown in Fig. 
2. The Gulf Stream is a relatively narrow hand of 
water (approximately 40 km vide) but relatively 
deep (about 1000 m). Current speeds in the Gulf 
Stream reach 150 cm /sec ( ^3 knots). The volume- 
transport also is enormous, 57 X 10 fi m :i / sec, a fig- 
ure which is 05 times greater than the water trans- 
port of the rivers of all the continents. 

Wind Stress. Air does not merely glide along 
the surface of the water but exercises a frictional 
effect, or wind stress, which causes the surface wa- 
•*er to he carried along with it. The movement of 
this thin layer on the surluee of the water is con- 
veyed hy an internal turbulent friction to the deeper 
levels. The eventual result of such interaction, in a 
limitless homogeneous sea under the influence of a 
wind which remains steady, would he a pure drift 
current, the theory of which was developed hy V. W. 
Ekrnan in 1902. The resulting current distribution 
is illustrated hy the so-called F.kman spiial (Fig. 
3). According to the theory, there is a water move- 
ment on the sea surface of the Northern Hemisphere 
at an angle of 45° u< the right of the direction of 
the wind and at a speed approximately 1.5% of the 
wind speed. With increasing depth the current 
turns farther towards the right and gradually sub- 
sides. When the direction of this current reaches 
an angle of 180° to the flow on the sea surface, the 
speed of the current is only V\^ that of the surface 
water. This depth is called the depth of frictional 
influence. For example, at a latitude of 50° this 
depth amounts to 60 m when the wind speed 
reaches 7 m/sec (13.8 knots). The resultant vol- 
ume transport of the pure drift current, when taken 
over the whole layer between the sea surface and 
the depth of frictional influence, runs perpendicu- 
lar to the direction of the wind turned in a clock- 
wise sense. It is understandable, therefore, that 
upwelling of cold deep water occurs at a coast when 
the wind blows parallel to the coast, with the coast 
on the left-hand side of the wind, or even when the 
wind direction is onshore. 

In stratified waters a complementary relationship 
exists between the internal pressure forces which 
are conditioned by the distribution of density and 
by the wind-driven currents. Should the wind alter, 
then the current also alters and with it the slope 
of the surfaces of equal density. These alterations 
in slope are accompanied by cross circulations, to 
the direction of the main current, which contain 
vertical current components. They are very small 
indeed: for instance in the zone of upwelling along 
the coast of California the vertical velocity is only 
0.003 cm/sec and represents also only 1 part per 
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Fig 3 A schematic representation of a pure wind 
ru'rent in deep water, showing decrease in velocity 
ond change of direction at regular intervals of depth 
the Ekman spiral). 

tlmusmd «if the horizontal current components. 
Howcvri. because the vertical differences of tem- 
l>ei at tires and nutrient salts in sea water are much 
linater than the horizontal differences, this upwell- 
«»'<: of water (which is equivalent to 80 rn 'month ) 
Im- an important effect. It is sufficient to explain 
thr low temperatures and also the high values of 
nutrient salts which are associated with great or- 
^inir productivity in the surface layer of the re- 
k r imi^ of upwelling. .See Ska water fertility. 

In the latest theory of ocean currents apart from 
rri1 ^ circulation, the dependence of the Coriolis 
forces mi the geographical latitude has been taken 
into consideration by H. Stommel and the effect of 
lateral mixing by C. G. Rossbv. Stommel explains 
"hy currents on the western sides of the oceans, 
^hi<h are directed towards the pole, are narrow 
and -trong as in the Gulf Stream and in the Kuro- 
w kio (Fig. 4). Some of the details about the course 

a current, such as counter currents at the side 
°f and beneath strong currents and meanders in 
‘‘trong currents, their continuation in the direction 
°f the current, and their dissolution in the form of. 
r ‘Klonic eddies of the main current, may be ex- 
plained theoretically. See Gulf stream. 

SURFACE AND DEEP CIRCULATION 

Surface currents. The system of surface cur- 
rem<! is restricted mainly to the upper 100 -200 m 

the sea. In the lower geographical latitudes it is 
shallower and in the higher latitudes it generally 
N deeper. The speeds of the surface currents re- 


main mostly below 20 cm /sec (0.4 knot). Excep- 
tions to this are found in the Gulf Stream, the 
Kuroshio. the Agulhas Current, and the Equatorial 
Counter Currents of the three oceans, all of which 
have measurable velocities of 1 2 m/sec. (2-4 
knots). Knowledge of the surface currents is based 
on measurements of the current and more particu- 
larly on dead reckoning from ships. See Dead 
RECKONING. 

The causes of surface currents are wind stress 
and internal pressure forces. Frictional and Cor- 
iolis forces influence the surface currents. The ef- 
fect of the wind is at its greatest when the direc- 
tion and strength of the wind are steady; this is so 
for the lower and middle geographical latitudes. 
In these latitudes an anticyclonie current system 
corresponds to the anticyclonie wind system (Fig. 
f>). Surface currents which flow in a westerly direr- 
tion in the lower latitudes are parts of this system 
(the North and South Equatorial Currents of the 
three oceans). The continuation of these currents is 
found along the eastern **ides of the continents in 
narrow and strong surface currents directed to- 
wards the poles (western boundary currents), for 
example, the Gulf Stream. Brazil Current. Somali 
Current (only in the summer of the Northern Hemi- 
sphere). Agulhas Current. Kuroshio. and East Aus- 
tralia Current. In the middle geographical latitudes 
these currents turn and flow in an easterly direction 


a 

; '! 



Fig. 4. Streamlines showing currents in the case of 
(a) an ocean on a nonrotating globe; (b) an ocean on 
a uniformly rotating globe in which the Coriolis forces 
increase with the geographic latitude. ( After H. Stom- 
mel , The Gulf Stream, Univ. of California Press, 1958) 
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(\orlh Atlantic Current, North Pacific Current, 
and West Wind Drift of the Southern Hemisphere). 
()n the eastern sides of the oceans this circulation 
pattern is completed by surface currents which are 
directed towards the Equator (eastern boundary 
mrrents). for example, the Canaries Current, Ben- 
jrucla Current. West Australia Current. California 
Current, and Humboldt Current. Inbedded in the 
sv^tern of the North and South Equatorial Currents 
an* the Equatorial Counter Currents which are 
lonnd in the neighborhood of the Equator in all 
liner oceans. 

In the temperate and higher geographical lati- 
tudes. where variable winds are to he found, the in- 
i#-rn:» I pressure forces are predominant in their in- 
llnrnce on surface currents. These currents tend to 
lullnw the coasts and shelf edges and. in the North- 
ern Memispheie, in a manner so that the continents 
it#' to the right-hand side of the current when one 
i,M»ks in the downstream direction (Fig. 5). Exam- 
ples iiie the Norwegian, East Greenland. West 
(,K*rul;md. Labrador, and Alaska currents. Islands 
.in m this fashion, so to speak, surrounded by eur- 
rriif- moving in a clockwise direction ( for example, 
h child h\ tin* Irminger, North Iceland and East 
I nd a rid cm rents). It is for thh reason that the 
wr-tetn sides of continents in these geographical 
'latitudes an* bordered h\ comparatively warm wa- 
icts coming from lower geographical latitudes, 
whereas otf the eastern coasts in the same latitudes 
there are cold waters from higher geographical lati- 
I lilies. For example, in the Norwegian Current the 
"•ittace tempeiature in summer is IOC" higher than 
m the Fast Cieenland Current: both are in the 
-amc gcogiaphical latitude. Thus the surface cur- 
nuts are o| very great climatic* importance. All sur- 
hm* currents contain vertical components which 
van Irom region to region. These vertical current 
components are influenced by converging or diverg- 
ing winds, by internal friction, and by acceleration 
°t die currents. The vertic-al components are cer- 
tainly yery small (for example, a speed of 0.003 
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'9- 6. Schematic representation of the circulation in 
m Jrginal seas and over their sills (a) in arid climates, 
example, Mediterranean Sea, Red Sea, and Per- 


cm/seo in the upwelling area of the California Cur- 
rent), but in the long run they arc of great im- 
portance when considering the balance of heat and 
all sea-contained substances. .See Marine influ- 
ence ON WEATHER AND CLIMATE. 

Deep circulation. The deep circulation results 
in part from the wind stress and in part from the 
internal pressure forces which are maintained by 
the budget of heat and salt of the water. Both 
groups of forces are dependent upon atmospheric 
influences. Apart from Coriolis and frictional forces 
the topography of the sea bottom exercises a deci- 
sive influence on the course of deep circulation. 

Deep circulation of marginal seas . The deep cir- 
culation in marginal seas depends largely on the 
climate of the region, whether arid or humid. 

1. Arid climates. Under the influence of an arid 
climate* the evaporation of water is greater than the 
precipitation. The marginal sea is therefore filled 
with relatively salty water of a high density, and 
its surface lies at a lower level than those of the 
neighboring ocean. Examples of this type are the 
European Mediterranean Sea. Red Sea, and Persian 
Gulf. Figure (hi shows a schematic cross section of 
such a marginal sea which has a sill at its entrance. 
At the sill depth between tw T o seas, that is. the 
greatest depth at which there is free horizontal 
communication, thrie is to he found water of a low 
density from the ocean. The water from the mar- 
ginal sea therefore flows over the sill into the ocean, 
where it sinks to a level in which it finds other wa- 
ter corresponding to its density . At this level it then 
spreads out horizontally. The waters from the Med- 
iterranean Sea and from the Red Sea. because of 
their high salinity, can be followed far out into the 
Atlantic and Indian Oceans respectively. In the up- 
per layer the oceanic water flows into the marginal 
seas following the line of slope. See Indian Ocean; 
Mediterranean Sf.a. 

2. Humid climates. The deep circulation of mar- 
ginal seas in hurnid climates shows a completely 
different pattern, however, shown schematically in 

Atlantic Ocean — Fioid rise* fiords of Norway and 

Greenland 

Aegean Sea— Bosporus Black Sea humid 

Kattegat Darsser and climatic 


Drogden rise — Baltic Sea conditions 



sian Gulf; ( b ) in humid climates, for example, Block 
Sea, Baltic Sea, and fiords of Norway and Greenland. 
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Fig. 6 b. The level of the sea is higher than in the 
neighboring ocean. The surface water with its 
lower density and accordingly its lower salinity 
therefore flows outward and the relatively salty 
ocean water of higher density flows over the sill into 
the marginal sea (examples of this circulation are 
the Baltic Sea with the shallow Darsser and Drog- 
den rises, the Norwegian and Greenland fiords with 
fiord rises, and l he Black Sea with its entrance 
through the Bosporus). Should the sill depth al- 
ways remain in the water of low density (outflow 
of the upper layer) as is the case with the Bospo- 
rus, then the renewal of deep water and with it the 
circulation of deep-sea water in the marginal sea 
come to a complete halt. The result of this, with 
respect to the water constituents, is that the oxygen 
is entirely used up and poisonous hydrogen sul- 
fide tukes its place. For this reason, below depths 
of 200 in no life is possible in the Black Sea. If 
the sill depth interferes only occasionally with the 
lighter water of the upper levels, as in the entrances 
to the Baltic Sea, then the renewal of deep water 
is interrupted only at intervals. In the Baltic; Sea 
these interruptions sometimes last for several 
years. See Baltic Ska; Black Ska; Fiord. 

Deep circulation in the oceans. The deep circula- 
tion in the oceans is more difficult to perceive than 
the circulation in the marginal seas. In addition to 
the internal pressure forces, which are conditioned 
by the distribution of density and the effect of the 
piling up of water caused by the wind, there are 


also the influences of Coriolis forces and turbulence 
which must be considered. Also there are areas i n 
which the surface water, as a result of climatic 
conditions, takes on a relatively high density. [ n 
thermoha line convection the water sinks until it 
reaches a layer in which there is a density corre- 
sponding to its own and then spreads out horizon- 
tally. In this way the cold and deeper levels of the 
oceans, the so-called cold-water sphere, take on a 
leaflike or layer structure consisting of bottom wa- 
ter, deep water, and intermediate water. In the At- 
lantic Ocean where this distribution of water wa* 
systematically examined by A. Defant (1941) and 
G. Wiist (1957), the deep-water circulation is 
strongly marked on the western side of the ocean, 
where measurable speeds are found. Figure 7 i* a 
schematic representation of the surface and deep 
circulation in the Atlantic Ocean as viewed from 
the western side of the ocean. From the lines indi- 
cating equal salinity, the origin of the water 
masses in the various strata can he concluded. The 
Bottom Water comes from very cold water masse*, 
which have sunk along the edge of Antarctica. In 
the layer immediately above, or Deep Water, the 
water masses have their origin south of Greenland. 
In the next layer above, or Intermediate Water, do- 
wdier masses come from the polar front in the 
Southern Hemisphere. 

There are five areas where the surface water be- 
comes denser and sinks. It is in these areas thut 
the circulallon of the deep sea has its origin. 



60°N 


Fig. 7. Schematic representation of the surface and 
deep circulation in the Atlantic Ocean. All arrows 
show current directions; on the surface, thin arrows 
indicate speeds of 5-40 cm/sec (0.1-0. 8 knot) and 
thick arrows indicate speeds of 40-150 cm/sec (0.8- 
2.9 knots). SC indicates convergence of surface cur- 
rents in subtropical waters. P indicates oceanic polar 


front where cold-water masses from polar and subpo- 
lar geographical latitudes meet relatively warm wo* 
ters of temperate zone. In vertical section heavy 
broken line shows division between warm- and cold- 
water spheres, and other lines indicate equal salinities. 
(After G. Wiist, 1949) 
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1 The Norwegian Sea, where the water with the 
highest density of the world oceans is formed. This 
applies the North Polar Sea with cold deep and 
Mtom water as well as the North Atlantic Ocean 
with cold bottom water to a latitude of approxi- 
mately 50° N. The distribution of these waters was 
thf object of investigations in the International 
Geophysical Year 1958 (made by about 30 re- 
^arch ships in the Polarfront Survey). 

2. The Antarctic continental slope in the Wed- 
■]f|l Sea. where water temperatures beneath the 
winter pack-icc are as low as — 1.9°C. Favored by 
tl.r topography of the ocean floor, this water 
spread.* out in the West Atlantic Trough northward 
i,-, the foot of the Grand Banks (Newfoundland 
HiMn I as well as through the Romanche Deep on 
th ■ Equator into the East Atlantic 'Trough. It also 
-meads northward into the bottom water of the In- 
<li.ni and Pacific oceans. 

:i In the Labrador and Trminger seas where the 
lhrp Water (between depths of 1000 and 4000 m) 
n* the Atlantic Ocean originates. Apart from low 
temperatures this water is distinguished by its rich- 
mi“.- in oxvgen. 

4 The polar front at a latitude of 50°S. Here 
u)j«l water with low salinity is formed and feeds 
im* 'iilmntarrf ic intermediate water of the Atlantic, 
Iwh.in. and Pacific oceans. 

fi The polar front in the North Pacific Ocean, 
•'here subarctic intermediate water is formed. Dis- 
'iilmtion of this water into the North Pacific Ocean 
■' restricted. 

The deep-sea circulation of the Atlantic Oeean is 
far the most active in comparison with that of 
J he Indian and Pacific Oceans because the most 
important centers of thermohaline convection are 
hiund in the Atlantic. Tn addition, the continental 
harrier of South America forces large masses of 
water from the surface currents of the South At- 
•antir into the North Atlantic* Ocean. In order to 
“■tnpensate for the loss of surface water in the 
^uth Atlantic, there is a more active deep-water 
^dilation, in which North Atlantic Deep Water 
fWs southward into the South Atlantic Ocean. 

Tidal streams. The periodic variations in the 
<>f sea waters the tides of the sea — are al- 
accompanied by periodic horizontal move- 
of water called tidal streams. The tides of 
st ‘a are long waves, and therefore the tidal 
' tr ^ams affect all the water of the oceans from the 
'•afact* down to the bottom. The tidal stream which 
r,lns ^ flood is called the flood stream, and that 
runs at ebb. the ebb stream. In the vicinity 
,J ‘ land the flood and ebb streams run parallel to 
lU * p <>ast as rectilinear or alternating currents. Be- 
the times of flood and ebb there are a few 
mmu,Ps when there is no stream whatsoever. This 
JJcrjocI is called slack water. Following slack water 
' 10 current flows in the opposite direction. In the 
'•Pen sea the tides are seldom alternating; they turn 
‘«m* r clockwise or counterclockwise and are rotat- 
* trean,s - the °pen ocean tidal streams 
a, nieve speeds of about 10 cm/sec (less than 0.2 


knot). Speeds increase wherever the cross section 
of the stream becomes narrower. In the southern 
North Sea, the English Channel, and the Gulf of 
Maine, speeds of 1.0 m/sec (2 knots) occur in some 
straits. In the Pentland Firth and between the Lofo- 
ten Islands tidal current speeds are as great as 
4.5 m/sec (9 knots). During stormy weather, waves 
on the surface may run in a direction opposed to 
the tidal stream and produce much-feared, short, 
breaking waves, for example, the Maelstrom (the 
Moskenstraumen near the Lofotens). These waves 
make navigation by small ships very dangerous. 

Strong tidal streams have an erosive effect. They 
keep open, for instance, the channels in tidal 
marshes, the sea gates between the Frisian Islands, 
and the shipping lanes in tidal rivers. They also 
prevent the* formation of shelves and deltas at the 
mouths of rivers and help to further the formation 
of estuaries. Deltas are generally found in waters 
having few strong tidal stre»arns (for example, in 
the Baltic Sea, the rivers Vistula and Nogat; in 
the European Mediterranean, the rivers RhonK Po, 
and Nile; and in the Gulf of Mexico and the Carib- 
bean Sea or American Mediterranean, the rivers 
Mississippi. Magdalena, and Orinoco). Very 
strong tidal streams can change the positions of 
sandbanks and thereby ulter the course of the 
water channels. In order to ensure the safety of 
sea passages in tidal rivers, depth surveys must he 
made at regular intervals, especially in shipping 
lanes. Strong tidal streams develop very high en- 
ergy. There have been many attempts to utilize this 
energy through tidal barrages, which can be used 
for the production of electricity. For a discussion 
of power from tides see Water power. [c.M.| 

MEASUREMENT OF CURRENTS AND MIXING 

Many types of instruments and devices are used 
for measuring ocean currents, probably more than 
for any other single oceanographic measurement. 
Methods and techniques employed vary greatly too, 
depending upon such factors as the use of floating 
or attached measuring devices, the depth at which 
observations are desired, and the need for detailed 
measurements at a given location or numerous 
measurements over large areas. This discussion 
considers some of the more commonly used meth- 
ods of measuring both ocean currents and the deep 
circulation and mixing that take place within the 
oceans. 

Direct methods of measurement. Current- 
measuring devices are of several functional types. 
The first utilizes the drift of a free body such as a 
drogue, a drift bottle, a ship, or a mid-depth neu- 
trally buoyant pinger. Speed and direction are de- 
termined by observing the distance and direction 
the body drifts in a given time interval. The second 
method is based on drag effects on a fixed body. 
Information can be obtained when the current ro- 
tates a propeller, twists a vane, tilts an instrument 
case, or creates a pressure difference in a pitot 
tube. In both methods it is necessary to know the 
actual motion of the instrument or to know that it 
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is stationary. Hence the navigational problem of 
knowing accurately the position of the current me- 
ter or ship is one of the most difficult parts of 
ocean-current measurement. The other great prob- 
lem arises because the speed of ocean currents is 
usually much less than 1 knot (1.1 mph, or 51 
cm/sec). Only in a few great currents such as the 
Gulf Stream are there speeds as great as 5 knots. 

If the ship is close enough to land to be in an 
electromagnetic, navigational network such as Lo- 
ran or Decca, positions can be known to within 
1 mile or even 100 yd. If such a network is not 
available or if the current is very slow, the posi- 
tion of the current meter, the ship, or a marker 
buoy must he maintained by anchoring. Ships and 
buoys can be anchored in very deep water and al- 
lowance can he made for swinging on the anchor 
line. See Navigation; Navigation systems, elec- 
tronic. 

Drift of a free body. Most ocean surface cur- 
rents have been discovered because of their effect 
on the course and speed of ships. Even slow surface 
currents have been observed and measured by the 
drift of debris or drift bottles. Such observations 
give only average surface currents, hut they are 
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Fig. 8. Diagram of Ekman current meter, (a) Meter 
without tail vane, (b) Internal mechanism, (c) Grooved 
compass needle. As propeller rotates, balls fall one at 
a time, onto grooved compass needle, which guides 
them into chambers in receptacle, depending on the 
heading of the instrument. Dial readings give number 
of shaft revolutions. ( Adapted from H. Barnes , Ocea- 
nography and Marine Biology, Allen & Unwin , 1959 ) 



Fig. 9. Buoy-operated Roberts radio current meter 
Buoy contains battery-operated radio transmitter and 
antenna. When meter is lowered directly from ship, 
there is no need for the transmitter and ^ceiver as the 
electric cable is connected directly to the relay box 
( Adapted from U.S. Navy Hydi ographic Office Pub! 
607, 2d ed., 1955) 

still an important part of oceanographv. A drill 
method is advantageous in that measurement* uin 
he extended over many days, and thus the effect-* ■>'. 
tidal currents can he averaged out. 

The Swallow-type neutrally buoyant float a 
mid-depth current meter consisting of an aluminum 
pressure case which, being less compressible than 
sea water, ean float at a predetermined depth. I mm 
a self-contained sound source it emits acmi*l!‘ 
pings which can be heard for several miles from j 
quiet ship equipped with appropriate sound gear. 
The sensitivity of this method can approach 0.0 1 
knot if the buoy is followed for several davs. If 
provides the most accurate way to measure miii 
depth currents. Development of greater range ami 
better depth-determination gear for use with die 
neutrally buoyant float will make it still more ih*- 
fill in oceanography. 

Mid-depth drift measurements are also made a 
weighted aviator’s parachute at depth connected l n 
a thin wire to a small surface float. The float can 1* 
followed visually or tracked by radar. This system 
permits good shear measurements but becomes W 
effective for very deep or very slow currents. 

The use of marker dye or radioactive m a term 
can show how a body of water actually moves 
mixes in three dimensions. It is a potentially a fCl1 ’ 
rate and sophisticated method but to date has re 
ceived only limited attention. 

Effects on a fixed body . In this method the effed 
of the current on a fixed instrument is measure- 
Most subsurface currents have been measured 


^.contained Ekman propeller-type meters which 
rP(0 rd the revolutions of a propeller in a given 
length of time, as well as the direction by compass 
< Kip. H ) . 

There are propeller-type meters which are 
.pjfvuntained, and there are meters which te- 
j, meter their data to the ship or a surface buoy. 
The Roberts meter is an American version of the 
latter type (Fig. 9). In weak currents an S-shaped 
Savonius rotor is less affected hy vertical motion 
than a conventional propeller. Underwater cameras 
are being used increasingly to photograph deflec- 
tion of current vanes, compasses, and propellers. 
Bv u*<ing a slow-setting gelatin, the Carruthers me- 
!r*r indicates the tilt of a tube and the compass 
raiding at time of cooling. Meters of the fixed- 
irMrument type have been useful in measuring cur- 
rent speeds of a few tenths of 1 knot. 

Indirect methods of measurement. Currents 
ran he measured indirectly hy the rate of cooling 
of hot wire** or thermistors. Another electrical 
method is the GF.K (geomagnetic electrokineto- 
irraph). The GEK measures the potential difference 
ktween two separated electrodes which results 
fmm movement of the conducting salt water 
through the earth’s vertical magnetic field. With 
rhvtrodes spaced 100 m apart a voltage of about 
i millivolt is induced per knot of current. This 
method requires uncertain corrections in shallow 
water and requires that the ship make jogs in its 
course to measure both east-west and north-south 
■urrcril components. 

The subsurface flow patterns between water 
can be determined b\ tracing the distri- 
bution of conservative properties such as salinity 
along lines of constant density. The quantitative 
calculation of geostrophic* currents is made by the 
formulas 

— 1 dp 1 dp 

2 pco sin ip dy 2pa> sin ip dx 

where u and v are the east and north components 
°f velocity, x, y % and z are positive in the east, 
m> ttli, and downward directions, p is the density 
of cca water, p is pressure, u) the angular rotation 
the earth, and <p is latitude, positive in the 
Northern Hemisphere. In practice, temperature, 
salinity, and pressure are measured at various 
depths along a line or over a grid; density is 
calculated from the equation of state; and pres- 
Sl,ro is calculated from the hydrostatic equation 
u/p = pg dz), by integrating over some arbitrary 
de Pth, usually 1000 m or more (see discussion* 
m Preceding section on dynamics of ocean cur- 
r ents). As in meteorology this method has been 
great importance although it is subject to some 
Ser ious limitations. [a.c.v.; j.a.k.1 

Deep circulation and mixing. The waters of 
deep sea can be divided into water masses on 
lh e basis of distinctive chemical and physical prop- 
ert, ' !s - The geographical variation of these distinc- 
tlVe Properties within adjacent water masses allows 
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the oceanographer to study mixing processes in the 
deep sea. 

Variation in properties . Temperature and salin- 
ity are termed conservative properties because 
they do not change except through mixing. The 
oxygen, phosphate, nitrate, and other biochemical 
properties are termed nonconservative because the 
concentrations of these substances may be altered 
by biological production, or the oxidation of dead 
biological products, and thus may change inde- 
pendently of mixing processes. Nevertheless, both 
conservative and nonconservative properties may be 
used to study mixing. The standard method for the 
study of mixing is the T-S (temperature-salinity) 
curve. A water mass is determined by the fact that 
water from this mass always lies along an equal- 
density line on a graph of temperature vs. salinity. 
In the accompanying diagram (Fig. 10) the T-.S 
curve of Antarctic Bottom Water is shown. As the 
Antarctic Bottom Current, Ai. moves north along 
the Western Atlantic Basin, it gradually mixes with 
the overlying North Atlantic Deep Water, 'Ni (Fig. 
11). Thus the temperature and salinity of the 
water mass change continuously. Contrary to ex- 
pectation, the nonconservative property, oxygen, in- 
creases down current as a result of mixing with the 
oxygen-rich overlying North Atlantic Deep Water, 
consumption by biological processes being less im- 
portant than mixing in this case. Most problems of 
water-mass identification and mixing are much 
more difficult than the nearly ideal case cited above. 



6 North Atlantic Botin 
A Brazil Botin 
O Argentine Batin 
O v Sooth Polar Botin 

Fig. 10. Relation-diagram (T-S curve) between po- 
tential temperature and salinity of the Antarctic Bot- 
tom Water in the Western Atlantic for calculating the 
percentage amount of the original water types: 
Ai *= Antarctic Bottom Water, N t * North Atlantic 
Deep and Bottom Water. ( After G. WOst) 
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Fig. 1 1 . Spreading and mixing processes within the 
Antarctic Bottom Water, represented by lines of equal 
amount of the original Antarctic component, A ^ of 
Fig. 10. ( After G. Wiist) 

Concentrations of nonconservative properties may 
only be used in conjunction with T-S curves or 
plots of other conservative properties. Particle 
concentrations have recently shown great promise 
in the identification of water masses and probably 
will be useful in the study of mixing. Data suggest 
that fine particles sink so slowly that particle con- 
tent may be considered a characteristic property of 
water mass. 

For further treatment of the distribution of prop- 
erties in sea water, mixing and stirring processes, 
and characteristics of ocean water masses, and 
of biological productivity, its measurement, geo- 
graphic variation, and indicator species, see Sea 
water; Sea water fertility; Upwelling. 

Radioactive isotopes . Radiocarbon (C 14 ) and 
tritium (H r< ) are formed in the upper atmosphere 
and eventually enter the surface layer of sea wa- 
ter. Because of its short half-life (12 years) trit- 
ium is useful as a tracer only for systems of very 
fast circulation, whereas radiocarbon’s 5580-year 
half-life makes it suitable even for the slowest cur- 
rent systems. Radiocarbon is produced naturally 
in the atmosphere and is dissolved in the oceans 
as carbon dioxide. In an ideal situation, once the 


water leaves the surface, it has no new supply 0 f 
this isotope and the dissolved C 14 atoms continue 
to decay with a 5580-year half-life. 

If the circulation of deep water masses were ac- 
companied by little mixing between adjacent water 
masses, and the surface C 12 /C 14 ratio were the 
same everywhere, it would be possible to measure 
the rate of circulation in a deep current by measur- 
ing the downstream decay of C 14 relative to C 12 
along the current axis. However, neither of these 
assumptions can always be made since upwelled wa- 
ter may sink before its C 12 /C 14 ratio attains equi- 
librium with the atmosphere and mixing between 
adjacent water masses is frequently very large. For 
example, the Antarctic- Bottom Current mentioned 
in regard to the T-S curve method appears to grow 
younger down current because of the younger 
C ,2 /C H ratio of the overlying water which is con- 
tin uously being mixed into the water mass. Thus, if 
the ratios are converted to ages without considering 
mixing, the current would appear to be moving 
slowly southward instead of rapidly northward. 

However, if the C l2 /C li values in the core of a 
relatively thick water mass such as the North At- 
lantic Deep Water are compared with the same ra- 
tio found in the surface source area of the water 
mass, mixing with other water masses caji be neg- 
lected and an average residence time can be detei 
mined. Calculated by this method the average re^i 
dence time of the North Atlantic Deep Water in 
the core/ 1 of the water mass is 560 years at 30° 
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Fig. 12. Location of subsurface radiocarbon sampl* 5 ' 
Atlantic Ocean. 
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Fiq 13. Profiles of radiocarbon content in Eastern 
and Western Atlantic Basins. Number on left is sam- 
ple number shown in Fig. 3; number on right is the 
per mile difference in radioactivity with respect to 
189C wood after corrections have been made for iso- 
topic fractionation. Note that the radiocarbon content 


of Antarctic Bottom Water increases from south to 
north (down current) by mixing with the North Atlan- 
tic Deep Water; values of 150 in the equatorial 
Atlantic gradually approach values of 100 near 
40° N. This compares favorably with the data of the 
T S curve shown in Fig. 10 and the chart in Fig. 11. 


nit tli latitude (see Figs. 12 and 13). See RAWOAr- 

li'.J M'EMI.S I>}|()|)| ( KL> HY COSMIC RAYM HadIOCAH- 

:»on i‘\n\(. : Tkiticm. (b.c.ii.; b.j.c.J 

liiblinuraphy : \V. S. Broecker. M. Fwing R. f.e- 
rml. and B. C. Ilcezen. ( ieochemi^trv and phv^ics 
"I ' imdatinn. Proc. frit. Oceanographic (congress. 
'•"1.2. 1%(); Dietrich. Al/gemeine Meereskunde, 
] -' r G : .1. Proudman. Dynamical Oceanography. 

II. Stomrnel. The Gulf Stream , 1958: H. 1). 
Sw *rdmp. M. W. Johnson, and R. II. Firming. 
I hr Oceans, 1942; G. Wiist, Die Stratosphere. JFr.sv. 
kigt'h. Dcutsch. Atlanl. Exped. Meteor , 7925- 7927, 
1,1 1 1 ■ 109 288, 1936. 

Ocean waves 

llir irregular moving humps and hollows on the 
surface. Winds blowing over the ocean, in 
■itldition to producing currents, create surface wa- 
tH| Wj tves called waves or a “sea” (Fig. 1). The 
duirai leristics of these waves (or the state of the 
"« a i depend on the speed of the wind, the length 
°l time and the distance over which it has blown, 
an d on the depth of the water. If the wind dies 
L° wn ^ Ie waves that remain are called a dead sea. 
ave* ran travel hundreds and thousands of miles 
where they were generated into areas where 
1 l(i w * n d is light. These waves are called swell. The 
r,v ^ a,1 d fall of the water as a function of time at 
d ,X(1 d point can be recorded. Such a record, as 
j n by the Ocean Weather Ship Weather Ex- 
nr *'r with a ship-borne wave recorder, is shown in 


Fig. 2. The highest wave in this record is 46 ft 
from crest to trough. See Sea state. 

This article treats the generation of sea waves, 
the mathematical theory of forecasting ocean 
waves, and the instruments used to measure oecan 
waves. For a discussion of wave characteristic's, see 
Wave motion in uyi ins; see also Seiche; Shore 
processes; Storm scree; Tsinami; Wave (capii.- 

I.ARY ) ; Wwi; (INTERNAL). 

Generation of sea waves. The physical processes 
by which waves are generated are not eompletelv 
understood. The mathematical equations governing 
the motions of the irregular wavy surface have 



Fig. 1. Aerial photograph of sea waves. (Copt. D. 6. 
MacDiarmid, USCG) 
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Fig. 2. Record from ship-borne wave recorder taken 
November 16, 1953 at 60.2°N, 14.0°W. The wind was 
Beaufort force 1 1 . ( National institute of Oceanogra- 
phy, Wormtey, Surrey, England) 

never been eornplelely solved, as they are nonlinear. 
Energy is supplied to the waves by the tangential 
and normal stress components of the wind. Part of 
this energy is dissipated in the wave motion by 
eddy viscosity and by the breaking of wave crests. 
The large values of the eddy viscosity may be due 
to the effect of breaking waves. A fully developed 
state will exist if the energy input equals the en- 
ergy dissipated. The waves will grow if the energy 
input exceeds the energy dissipated. 

Any physical theory for calculating the growth of 
the waves under the action of wind must be based 
on a thorough knowledge of both the energy trans- 
fer from wind to waves and the rate of dissipation 
of wave energy in different phases of wave devel- 
opment. So far no theory exists winch satisfac- 
torily explains the growth of the composite wave 
motion under wind action. For practical purposes 
of wave forecasting, several methods have been sug- 
gested which are based on direct observations. 

Equations of motion. If potential flow can be 
assumed, and if the effeit of surface tension is neg- 
lected. the equations governing the motions of the 
water are described by the potential equation 
(1 1. Bernoulli’s equation (2). the kinematic bound- 
ary condition (3), and the condition that the po- 
tential — ► 0 as z — » — oo if the water is deep (sub- 
scripts denote partial differentiation). The equa- 
tions governing the motions of the air above 
should also be considered, but are not given here. 
The position of the boundary between the water 
and the air is described by z = r)(x,y 9 t)< the free 
surface, where z is positive upward. 

<Pxx 4 <t>vv 4 <£*« =0 (l) 

— + gz — <(>t 4 4 <t>y* 4 <t>*) = 0 (2) 

P 

at z =* rj(x,y,t) and below the surface 

r?t - -<I>m 4- <f>xVx 4 4>vVv at z =* i? (*,>%/) (3) 

With the wind blowing, the pressure p at z = 
i j(x,y 9 t) will be a function of x 9 y, and t. If p at 
z — rj is set equal to zero and if the squared and 
product terms of the above equations are omitted, 


the equations become linear. Numerous solutions 
exist. The important problem is to find solutions 
that approximately represent waves as found in na- 
ture. 

Wave statistics and stochastic models. With 

complicated computations and sufficiently detailed 
recording techniques, the wavy surface over am 
finite area could be represented as closely as di*. 
sired by a mathematical formula. Wave records of 
any length, such as the one in Fig. 2, could he rep 
resented as closely as desired as a function of time, 
but such an effort would be wasted. The space pat 
tern could be observed only over an area that i- 
srnall compared to the dimensions of the oceans. 
7'he time record could be observed only for a short 
period. The waves would never again he exactly like 
the ones that were studied in such detail. 

The waves must therefore be studied by means 
of statistical models, and given wave records or 
stereophotogrammetric observations must be ana 
lyzed by means of statistical techniques. This per- 
mits economy of computation. The analysis of a 
given record that will never again he repeated then 
fits into un over-all pattern that describes the 
tistical properties of the waves. Fortunately, such 
models exist, from the field of electronics in par- 
ticular, and they have been extended afid ucbiptcH 
to the study of ocean waves. 

Such a model is given hy the ensemble of all pos- 
sible sea states for a particular power spectrum 
S(g. 9 d)\ as in Eq. (4). 

r 2 

i l(x,yJ) = CL cos (.r cos 0 4 y sin 0) 

— pi 4 e(/i,0)J dpdB ill 

Integrals of this type were defined, for example 
by P. Levy in 1948. The symbol stands for 

a random phase uniformly distributed over the in- 
terval between zero and 2tt. The power (or energy! 
spectrum, S(/x,0), has the dimensions of cur scr 
radian. If Eq. (4) is represented by an approximat- 
ing double summation, the sea surface can be rep- 
resented by a large sum of many simple harmonn 
progressive waves, each with a different frcqiieno 
fi = 2tt/7\ a wavelength determined by 2tt/A ' 
p 2 /g (A = gT 2 /2n). a phase speed equal to c = 
g/g (c = gT/2 it), and a direction toward which 
the wave is traveling determined by 0. The ampli- 
tude of the wave is determined by the square root 
of the volume under S(fi 9 0) for the appropriate 
range of g. and 0. Other representations are also 
possible. 

An ensemble of sea states can be defined hy con- 
sidering n) rj(x,y,t), {2) rf(x 9 y 9 t ) , . . . , 
<n+l) rf(x 9 y 9 t) 9 . . . , where the only difference fr° pl 
record to record would be the random phases chosen 
for each term in each partial sum. 

For the ensemble space, the covariance function 
can be found as in Eq. (5), where E denotes tne 
expected value. 



+ ***y + y * + t )1 

* * f r f* S(/i,0) cos [> (** cos 0 4* y* sin 0) 

2 Jo J * Lg 

— rf0 d\i (5) 

It was shown by W. J. Pierson in 1955 that the n 

random variables 77 (*i.yi,fi ) , ^(xs.ysJs) 

T/Mfi .v Tf ,r H ) have a multivariate normal distribution. 
h\r}.\,.v,Jj)Y 2 is given by Eq. ( 5 ) with Jt*. y*. and 
- equal to zero. The covariances, E[rj(xj,y^tj) 
»/l.n,n.fit) 1- are given by Eq. (5) with x* = Xj — 
u. = Yj ~ n> and r * t t — 

B\ virtue of the ergndic theorem, the time and 
.pace variation of a particular sample function has 
(!,<• ^me statistical properties as the variations in 
the ensemble. A given sample function can be ana- 
l\/<‘d so as to climate the spectrum and also the 
required parameters for the various probability 
ih'nsitv functions that describe the statistical prop- 
iTlics of the waves. 

With t etpial to zero, the Fourier inversion of Eq. 
i fit \u-lds information on the directional spectrum 
i f llu 4 transformations a — p 2 co«* Q/g and ft = /j- 
*m 0 " are made, where « and ft are wave num- 
Ut*- in a cartesian coordinate system. There is a 
lc'0 indeterm inanev in direction that can be rc- 
nl\cd h\ an analysis of the meteorological condi- 
’ioijs that generated the waves. When a finite area 
e used to obtain such an estimate, the analysis of 
'he data cannot he based simph on the above 
''luations. The techniques developed In .1. W. 
fiike\ in 1949 and summarized bv R. H. Blackman 
■md Tukev in 1958 for single-variable eases have 
keen extended to the two-variable case. 

V' shown in Fig. 3. such a directional spectrum 
has been estimated from stcreophotogrammelrie 
measurements of waves generated bv a wind of 18.7 
knots near the surface. Figure 3 is a smoothed ver- 
s n»n of such an analysis based on estimates that are 
distributed according to \ 2 (chi square probability 
density function) w T ith 19 degrees of freedom. The 
contours when divided by 10* and interpreted in 
imms oi square feet estimate the result of inte- 
rning .S 1/1.0). approximately over a square with 
a length of side given bv the distance between two 
«»l Hie scale marks on the side of the figure. A wide 
r an»o <>f directions and of wavelengths from 600 ft 
d<»wn to 60 ft is evident. The secondary peak ap- 
pc.trs to be due to swell. There are even shorter 
waves, which could not be detected bv the process 

ana I v sis. If the contour values are halved. Fig. 

1 ‘‘an be interpreted as the resolution of the total* 
V£ iuance of the wavy surface into contributions 
h‘»m different wave numbers. 

Hie three-variable process has many interesting 
t'toprrties that were studied in detail and reported 
by M. S. Longuet-Higgins in 1957. Such prop- 
^riiev as probability density function (pdf) of 
speeds of contours of constant elevation, the 
appearance and disappearance of maxima and 
Points of infiection, and the number of relative 
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maxima and minima on the surface have been de- 
termined. 

If the waves are observed at a fixed point as a 
function of time, as in Fig. 2. jt* and y* become 
zero in Eq. (5) and directional effects are lost. 

S( M ) = SM) do (6) 

Such a time record becomes a sample from a sta- 
tionary Gaussian process, and the results of the 
analysis of such processes can he immediately ap- 
plied to the study of wave records. The estimate 
of the spectrum of the record shown in Fig. 2 is 
given in Fig. 4. for example, after at least partial 
correction for instrumental response. Each esti- 
mate has about 11 degrees of freedom. Also the 
variation of r?(.*,y,/ ) along any line in x, v\ t space 
is similarly represented by a one-variable process. 

The needed parameters for many theoretical 
pdfs that describe quantities that can be evaluated 
from the record of the waves can he determined 
from the wave spectrum. The* average time, interval 
between zeros and the average time interval be- 
tween maxima in the record can he found. The 
crest-to-lrough wave heights are roughly distributed 
according to a Rayleigh distribution. For pressure 
records made below the surface, the pdf of the 
zero intervals can he found fairly accurately. 

Such quantities as sea surface slopes and curva- 
tures ran also he evaluated. These quantities de- 
pend on the various moments of the spectrum, on 
the values of K\ ) 77 ( r^.y-./j ) | and on spec- 

tra derived by transformations and differentiations. 
See Distribution (probability): Fount kh skhif.s 
and integrals; Statistics. 

Nonlinear considerations. If the wavy surface 
were a truly linear process, as described by Eqs. 

(1) . (2). and (3) when linearized, these results 
would he expected to verify for all such opera- 
tions. However, the equations governing the wave 
motion are truly nonlinear. In 1958. L. .1. Tick ob- 
tained the correction to the Gaussian model that 
must he considered in studying second-order non- 
linear effects for the special case of long-crested 
progressive waves. If p is zero in (2). and if all 
partials in y are set equal to zero in (1), (2), and 
(3), and if 77’ n (x,/) and <f> (n (x,t) satisfy (1), 

(2) , and (3) when linearized, then rj (2) (x 9 t) and 

(x,t) can he found such that (1), (2). and 

(3) are satisfied to second order for r;(.t,/) « 
Tj ( ' ) (xj) + rj { ' 2) (xj) and <f>(xj) = (xj) 4- 
<l> {2) (x*t). If S il) (/t) is the spectrum of 77 m 
(*,f). then S { ' 2) (fx) is given by (7). S(/.t) = 
S il) (p) +S {2) (p) is the spectrum of a non-Gaus- 
sian random process. 

S w (m) - r'K(\^Hn - X)S (n (X) dX (7) 

g J - - r ’ 

where. 

_ f \ 2 (» 2 ~ 2 M X + 2X 2 ) 0<X<m,M>0 

\(n—2X) 2 nX X<0,X> m ,M>0 

(8) 
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Fig. 4. Frequency spectrum of the wave record shown 
in Fig. 2. 


Tli» j *e equations indicate that results obtained from 
the linear (Gaussian model should he questioned 
fchen they involve fourth or higher moments of 
the spectrum and slopes and c urvatures of the sea 
Mirfaee. The second-order nonlinear effects propa- 
gate by means of a convolution on the “assumed” 
s I>eetrurn of the linear part to high frequencies in 
such a way that these features cannot he inter- 
preted correctly in a linear model. The study of 
slopes and curvatures emphasizes the high frequen- 
cies where surface tension, which has been neg- 
glerted in the above derivation, and nonlinear ef- 
forts become more important. 

Wave forecasting. Sea state forecasts are based 
°n a combination of empirical knowledge and cer- 
tain theoretical relationships of waves and wind. 
Since the sea surface wave pattern usually consists 
a locally generated sea and superimposed swell 
w hich was generated in a distant storm, two sepa- 
forecasting procedures are necessary, both 
generally based on oceanic weather maps. After 
p( mihination of these two independent phenomena, 
actual state of the sea surface pattern at a 
fi lv en locality can be estimated. The most rational 
of describing the state of a sea is provided by 
wave energy spectrum, S (/-i,0) • 

The first part of the problem of wave forecasting 
,s to find the energy spectrum as it changes from 
j*°ur to hour or from place to place as the wind 
Wows over the ocean surface. The growth of the 


spectrum of the sea in an area of wave generation 
has been described by various authors, whose hy- 
potheses and results do not always agree with each 
other in all points. It is agreed that the higher the 
wind speed, the higher the waves; that the greater 
the distance over which the wind blows (the fetch), 
the higher the waves; and that the longer the wind 
blows (the duration), the higher the waves. The up- 
per limit of wave height for a given wind is not 
agreed upon, nor are the fetches and durations that 
produce maximum development. 

The second part of the problem of forecasting 
waves is the problem of describing how the wave 
height decreases when the wind dies down, and how 
the waves travel out of the area of generation as 
swell. Numerical filtering operations (somewhat 
analogous to electronic filters) that depend on the 
dimensions of the generating area and on the time 
of the forecast can he applied to the spectrum of 
the sea to forecast the spectrum of the swell and 
the rate at which the wave* will die down in the 
generating area. These filter* are based on the fact 
that the waves arc highly dispersive. The spectrum 
S(fi,0) covers a wide range of frequencies and di- 
rections. and therefore the waves spread out over 
a wide area as they travel out of the generating 
area. 

The effect of viscosity does not seem to he im- 
portant unless the waves have to travel through 
another storm area, where the eddy viscosity in the 
water is significant. See Hydrodynamics; Sur- 
face tension. [g.n.; w.j.p.] 

Wave-measuring devices. Instruments designed 
to measure ocean waves can he grouped into two 
classifications: those that sense the elevation of 
the surface water, and those that sense the subsur- 
face pressure fluctuations generated by the waves. 
Surface elevation sensing gages include (1) sur- 
face float devices mechanically connected to a re- 
cording mechanism, (2) devices that record the 
buoyant force on a vertical cylinder, (3) recorders 
actuated by vertical accelerometers mounted in sur- 
face buoys, (4) inverted echo sounders (fathome- 
ters) fixed below the surface to echo off the water 
surface, (5) accurate absolute altimeter recorders 
operated in aircraft flying jat a fixed elevation, 
(6) stereophotographs, and (7) electrical elements 
whose resistance or capacitance is a function of the 
elevation of the water surface. 

Surface gages. Of the gages that sense the sur- 
face elevation, the step resistance gage shown in 
Fig. 5 (type 7 above) is the most widely used. 
Electrical contact points are mounted along a ver- 
tical support and connect to a resistance circuit. 
The values of the resistors connected to the contact 
points are selected so that the current increases* in 
proportion to the number of contacts shorted along 
the submerged length of the gage. The alternating 
current (used to prevent polarization of the con- 
tacts) which flows through the gage is converted 
by means of a rectifier to a proportional direct 
current to drive a pen recorder. 
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Wave-measuring instruments that sense subsur- 
face pressure fluctuations rely on hydrodynamic 
theory to compute the surface wave heights. The 
erpiations are as follows: 
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where K is ratio of pressure variation expressed as 
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Fig. 5. Step resistance wave-measuring gage. 



equivalent water heights to surface wave height 
d is the depth of the water, b is the height of the 
instrument above bottom, L is the wave length. '[ 
is the wave period, and g is the acceleration of g rav . 
ity. For example, if d = 40 ft, b = 10 ft and th< 
pressure record indicates T = 10 sec with an am- 
plitude of 5 ft, g/2ir = 5.12 ft /sec 2 , L would he H29 
ft, K would be 0.817, and the surface wave would 
have an amplitude of 5.0/0.817 = 6.1 ft. 

Subsurface gages. Subsurface pressure signals 
can be converted into an electrical signal by an\ 
of the numerous transducers. A typical pressure 
gage which utilizes a differential potentiometer- 
type transducer is shewn in Fig. 6. One pressure 
port of the transducer is connected to the sea pres, 
sure by means of silicone oil and a rubber bellow*. 
The second port is open to the air in the compliant 
chamber. 

As a result of the restricted flow of fluid into 
this chamber through the capillary tube, the pres- 
sure is equal to the average pressure. The dil 
ferential pressure across the transducer is there, 
fore only that produced by the wuve-generatn! 
pressure fluctuations. The mean pressure (hydro 
stali<- ) and the slow pressure fluctuations due to 
tides are cancelled and do not appear in f 1*-- 
record. # [ i .* *. ■ 
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Oceanic islands 

Those Mands which rise from the deep-sea floor 
rather than from shallow continental shelves. Most 
j.jarnls in gulfs and seas that fringe the great ocean 
hasjijn are geologically similar to the nearby con- 
nnenK On the other hand, almost all islands that 
rH . from the ocean basins are volcanoes with or 
without coral reef and, geologically, hear little re- 
i jt ion to the continents. Volcanic islands are only 
dir* tops of much larger undersea volcanoes, most 
m| which are associated with great submarine struc- 
ture such as submarine ridges and fractures in 
tin* earth’s crust (Fig. 1 ). 

Submarine volcanoes. On the deep-sea floor vol- 
, nunc* begin as lava flows from fissures in the 
[irlh‘< crust under two or three miles of water, 
(.r.uluaily they huild upward through the water. 


sea level 

■.a) 



hq ' /*• Birth and development of submarine volcano 
r r 'dge. Gray areas represent initial extrusion of vol- 
CQn,c m aterial; black areas indicate subsequent de- 
|| 0s 'ts volcanic material and erosional debris. Se- 
Uence fo) to (e) explained in text. 


but about nine-tenths of the submarine volc 4 noes 
become inactive and stop their growth before they 
reach the sea surface. The others burst from the 
deep water into a new realm where wave and sub- 
aerial erosion combat their upward growth. At first 
the volcanoes tend to produce ash and cinders 
which are easily eroded. Falcon Island, an active 
volcano in the Tonga group, has several times been 
reduced to a submarine hank within a few years 
after an eruption built up an island. Gradually as 
the pile becomes broader, volcanoes rise above the 
waves and more resistant fluid lava flows build a 
solid island. Where several nearby volcanoes merge 
together, as in Hawaii, a great island may form. 
.See Volcano; Volcanology. 

Volcanoes are ac tive for no more than a few mil- 
lion years, however, and inactive volcanoes are in- 
evitably worn down to shallow submarine banks by 
erosion which never stops. In addition to these worn 
down volcanoes, drowned former islands called 
guyots or lahleinounts have been discovered in all 
the ocean basins, mostly at depths of 1000 71)00 ft. 
Reef coral as old as the Cretaceous and volcanic 
erosional debris have been dredged on some guyots. 
Also, drilling cm atolls shows that the coral is a 
capping several thousand feet thick on former vol- 
canic- islands. .Sec Atoll; Skamoiint and guyot. 

Associated submarine structures. Most subma- 
rine* volcanoes are associated with great submarine 
structures: long, straight, narrow features such as 
the Hawaiian Ridge and Murray Fracture Zone: 
broad oceanic rises such as the Mid-Atlantic 
Ridge; and island arcs and trenches such as the 
Aleutian Arc I see Sdhmaiunk topography ) . 

Long straight structures. Fines of volcanoes oc- 
cur in the Atlantic and Indian Oceans but are 
relatively rare. A linear group of guyots extends 
southeast from Cape Cod, and other groups may 
be undiscovered m the less-well-surveyed parts of 
these oceans. 

It is the Pacific, however, that is the type area 
for linear archipelagoes, and there they are ex- 
tremely common. Existing linear groups are largely 
confined to the southwestern and central Pacific 
(F*ig. 2), but. in the past, islands were present in 
the northern part of the basin (Fig. 3). Some 
very large archipelagoes like the Tuamotu Islands 
and former archipelagoes such as the Mid-Pacific 
Mountains consist of individual volcanoes only a 
few thousand feet high rising as peaks above great 
steep-sided ridges. Other archipelagoes including 
the Hawaiian, Samoan, and Marquesas Islands have 
‘large volcanoes rising from lower ridges. The oc- 
currence of volcanoes in a straight line suggests an 
underlying linear fracture in the earth’s crust. The 
association of volcanoes with a fracture in the crust • 
(Fig. la) is clearly demonstrated along the Clarion 
Fracture Zone, a submarine feature in the eastern 
central Pacific. A long straight trough forms the 
western part of the fracture zone. Toward the east 
it is interrupted by seamounts until the trough dis- 
appears and is replaced by a line of shallow banks. 
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and even farther to the east it is replaced by the 
volcanic Revillagigedo Islands. 

The earth’s crust is, at first, able to support the 
load of a new volcano or volcanic ridge, but as the 
structure becomes larger a point is reached when 
crustal strength is insufficient and elastic down- 
swing begins (Fig. 1 b). The topographic expres- 
sion is that of a central ridge surrounded by a de- 
pression or moat outside of which an arch may 
orrur. A single volcano may be encircled by a 
small individual moat. As downbending continues, 
tension fractures permit volcanism on the arches 
i Fig. lr). Volcanism and erosion debris commence 
filling the marginal depressions and faulting may 
lurin'. These depressions may become filled with 
volcanic material and sediment to form smooth 
archipelagic aprons sloping away from the island, 
seamount, or ridge, as for example around the 
Marquesas Islands (Fig. Id). If eroded to a flat 
bank and relatively sunk below the surface, the 
"Cdmount becomes a guyot (Fig. le) : if coral was 
pit^ent at the surface and kept pace with the sink- 
ing. an atoll forms. 

Broad oceanic rises. Submarine ridges or rises 
are the locus of solitary volcanic islands and 
^amounts such as Ascension, Reunion, and Faster 
Islands. Typically volcanoes are located near, but 
not on, the crests of the broad submarine rises. In 
addition, volcanic islands occur in clusters. Exam- 
ples are the Azores and Galapagos Islands. The 
biller group is surrounded by a thin archipelagic- 
apron. but moats have not been found around this 
tvpe of island cluster. 

Island arcs. Groups of islands which fed low more 
«>r less curved lines are called island arcs. They are 
awu'iated with deep trenc hes, large gravity anom- 
alies. and earthquakes; lienee they are in a region 
«»f great crustal instability. Typically there is an 
inner arc of active volcanoes and an outer arc of 
nonvolcanic islands which mav contain sediments 
of the types now found on the deep-sea floor, thus 
indicating uplift of several miles. Uplift is also 
.dmwn by raised sea cliffs and deposits of coral. 
Drowned former islands do not occur along island 
arcs. See Tectonic pattkhns. |k.l.h.; h.w.m.] 

Bibliography : R. S. Dietz, Marine geology of 
Northwestern Pacific, Hull. Geol. Soc. Am., 65: 
1199, 1954; E. L. Hamilton, Sunken islands of the 
mid-Pacific mountains, Geol. Soc. Am. Mem. 64, 
l9, r >(»; P. H. Kuenen. Marine Geology, 1950; H. W. 
Menard, Archipelagic- aprons. Bull. Am. Assoc. 
Petrol. Geologists , 40:2195, 1956; F. P. Shepard, 
Submarine Geology, 1948. 

Ocean-meteorological relations 

^ focus of investigation upon the boundary zone 
between sea and air and upon the dynamic rela- 
tions hij is between oceanographic studies and those 
°f meteorology. When it is considered that nearly 
one-half of the heat energy that the atmosphere 
Reives for maintaining its circulation is derived 
fr om the condensation of water vapor originating 
Primarily from oceanic evaporation, it becomes ev- 
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ident that an understanding of processes occurring 
at the air-sea boundary is fundamental to an under- 
standing of atmospheric behavior. It will be shown 
that the oceanic energy supply to the atmosphere 
is highly regionalized owing to the character of 
ocean currents, which in turn implies that the at- 
mospheric circulation itself (and resulting 
weather) is greatly influenced by the oceanic cir- 
culation. In the converse sense it is to be consid- 
ered that the oceanic circulation represents a state 
of equilibrium in which the effects of the frictional 
stresses of the wind on the sea surface are balanced 
by changes in the distribution of density of oce- 
anic waters. These compensating density changes 
are in turn related to time and space variations in 
radiation, heat conduction, evaporation, and pre- 
cipitation. It is therefore equally manifest that an 
understanding of the oceanic circulation (and the 
resulting distribution of properties within the 
ocean ) requires a thorough knowledge of atmos- 
pheric processes at the air-sea boundary. 

The conclusion is that neither ocean fior atmos- 
phere should be treated independently, but rather 
they should he considered together as a single dy- 
namical-thermodynamical system. However, the 
interaction of ocean and atmosphere is so com- 
plicated that it is not yet possible to completely 
separate cause and effect. It is for this reason that 
separate discussions are presented for eaeh of the 
major classes of atmospheric influences upon the 
ocean as well as the oceanic influences upon the 
atmosphere. 

Effects of wind on ocean surface. The frictional 
stresses of the wind on the surface of the sea pro- 
duce (1) ocean waves (and storm surges) and 
(2) ocean currents. The former are transitory phe- 
nomena and will not be discussed in the present ar- 
ticle bec ause they are of little direct meteorologi- 
cal interest, even though waves at sea, coastal 
breakers, and storm tides are of considerable mar- 
itime as well as oceanographic importance (see 
Sf.a state; Storm surge). Wind-induced ocean 
currents, on the other hand, arc of large-scale sig- 
nificance from both the oceanographic and meteor- 
ological points of view. 

The wind exerts a twofold effect upon the surface 
layers of the ocean. In the first instance, the stress 
of the wind leads to the formation of a shallow sur- 
face wind drift. The resulting transport of surface 
water by the wind drift leads in the second instance 
to pressure variations with depth and a changed 
distribution of mass (density) throughout the 
ocean. In the final analysis it is the resulting fields 
of density which account for the major current sys- 
tems of the oceans. The total transport due to the 
wind drift is directed to the right of the wind (in 
the Northern Hemisphere) but the final density 
(slope) current which results from the sloping sea 
surface tends to flow in the direction of the pre- 
vailing wind except where coastal configuration 
prevents the realization of such flow. Nevertheless, 
it should again he emphasized that the wind effect 
is not the sole meteorological factor that serves to 



264 Oceanography 

determine the distribution of mass or the slope of 
isobaric surfaces in the oceans; heating and cool- 
ing, freezing and thawing, evaporation and precipi- 
tation all exert their influences. 

Major ocean current systems. For the reasons 
just outlined, the major ocean currents of the world 
conform closely with the prevailing anticyclonic 
wind circulations of the oceans. With the exception 
of the northern Indian Ocean, warm currents flow 
poleward to about 40° lat in the western portion of 
all oceans, with easterly flow in the higher lati- 
tudes, equatorward drift (relatively cold) in the 
eastern portions of the oceans, and westerly flow- 
ing currents near the Equator. The low tempera- 
ture of the waters in the eastern portions of the 
oceans is due partly to the high latitude origin of 
the currents and partly to coastal upwelling of 
cold subsurface waters. Of all the currents, the 
poleward-flowing warm currents of the western por- 
tions of the oceans are the best developed and the 
most important. Examples are the Gulf Stream of 
the North Atlantic and the Kuroshio of the North 
Pacific, each of which transports a tremendous 
volume of warm tropical water into higher lati- 
tudes. See Ocean currents; Upwf.llinc. 

Hydrologic and energy relations. For the earth 
as a whole and for the entire year, the amounts of 
energy received and lost through radiation are in 
balance for all practical purposes. However, this is 
not true for any given portion of the earth’s sur- 
face, particularly during any given fraction of the 
annual solar cycle. The ratio of insolation to out- 
going radiation decreases from the Equator toward 
the poles. Between the Equator and the 35th paral- 
lel, the earth receives more energy through radia- 
tion than it loses; the reverse is true poleward from 
about the 35th parallel. 

Because observations indicate that the lower lat- 
itudes are not becoming progressively warmer and 
the higher latitudes colder, it must be assumed that 
considerable heat is transported from lower to 
higher latitudes by both atmosphere and ocean. 
According to H. U. Sverdrup (1953) the meridional 
transport of energy in the Northern Hemisphere 
reaches a maximum a little north of latitude 35 °N. 
At latitude 30°N, Sverdrup computes the total en- 
ergy transport across the latitude circle to be 
6.5 X 10 lfi cal/min of which 1.9 X 10 lfl cal/min 
(or 29%) is accomplished by ocean currents, prin- 
cipally by the Gulf Stream and Kuroshio. The re- 
maining energy transport is accomplished by the 
atmosphere. 

The largest fraction of radiant energy absorbed 
by the oceans is utilized in evaporating sea water 
(see Evaporation). A much smaller fraction, 
about 10%, is utilized in more direct heating of the 
atmosphere in contact with the sea surface. The 
latent energy of vaporization subsequently becomes 
available to the atmosphere as either sensible heat 
or gravitational potential energy when condensa- 
tion takes place, often in a region far removed from 
the area where the evaporation occurred. The pre- 
cipitation resulting from the condensation of at- 


mospheric water vapor is then returned to the 
ocean, either directly as rainfall, or snowfall, or 
indirectly as runoff and discharge from land areas. 
The hydrologic and energy cycle is thereby com- 
pleted. See Hydrology; Hydrosphere, geochem- 
istry of; Marine influence on weather and 

CLIMATE. 

The maximum evaporation and heat exchange 
between sea and atmosphere take place where cold 
air flows over warm water surfaces. The ideal loca- 
tions for maximum moisture or energy transfer are 
therefore those areas where cold continental air 
flows out over warm polewaTd-moving ocean cur- 
rents. Such ideal conditions exist during winter off 
the eastern coasts of the continents and over warm 
currents such as the Gulf Stream and Kuroshio. 
Radiant energy that was absorbed and stored by 
the oceans at lower latitudes is given off to the at- 
mosphere by this process at places and during sea 
sons of marked deficiency in radiative energy. Any 
change in the oceanic transport by ocean currents 
must be reflected in corresponding changes in the 
rates of evaporation and must finally have signifi- 
cant effects upon the atmospheric circulation. 

Relations with sea-water salinity. In the ab- 
sence of horizontal flow, the surface salinity of am 
portion of the ocean is mainly determined by three 
processes: decrease of salinity by precipitation, in- 
crease of salinity by evaporation, and change of 
salinity by vertical mixing. Salinities thus tend to 
be high In regions where evaporation exceeds pro 
eipitation and low where precipitation exreed* 
evaporation. However, horizontal transport of mii- 
face waters by wind-induced ocean currents serve* 
to displace the areas of maximum or minimum 
linity in the direction of surface flow away from 
the areas of maximum differences (positive or neg- 
ative) between evaporation and precipitation. The 
conclusion, of course, is that the distribution^ of 
surface salinities (as well as other properties) in 
the ocean are determined almost completely by at- 
mospheric circumstances. See Sea water, [w.c.j.1 

Bibliography : W. C. Jacobs, The energy ex- 
change between sea and atmosphere and some of 
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Univ. Calif., 6(2); 27-122, 1951; G. P. Kuipei 
(ed.), The Solar System , vol. 2, 1954; H. U. Sver- 
drup. Oceanography for Meteorologists , 1942. 

Oceanography 

The scientific study and exploration of the oceans 
and seas in all their aspects, including the sedi- 
ments and rocks beneath the seas; the interaction 
of sea and atmosphere; the body of sea water in 
motion and subject to internal and external force 6 ; 
the living content of the seas and the behavior of 
organisms in the sea; the chemical composition o 
the water; the physics of the sea and sea floor, 
and the origin of ocean basins and ancient seas. 
Hence oceanography, sometimes called the science 
of the sea 9 , consists of the marine aspects of sev- 
eral disciplines and branches of science: geology* 
meteorology, biology chemistry, physics, geopbys- 
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Fig 1. Soviet oceanographic ship Mikhail Lomonosov in New York City. (From Electronics, Sept. 18, 1959) 


I- geochemist r\. fluid mechanics, and. in its more 
■iwnrrlical aspects, applied mathematics. Ocranog- 
ra |.h\ is also an environmental science which de- 
and attempts to explain all processes in 
il - ocean and the interrelation of the ocean with 
the -olid and gaseous phases of the Earth, and 
v. nil the Universe. See Earth scikni:i;s. 

Hnause of the fluid nature of its contents, which 
i» rniit- vertical and horizontal motion and mixing, 
awl because all the waters of the world ocean are in 
‘"ruinunication. it is necessary to study the oc eans 
■‘•a unit. Further unification results from the tech- 
nological necessity of studying the ocean from 
s iiip-. Many phases of oceanic* research can he 
iairied out in a laboratory, hut in order to study 
anr i understand the ocean as a whole, scientists 
wiH go out to sea with vessels built especially for 
•hut purpose (Fig. 1). Furthermore, data must he 
"blamed from the deepest part of the ocean and, if 
Iodide, scientists must go down to the greatest 
depth*-, to observe and experiment (see Bathy- 
Another unifying influence is the fact that 
maru oceanic problems are so complex that their 
^'"logical, biological, and physical aspects must he 
s t'idipcl by a team of scientists. Because of the unity 
processes operating in the ocean and because 
' 0rnp writers have separated marine biology from ' 
“^anography (implying the term oceanography to 
"mliraee primarily physical oceanography, bottom 
and sediments), the term “oceanology” is 
^nietinies used as embracing all the science di- 
' u, ons of the marine hydrosphere (see Hydro- 
S j Hf -i { k). As used here th<? term oceanography ap- 
p ^ to the whole of sea science. 

Development of modern oceanography. The 

ocean v <>yage6 by Frobisher, Davis, Hudson, 
affin. Bering, Cook, Ross, Parry, Franklin, 


Amundsen, and Nordenskiold were undertaken pri- 
marily for geographical exploration and in search 
of new navigable routes. Information gathered 
about the ocean, its currents, sea ice. and other 
physical and biological phenomena was more or 
less incidental. Later, the polar expeditions of the 
Scoresbys. Parry, Markham. Greeley, Nansen, 
Peary, Scott, and Shackleton were also voyages of 
geographical discovery, although scientific observa- 
tions about the sea and its inhabitants were made 
by some of them. William Seoresby took soundings 
and observed that discolored w r atcr containing liv- 
ing organisms (now known to he diatoms) was 
relaled to whale movements. Ross made dredge 
hauls of bottom-living animals. Nansen contributed 
to the improvement of plankton nets and suggested 
the existence of internal waves. 

More closely relaled to the beginning of oceanog- 
raphy as comprehensive study of the seas are nine- 
teenth-century activities of naturalists Ehrcnherg, 
Humboldt, Hooker and Drstedt, all of whom con- 
tiibuted to the eventual recognition of plankton 
life in the sea and its role in the formation of 
bottom deposits. Charles Darwin's observations on 
coral reefs and Muller’s invention of the plankton 
net belong to this phase of developing interest in 
marine science, in which men began to investigate 
ocean phenomena as biologists, chemists, and physi- 
cists rather than as oceanographers. In this group 
should also he such physicists and mathematicians 
as Kepler, Vossius, Fournier, Varenius, and La- 
place, who provided the background for the de- 
velopment of modern theories and investigations 
of ocean currents and air circulation. 

Toward the middle of the nineteenth century a 
few scientists began to study the oceans as a whole, 
rather than as an incidental part of an established 


266 Oceanography 

discipline. Forbes, as a result of his work at sea, 
first developed a scheme for vertical and horizontal 
distribution of life in the sea. On the physical side, 
Matthew Fontaine Maury, developing and extend- 
ing Franklin’s earlier work, made comprehensive 
computations of wind and current data and set up 
the machinery for international cooperation. His 
book. Physical Geography of the Sea , has been re- 
garded as the first text in oceanography. 

Forbes and Maury were followed by a distin- 
guished group of men whose interest in oceanog- 
raphy led them to make the first truly oceano- 
graphic expeditions. Most famous of these was the 
three-year around-the- world voyage of HMS Chal- 
lenger, which followed earlier explorations of the 
Lightning and Porcupine. Instrumental in organiz- 
ing these was Wyville Thompson, later joined by 
John Murray. Later in succession were the Nor- 
wegian Johan Hjort and the Michael Sars North 
Atlantic exploration; Louis Agassiz; Albert Ho- 
nore Charles, Prince of Monaco, in a series of 
privately owned yachts, named Hirondelle 1 and II 
and Princess Alice 1 and II. Other important con- 
tributions were made by Michael and G. O. Sars, 
Helland-Hansen, Carl Chum, Victor Hansen, Otto 
Petterson, Gustav Ekman, and the vessels V aldivia , 
the Danish Dana , the British Discovery , the German 
National and Meteor , and the Dutch Ingold , Snel - 
lias , and Siboga , the French Travailleur and Talis- 
man, the Austrian Pola , and the North American 
Blake, Bache , and Albatross. Among the North 
American pioneers were Alexander Agassiz, L. F. 
de Pourtales, and J. 1). Dana. Pioneers in modern 
oceanographic work are M. Kunelsen, Sven Ekman, 
A. S. Sverdrup, A. Defant, Georg Wiist, Gerhard 
Schott, and Henry Bigelow. 

Modern oceanography relies less upon single ex- 
plorations than upon the continuous operation of 
single vessels belonging to permanent institutions, 
such as Atlantis of the Woods Hole Oceanographic- 
Institution. Horizon of Scripps Institution of Ocea- 
nography, Verna of the Lamont Geological Observa- 
tory, the French Calypso, and the large Russian 
vessels Vitiaz and Mikhail Lomonosov . Single ex- 
plorations continue to be made, as exemplified by 
the Swedish Albatross and Danish Galatea. 

The reduction of data and study of collections 
from earlier expeditions were carried out generally 
in research institutions, museums, and universities 
not solely or primarily engaged in oceanography. 
The first marine laboratories were interested prin- 
cipally in fishery problems or were designed as 
biological stations to accommodate visiting investi- 
gators. Many of the former have extended their 
activities to cover chemical and physical oceanog- 
raphy during their growth and development. The 
latter, often active as extensions of university bio- 
logical departments, are exemplified by the Naples 
Zoological Station and the Marine Biological Labo- 
ratory of Woods Hole. Visitors to such stations 
contribute greatly to the development of biology, 
generally in such fields as embryology and physi- 
ology. 


The number of institutions devoted to organized 
oceanographic investigations with permanent s c ie n 
tific staffs has gradually grown. At first the require 
ments of fishery research provided the stimulus j n 
countries adjacent to the North Sea, but in | ater 
years laboratories in other countries wholly or 
mainly devoted to oceanography have grown con- 
siderably in number. A few may be mentioned here 
In England, among other important institutions, are 
the National Institute of Oceanography, the Marine 
Biological Laboratory at Plymouth, and the Fish- 
eries Laboratory at Lowestoft. In the United State*, 
are the Woods Hole Oceanographic Institution in 
Massachusetts, the Scripps Institution of Oceanog- 
raphy in California, the Lamont Geological Obsm 
atory in New York, the University of Miami Marine 
Laboratory in Florida, the Texas A. & M. College 
Department of Oceanography, and the Oceanogra 
phy Laboratories of the University of Washington 
at Seattle. In Germany oceanographic laboratories 
are located at Kiel and at Hamburg. In Denmark 
the Danish Biological Station is at Copenhagen 
Other European laboratories include those at Ber 
gen, Norway; Gdteborg and Stockholm. Sweden 
Helsinki, Finland: and at Trieste, France. Lahora 
tones are located at Toyko, Japan; Nanaimio and 
Halifax. Canada; and in Hawaii. Tlfis list is not 
inclusive and necessarily leaves out a ronsidrnlilr 
number of important institutions. j 

Oceanographic surveys. Oceanographic sur 
veys Require careful planning because of high ro^t 
Provision must be made for the proper typ*‘ of 
vessel, equipment, and laboratory facilities, adapted 
to the nature and duration of the survey. 

Research ships. Ships of all types and sizes lia\f 
been gathering information about the oceans sine* 
earliest times. Vessels of less than 300 tons clb 
placement seldom range farther than several hun- 
dred miles from land, whereas ships larger than 
300 tons displacement may work in the open ocean 
for several months at a time. Research ships of all 
sizes must be seaworthy and must provide good plat 
forms from which to work. More specifically, a "hip 
must have comfortable quarters, adequate labora- 
tory and deck space for preliminary analyse*, phi" 
storage space for equipment, explosives, sample- 
and scientific data. Machinery, usually in the form 
of winches and booms, is necessary for handbag 
the complex and often heavy scientific equipment 
needed to probe the ocean depths ( Fig. 2 ) . 

Standard oceanographic equipment include* eol- 
lecting bottles (Nansen bottles), for obtaining 
water samples, and thermometers (both reversing 
thermometers and bathythermographs), for meas- 
uring temperatures at all depths. In addition, there 
are various devices for obtaining samples of ocean 
bottom sediments and biological specimens. The^ 
include heavy coring tubes which punch cylindrica 
sediment sections out of the bottom, dredges whicj 
scrape rock samples from submerged mountains- 
and platforms, plankton nets for collecting ven 
small planktonic organisms, and trawls for collect* 
ing larger free-swimming organisms at all oceans 




Fig. 2. Trawl winch on RV Verna. (Lamont Geological 
Observatory) 

depths. Echo sounders provide accurate profiles of 
the orean floor. 

Specialized equipment for oceanic exploration 
includes seismographs for measuring the earth’s 
crustal thickness, magnetometers for measuring 
terrestrial magnetism, gravimeters for measuring 
variations in the force of gravity, hvdrophotometers 
for measuring the distribution of light in the sea, 
heat probes (earth thermometers) for measuring 
the flow of heat from the earth’s interior, deep-sea 
cameras to photograph the sea bottom, biolumines- 
v'onee counters for measuring the amount of lumi- 
nescent light emitted hv organisms, salinometers 
for measuring directly the salinity of sea water, 
and cm rent meters to clock the speed of ocean cur- 
tents. 

Positioning of a ship is verv important for ac- 
curate plotting of data and detailed charting of the 
oceans. Celestial navigation is in wide use now as 
in the past. More recent navigational aides such as 
electronic positioning equipment (loran, shoran, 
a| id radar) are increasing the accuracy of position- 
mu to within several tens of yards of the ship’s true 
position. Navigational and radio communications 
e <l'iipment normally is situated near the captain’s 
bridge, hut often is duplicated in the scientific 
laboratories in order that complete communication 
between the ship’s operators, scientists, and other 
participating ships can he carried on at all limes. 

Ship's laboratories . Laboratories must be adapt- 
able for a large number of operations. In general, 
thev are of two categories, namely wet and special 
laboratories. Wet laboratories are provided with an 
'^pen-drained deck so that surplus sample water 
ran be drained out on deck. Such a laboratory is 
located near the winches used for running out and 
retrieving a long string of water-sample bottles 
(hydroeasts). Adjoining the wet laboratory are 
"Peoial laboratories equipped with benches for 
Measuring chemical properties of the recovered 
w ater. and for examination of biological and geo- 
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logical samples. Electronics laboratories are either 
part of or adjacent to the special laboratory, de- 
pending upon the size of the ship. Here, numerous 
recording devices, amplifiers, and computers are 
set up for a variety of purposes, such as measure- 
ments of underwater sound, measurement of the 
earth’s magnetic and gravity fields, and seismic 
measurements of the earth’s crustal thickness 
(Fig. 3). 

New devices. The most promising recent develop- 
ment is the inertial guidance system. This allows 
the ship’s scientists to place the ship’s position to 
within a very small degree of error and with a re- 
liability never before realized. The development of 
nuclear power plants permits extended voyages 
without the necessity of refueling. These two de- 
vices, combined in the submarines Nautilus and 
Skate , have made possible the first extended jour- 
ney under the Arctic ice pack. Uncharted regions 
of the oceans are now within the reach of explora- 
tion. 

Direct visual observations of the ocean depths 
are fast becoming a reality, both by “manned” sub- 
mersibles (bathyscaph) and by television cameras. 
The deep-sea cameras have been developed to the 
point whereby motion pictures of even the deepest 
parts of the sea bottom can he taken (Fig. 4). 
However, such observations yield no information 
about the subsurface material. Major crustal fea- 
tures are determined by seismic measurement. The 
shallower features of the subbottoin structure and 
deposits were not readily observed until the advent 
of the subhottom acoustic probe. This device is a 
very high energy echo sounder capable of penetrat- 
ing below the sediment-water interface and yielding 
a continuous profile of the subhottom strata. Infor- 
mation as to the physical and chemical makeup of 
the underlying material, however, is dependent 
upon penetration and actual recovery. Commonly 
used coring devices rarely penetrate more than 10 
to 20 meters (on occasion to about 33 m) below 
the surface. A new “incremental” coring device 



Fig. 3. Special laboratory aboard research vessel. 
(Lamont Geological' Observatory ) 
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Fig. 4. This remote-controlled underwater television 
camera, mounted in self-propelled vehicle, can make 
visual surveys to depths of 1000 ft. The self-buoyant 
unit moves about or hovers at any desired depth in 
currents or tides of several knots. ( Vare Industries , 
Roselle , New Jersey ) 

has now been developed for taking successive 2-m 
sediment cores to possible depths of 100 meters or 
more. .See l J indkhwatkk photography; Undkr- 

WATK.lt TKLKVISION. 

Oceanographic stations. Work on station consists 
of sampling and measuring as many marine proper- 
ties as possible within the limitations of an expedi- 
tion. Water, sea-bottom, and biological samples are 
successively collected on the long cables extended 
to the ocean floor. In some surveys, one cable low- 
ering may include samplers for all these items, but 
this is not the usual procedure. Stations are syste- 
matically located at predetermined points along the 
ship’s path. At hydrographic stations, observations 
of water temperature, salinity, oxygen, and phos- 
phate content are determined upon sample recov- 
ery. Seismic stations generally are carried out by 
two ships, one ship running a fixed course and 
dropping explosives while the second ship remains 
stationary and records the returning subbottom re- 
flected or refracted sound waves. Biological stations 
may consist of vertical net hauls or horizontal net 
tows depressed to sweep the ocean at a fixed depth. 
Ideological stations are usually coring or bottom- 
dredging operations. Wherever possible, the re- 
covered data are given a preliminary reduction 
aboard ship so that interesting discoveries are not 
bypassed before suifieient information is obtained. 
Detailed analyses aboard ship are seldom possible 
because of the limitations of time, space, and labo- 
ratory equipment. Instead, the carefully processed, 
labeled, and stored material is preserved for in- 
tensive study ashore. 


Home laboratory . This phase of the work may 
entail many months of careful examination and de- 
tailed analyses. Batteries of sophisticated scientific 
instruments are often necessary: data computers 
for reduction of physical oceanography informa- 
tion; spectrographic apparatus consisting of emis- 
sion units; infrared, ultraviolet, x-ray, and mass 
spectrometers for chemistry; aquaria, pressure 
chambers, and chemostats for the biologist; dec- 
tron microscopes and high-powered optical micro- 
scopes for examination of inorganic and organic 
constituents; radioisotope counters; and numerous 
standard physical, chemical, geological, and bio- 
logical instruments. The great variety of measur- 
able major and minor properties is reduced to 
statistical parameters which may then be inte- 
grated, correlated, and charted to increase the 
knowledge of sea properties and show their rela- 
tionships. The essentially descriptive properties 
lead to an understanding of the principles which 
control the origin, form, and distribution of the 
observed phenomena. The present knowledge o! the 
oceans is still fragmentary, but the increasing More 
of information already is being applied to a rapid Iv 
expanding number of man’s everyday problems. 

| G. A I! ] 

Research problems in oceanography. Since 

the middle of the 19th century, man has learned 
more and more about that 71 'r of the earth whi< h 
is covered with sea water. The rate of increase of 
knowledge is being aeeelerated by improved tool* 
and methods, and increased interest of scientist* 
and engineers. Some of the present and future i re- 
search problems that are attracting scientists will 
he mentioned here. 

One of the oldest and still unsolved problems i* 
the motion of ocean waters, involving surface cur- 
rents. deep-sea currents, vertical and horizon! a) 
turbulent motion, and general circulation. New 
methods such as distribution of radioactive sub- 
stances, deep-sea current meters and neutrallv 
buoyant floats, high-precision determination of salt 
and gas content, and hot-wire anemometers for 
turbulence studies and current measurements hav* 
increased present knowledge considerably. The sur- 
face movement of water is wind-produced, and a 
general theory of the motion has been worked out. 
The deep-sea currents, which are known to be 
caused in part by variations in the thermohaline 
circulation, are still an open problem. Superim- 
posed on these movements is the turbulent motion, 
which ranges over the whole spectrum from large- 
ocean eddies transporting millions of cubic meters 
of water per second to the tiniest vibrations of 
water particles. Very little is known about turbu- 
lence. See OCKAN CURRENTS. 

The mixing of water masses and the formation of 
new water masses cannot yet be completely and 
adequately described, as many of the thermodv- 
namic parameters are not precisely known. Labora- 
tory experiments and measurements of thermal ex- 
pansion, saline contraction, and specific heat at 
constant pressure must be carried out. A further 



problem is the composition of sea water and the 
extent to which the ratio among the components is 
n>»*tant. Tn connection with these problems, it has 
j, m i urged that a library of water samples be estab- 
lished. Improved techniques of measuring sound ve- 
electrical conductivity, refractive index, and 
fhn-itv must he developed to enable scientists to 
follow many processes in the ocean. It is therefore 
ove^ary to study the small variations of these 
parameters in the sea. See Sea water. 

The tides in the oceans are rather well known at 
the surface but are almost completely unknown in 
i he deep sea; also, the influence of land boundaries 
uit deep-sea tides is not yet understood. Further re- 
warrh also must be devoted to the interesting phe- 
nomenon of internal waves. See Tide; Wave (in- 
lHIN'Al. ) • 

The *4tudy of ocean waves is one of the most ad- 
winml topics in oceanography hut the energy ex- 
change between atmosphere and sea surface hv 
tt i« t ion must he studied further. Another problem 
i- thal of the heat exchange between ocean and 
tiimnsphcre. an important link in the heat mecha- 
umii v\hich determines the weather and the oceanic 
. irnilation. Ser Ocean waves; Ocean-meteoko- 


J OU( M RELATIONS. 

The climate of the past, in particular that of the 
l.i-t 1.000.000 years, is best studied in the ocean. 
Vw isotopic methods in paleorlirnatologir research 
idlnw I he determination of temperature variations 
it: the ocean with a high degree of accuracy. The 
i a piil growth of geochemistry and the increased 
dimpling of deep-sea sediments through improved 
i^lmiques have solved some of the problems of 
hvp-sea sedimentation. At the same time, a number 
••I new ones have been created such as: Why is the 
^diluent carpet only about 300 m thick? What is 
lli*‘ mechanism of sediment transport? What is the 
hi^toi y of sea water? Of the ocean basin? What is 
die cause of ice ages? See Marine sediments; 

bmarine topography; see also Geologic ther- 
mometry; Paleoecology (geochemical aspects) . 

Manv new instruments for the study of the ocean 
have been developed. Many more are under 
‘’onsl ruction. Drilling in the ocean floor may result 
,n many new questions. A few cores only 500 m 
long will reveal the history of the earth over sev- 
p ™l million years, and a core to the Moho (about 
3 milp> deep) may help answer many of the ques- 
d«>ns about the structure of the earth’s crust. The 


problem of the mechanism of formation of the 
and island chains may be near solution. See 
Mono (mohorovictc discontinuity); Mohole.* 
I he age determination of sediments by radioac- 
tu ‘ity methods, which was thought impossible 30 
years ago, is now used on all deep-sea sediments 
hut c overs a period of only 400.000 years. Improved 
'hemical methods using beryllium- 10 may push 
the age limit back to 5,000,000 years. Also, very 
is known about the formation of minerals on 
lhe sea floor, the diffusion and adsorption of ele- 
^nts in and on sediments, and the reaction at slow 
rates i n sediments. Certainly the microbiological 


Oceanography 269 

processes on the sea floor will be an important fac- 
tor as they seem to produce chemical energy in 
sediments. See Hydrosphere, geochemistry ok 

In marine biology, the systematics and ecology 
remain the major aspects. It is still the science 
of the “naturalist.” The interest of marine biology 
is many-sided and not grouped around a few central 
problems. Ocean life offers to the general biologist 
the best opportunities to study such complex prob- 
lems as the structure of communities and the flux 
of energy through these communities. The zonation 
of animals on the shore and in the open ocean is 
not yet fully understood; the cause of patchiness 
in the distribution must be found. On the other 
hand, the distribution of species by currents and 
eddies must he studied and large-scale experiments 
on behavior must he carried out. Observation at 
sea has been neglected to a large extent, and there- 
fore the equilibrium between sea observation and 
laboratory experiment must be restored. The great 
advances in genetics, biochemistry, physiojogy, and 
microbiology also will advance the study of life in 
the sea. See Deep-sea fauna; Marine ecosystem; 
Marine microriology. [f.f.k.] 

Applications of ocean research. Directly and 
indirertl> the ocean is of great importance to man. 
Tt is valuable as a reservoir of natural resources, an 
outlet for waste disposal, and a means of transport 
and communication. The ocean is also important as 
a harmful agent causing biological, chemical, and 
mechanical destruction of life and property. In ad- 
dition to the peaceful exploration of the oceans, 
there are many military applications both of sur- 
face and submarine phenomena. In all of these 
aspects oceanography provides basic information 
for engineers who seek to increase its benefits and 
to avoid its harmful effects. See Marine resources. 

Food resources. The food resources of the ocean 
are potentially greater than those of the land, since 
its larger area receives a proportionately larger 
amount of solar radiation, the source of living en- 
ergy. Nevertheless, this potential is only in part 
realized. Oceanographic studies provide informa- 
tion which can help to increase fishing yields 
through improved exploratory fishing, economical 
harvesting methods, fisheries forecasts, processing 
techniques at sea, and aquaculture. 

Fishes are dependent in their distribution upon 
food organisms and plankton, vertical and horizon- 
tal currents which bring nutrients to the plankton, 
bottom conditions, and physical and chemical char- 
acteristics of the water. A knowledge of the rela- 
tion of food fishes to these environmental conditions 
and of the distribution of these conditions in the 
oceans is vital to successful extension of fishing 
areas. Satisfactory’ measurements of the basic 'or- 
ganic productivity of the sea may become essential 
in the selection of regions for extended fishery 
exploration. See Ska water fertility. 

The catching of fishes may be facilitated and 
newer and more efficient methods devised through a 
knowledge of the reaction of fishes to stimuli, and 
of their habits in general. This knowledge may re- 
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Fig. 5. Sketch showing new ways of fishing: spotting ( Adapted from A. Spi/haus , Turn to the Sea , NAS-NR C, 

by aircraft and sonar; electric and air bubble fence. 1959) 


suit in better design of nets and in the use of 
electrical, sonic, photic, and chemical traps or 
baits (Fig. 5). The harvest also may be increased 
by using improved methods of locating schools of 
fish by sonic or other means. 

The biology of fishes, their food preferences, 
their predators, their relation to oceanographic 
conditions, and the fluctuations in these conditions 
seasonally and from year to year are important fac- 
tors in forecasting fluctuations in the fisheries. This 
information will aid in preventing the economic 
waste of alternating glut and scarcity. Similar 
information is essential to good management of 
the fisheries and to sound regulation by conserva- 
tion agencies. 

Other anticipated advances which require further 
oceanographic study include (1) the improve- 
ment of fishing by transplanting the young of exist- 
ing stocks or by introducing new stocks; (2) farm 
ing or cultivation of sea fishes (although this does 
not seem feasible at present, scientific research has 
improved the cultivation of oysters and mussels in 
France and Japan) ; and (3) the use of planktonic 
vegetation as a source of food or animal nutrition. 
See Fisheries conservation; Food manufactur- 
ing; Marine fisheries. 

Mineral resources. Although most of the valuable 
chemical elements in sea water are in very great 
dilution, the great volume of water of the oceans 
(about 300,000,000 mF) provides a limitless and 
readily accessible reservoir, if such dilute concen- 
trations can be economically extracted. Magnesium 
is produced largely from sea water, and bromide 
also has been extracted commercially. High con- 
centrations of manganese are found in manganese 
nodules which are very common on certain areas of 
the sea floor. 

Other elements occur in too great dilution to be 
extracted by present methods. Possibly a better 
understanding of the ability of certain marine 
plants and animals to accumulate and concentrate 
elements from sea water in their tissues may lead 
the way to new methods of recovering these ele- 
ments. 


Energy and water source. Sea water contain* 
deuterium and would be a limitless source for thi* 
element in the event of successful nuclear fusion 
developments. Further oceanographic knowlrdgt' 
and advances in engineering may lead lo the in- 
creased utilization of tidal energy sources, or o| 
the heat energy available from temperature dif- 
ferences in the ocean. The development of i»<-w 
methods for removing salt from sea water offer* 
promise that the sea may become a practical 
source for potable water. 

Disposal outlet. Because of the large volume ul 
the sea, it is frequently used for the disposal »l 
chemical wastes, sewage, and garbage. A knowledge 
of local currents and tides, as well as of the bottom 
fauna, is essential in order to avoid pollution of 
beaches or commercial fishing grounds. Radioactiu* 
waste disposal in offshore deeps poses problem* 1 ot 
the rate of movement of deep waters and the tran c 
fer of radioactive materials through migration and 
food chains of marine organisms. 

Traffic and communication. The sea still remains 
an important highway; thus the knowledge and 
forecasting of waves, currents, tides, and weallm 
in relation to navigation are of great practical im- 
portance. New developments include the continuous 
rerouting of ships at sea in order that they may fol- 
low the most economic paths in the face of chang- 
ing weather conditions. 

A knowledge of submarine topography, geologic 
processes, and temperature conditions is important 
for the satisfactory location, operation, and repair 
of submarine cables. The use of Sofar in air-sea 
rescue operations is based upon submarine acous- 
tics. 

For additional information pertaining to over- 
seas communication see Telegraphy; Telephone 
service. 

Defense requirements. Defense aspects of manna 
research involve not only the navigation of sur- 
face vessels but also undersea craft with specia 
navigational problems related to submarine topofr 
raphy, echo sounding, and the distribution of tem- 
perature, density, and other properties. Researc 
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submarine acoustics has improved communica- 
j on between, and detection of, undersea craft. In 
| l( , 0 f these advances natural conditions, such as 
warnl water pockets and subsurface magnetic ir- 
regularities. can conceal submarines from conven- 
tional means of detection. Investigation of these 
conditions is essential to any defense against 
mi-sile-earrying submarines. See Antisubmarine 

W IKK IKE. 

Property and life. Damage to docks and ships by 
marine borers and fouling organisms is controlled 
In methods that utilize a knowledge of the biology, 
behavior and physiology of the destructive organ- 
nms and of the oceanographic conditions which 
n.ntrol their distribution (see Boiung sponges; 
NHpwoRM ; Thoku.ica). Loss of life caused by 
tlw* .'tracks of sharks and other fishes may he re- 
,1, nvd through an understanding of their behavior 
and the development of repellants and other protec- 
ts devices. The chemical characteristics of sea 
water pose special problems of corrosion of rnetals. 
lt<M( h erosion, wave damage to harbor and off- 
dune structures, the effects of tsunamis and inter- 
nal waves, and storms also cause loss of property 
and life. Much of this damage may he minimized 
h\ the application of oceanographic knowledge to 
1'irerasting methods and warning systems. See 
"iiohj phoi isses; Storm surge: Tsunami. 

Indirect benefits of oceanography arise from the 
application of marine meteorology to weather pre- 
diction. not only over the sea areas hut also over 
the land l.ser Marine inj i.uknc.i: on weather and 
■■ i.iMM'h ) . r fhe studv of marine geology and marine 
••eolngv aid in the understanding of the cliamcter of 
oil hearing sedimentary rocks found on land. 

f F.G.W.S.] 
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Oceans and seas 

Tilt; interconnecting body of salt water that covers 
70ft r ,f. 0 f fh e surface of the eurth is called the 
w °rld ocean, or simply the ocean. Its major sub- 
divisions, corresponding to the continents, are 

°rean s . 

Subdivisions of oceans in turn are called 
SPas : these range all the way from vague regions 
^'hli no fixed limits (such as Sargasso Sea) to al- 
niost completely landlocked bodies (Black Sea). 
^ terms bight, strait, gulf, and bay are often 
|* se d interchangeably with sea (Great Australian 
%ht, Denmark Strait, Gulf of Mexico, Bay of 
cngol). Salt lakes lacking outlets to the ocean are 
* s ° usually called seas (Salton Sea, Dead Sea, 
Caspian Sea). 


Table 1. Characteristics of the oceans 


Ocean 

Area 

10® in* 

Mean depth 
in 

Volume 
I0 ,s m J 

Arctic 

14.090 

1,205 

17.0 

North Atlantic 

46,772 

3.285 

153.6 

South Atlantic 

37,364 

4,091 

152.8 

Indian 

« 1,602 

4,284 

349.6 

North Pacific 

83, 1-62 

3,858 

322.0 

South Pacific 

6. r >.. r »2! 

3.891 

254.9 

Antarctic 

32.249 

3,730 

120.3 


Table 2. Characteristics of individual 

seas 


Sea 

\ r«‘u 
I0» in 2 

Mean 

depth 

m 

Volume 

]pl2 ip 3 

Tributary to Arctic Ocean 

Norwegian Sea 

1,383 

1.742 

2,408 

(irecnland Sea 

1,205 

1,444 

1,740 

Barents Sea 

1,405 

229 

322 

White Sea 

90 

89 

8 

Kara Sea 

883 

118 . 

104 

Laptev Sea 

650 

519 

338 

Fast Siberian Sea 

901 

58 

53 

Chukchi Seu 

582 

88 

51 

Beaufort Sea 

476 

J .004 

478 

Baffin Bay 

689 

861 

593 

Tributary to North Atlantic 

North Sea* 

600 

91 

55 

Baltic Sea* 

386 

86 

33 

Mediterranean Sea* 

2,516 

1,494 

3,758 

Black Sea* 

461 

1,166 

537 

Caribbean Sea* 

2,754 

2, 491 

6,860 

dull’ of Mexico* 

1 .543 

1,512 

2,332 

du If of St Lawrence 

238 

127 

30 

Hudson Bay 

1,232 

128 

J 58 

Tributary to South Atlantic 

duff of d iiinca 

1.533 

2,996 

4,592 

Tributary to Indian Ocean 

Bed Sea 

450 

558 

251 

Persian dulf 

241 

40 

10 

Arabian Sea 

3,863 

2,734 

10,561 

Bay of Bengal 

2,172 

2,586 

5,616 

Andaman Sea 

602 

1,096 

660 

Great Australian Bight 

484 

950 

459 

Tributary to North Pacific 

Gulf of California 

177 

818 

145 

dulf of Alaska 

1,327 

2,431 

3,226 

Bering Sea* 

2,304 

1,598 

3,683 

Okhotsk Sea 

1,590 

859 

1,365 

Japan Sen 

978 

1,752 

1,713 

Yellow Sea 

417 

40 

17 

Fast China Sea 

752 

349 

263 

Sulii Sea 

420 

1,139 

478 

Celebes Sea 

472 

3.291 

1.553 

In both North and South Pacific 
South China Sen 3,685 

1,060 

3,907 

Makassar Strait 

194 

967 

188 

Molukka Sea 

307 

1.880 

578 

Ceram Sea 

187 

1,209 

227 

Tributary to South Pacific 
Java Sea 

433 

46 

’ 20 

Bali Sea 

119 

411 

49 

Flores Sea 

121 

1,829 

222 

Savu Sea 

105 

1,701 

178 

Banda Sea 

695 

3,064 

2.129 

Ceram Sea 

187 

1,209 

227 

Timor Sea 

615 

406 

250 

Arafura Sea 

1,037 

197 

204 

Coral Sea 

4,791 

2,394 

11,470 


1 See article by this title. 
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Ocelot 


The ocean has a total area of 361 X 10 6 km 2 and 
an average depth of 3795 m, with a total volume of 
1.37 X 10 ,H m :i . It has a mean temperature of 
3.90°C and a mean specific gravity of 1.045, giving 
a total mass of 143 X 10 ,fl metric tons. Since the 
mean salinity is 34.75% o (3.475% by weight), there 
are 138 X 10 10 tons of water and 4.87 X 10 ie tons 
of salt in the ocean. 

The world ocean, on the basis of its surface cir- 
culation. is conveniently divided into seven oceans 
(see Table 1). The Arctic Ocean is separated from 
the North Pacific at Bering Strait and from the 
North Atlantic by Fury and Heela Strait, Davis 
Strait, and lines from Greenland to Iceland, Iceland 
to Scotland, and Scotland to Norway. The Equator 
divides the North Pacific from the South Pacific 
and the North Atlantic from the South Atlantic. 
The meridian of Cape Agulhas (20°E) divides the 
South Atlantic and Indian Ocean. The Indian and 
Pacific Oceans are separated by a line from Singa- 
pore to Sumatra; Indonesia; a line from Timor to 
Cape Talbot, Australia; the western end of Bass 
Strait; and the meridian of Southeast Cape, Tas- 
mania (146°52'E). All of Magellan Strait is part 
of the Pacific. The Antarctic Ocean is ull the water 
south of 55°S. Using these limits, the oceans and 
their adjacent seas have the characteristics listed in 
Tables 1 and 2. 

See Antarctic Ocf.an; Arctic Ocean; Atlan- 
tic Ocf.an: Indian Ocean; Pacific Ocean; 
Southeast Asian waters. T-My.] 


catch their prey on the ground, ocelots are also 
capable of climbing trees. They will eat almost anv 
vertebrate of moderate size. See Carnivora | j.d.b ] 

Octagon 

A figure formed by the eight line segments (sides) 
that join in order eight ordered points (vertices) 
of a plane. In elementary geometry it is assumed 
that the sides do not cross and, usually, even that 
the finite region of the plane bounded by the side> 
is convex (convex octagon). A regular octagon has 
each two of its sides congruent, and each angle 
made by adjacent sides equal to 135°. The area of a 
regular octagon of side a is 2(V2 + l)a 2 . If 


Regular octagon. 

regular octagon be inscribed in a circle of unit 
radius, a rotation about the center of the circle will 
make its vertices coincide with the eight (complex) 
roots of the equation z s — 1 = 0; namely 

z n = cos ( 2tt/i/8 ) + i sin ( 27rn/8 ) 
n = 0 , 1, 2 7 

where V— I. See Polygon; Polytopes, hfu 
lar. f l.m.iu. | 



Ocelot 

A medium-sized American eat. Felix pardnlis , 
found from Paraguay northward through Mexico 
and, rarely, in Texas and Arizona. The ocelot may 
grow to 50 in. in length but is usually somewhat 
smaller; the tail comprises a third or more of its 
length. It is tawny gray above and marked with 
black or hlack-bordered spots, some of which are 
arranged in streaks. 



The ocelot, Felis pardalis ; length 3 ft. (From E. L 
Palmer , Fieldbook of Natural History , McGraw-Hill , 
1949) 


Ocelots are sometimes kept as pets, and the fur is 
of some value, especially as trimming for clothes. 
The animal is primarily nocturnal and prefers 
broken, wooded country. Although they usually 


Octahedron 

In geometry, a solid with 8 faces. The faces of a 
regular octahedron (one of the 5 regular solids all 
of which were known to the ancient Greeks) arc 
all congruent equilateral triangles. These 8 tri- 
angles have a total of 6 vertices and 12 edges the 
vertices and edges of the octahedron. The solid 
dual to the cube, which has 8 vertices, 6 faces, and 
12 edges. The centers of the faces of a regular octa- 
hedron are the vertices of a cube; conversely, the 
centers of the faces of a cube are the vertices »>f 
a regular octahedron. The volume of an octahedp»n 


Regular octahedron, 
with edge a is aW 2/3. See Polyhedron; P° lY ’ 

TOPES, REGULAR. fL.M.BI-J 

Octal number system 

A system in which numbers are represented as In 1 ' 
ear combinations of powers of 8. Below is shown 
the relationship between the octal system and the 
decimal system. 

Decimal notation Octal notation 

12 - 8 1 + 4 - 14 

31 - 3 X 8 1 + 7 -37 

123- lX*8 2 +7x8 1 + 3- 173 




The octal system has come into importance because 
0 f its value in computer applications. See Number 
systems. 


Octane 

An alkane having the formula CaHis. The 18 pos- 
sible isomers, all of which have been prepared, 
range in boiling point from 99.3°C (2,2,4-tri- 
methyl pentane) to 125.6°C (n-octane). One isomer, 
2.2,3,3-tetramethylbutane, is a crystalline solid hav- 
ing a high melting point, 101°C, only 5.5°C lower 
than its boiling point. 

The branched-chain octanes are obtained com- 
mercially by the catalytic alkylation of isobutane 
with the n-butylenes or isobutylene. They have high 
Antiknock rating and are therefore valuable con- 
stituents of gasoline. 

The standard reference fuel (100 octane num- 
ber) in determining the antiknock rating of gaso- 
lines is 2,2,4-trimethyl pentane (often incorrectly 
termed isooctane). It is produced by the hydro- 
eenation of the mixture of 2,4,4-trimethyl-l-pentene, 
and 2.4,4-trimethyl-2-pentene obtained by the poly- 
meiization of isobutylene. See Alkane; Gasoline; 

0(, FANE NUMBER. [L.S.] 


Octane number 


\ number applied to fuel for spark-ignition en- 
Kme? to indicate the fuel’s ability to resist com- 
bustion knock. To determine octane number of a 
fuel sample, a specially designed engine is oper- 
ated under specified conditions with the given fuel. 
The compression ratio of the engine is adjusted to 
gi'c a standard knock intensity as measured by 
an approved knockmeter. 


Without changing the compression ratio, the en- 
gine is then operated on blends of isooctane (2,2,4- 
trimethylpentane, ChHih) which is a fuel highly 
distant to knock, and normal heptane (C7H16), 
J which knocks readily. When a blend is found 
dmt knocks under the conditions to which the en- 
gine was adjusted with the same intensity as did 
tbe fuel sample, the percentage by volume of iso- 
°t'tane in the mixture is the octane number of the 
lup l sample (see Combustion knock). 

F«d«» with octane numbers above 100 are usually 
r atod by finding the number of milliliters of tetra- 
ethyllead required per gallon of isooctane to give 
the same resistance to detonation as the fuel sam- 
nk. A method used with aviation fuel uses the ra- 
t10 of engine indicated mean effective pressure 
(mep) a t incipient knock for the fuel being rated 
to the me p at incipient knock for isooctane.* 
pp Antiknock agents. [a.r.r.] 


Octave 


^ interval between two sounds having a basic 
r *<]uency ratio of 2:1; also, the interval in pitch 
,e tween two tones such that one tone may be re- 
order! as duplicating at the next higher pitch the 
I ? MC musical import of the other tone. Both these 
l n Cas stem from the musical interval of the eighth ; 

Reneral, an octave is simply a group of eight. 
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The first definition given is concerned with physical 
oscillations, and in this sense, the interval in 
octaves between any 2 frequencies is the loga- 
rithm to the base 2 of the frequency ratio. The 
second definition deals with sensations. Histori- 
cally, a ratio of 2: 1 in frequency was considered to 
correspond to the pitch interval of an octave, but 
psychological research of the twentieth century has 
demonstrated that this is not necessarily the case 
(see Pitch). The upper tone of a puir delimiting 
the interval of an octave is itself called the octave; 
the organ pipe producing the upper tone is also 
called the octave. See Musical acoustics; Scale 

(music). Ir.w.y.1 

Octode 

An 8-electrode vacuum tube used as a mixer tube in 
radio receivers. Six of the electrodes are grids. As 
ordinarily used, the cathode and first two grids are 
connected as a triode oscillator. The third and fifth 
grids act as screen grids. Signal is injected into the 
fourth grid. The sixth grid is used as a suppressor 
grid. This arrangement achieves the desired effects 
of low electrostatic coupling between the signal 
and oscillator circuits, while at the same time, 
yielding good plate-circuit characteristics. See 
Vacuum tube. Ik.r.s.1 

Octopoda 

An order of the dibranchiate cephalopods contain- 
ing the octopus (see illustration), argonaut, blanket 
octopus, and others. They possess 8 arms equipped 



The octopus. ( Courtesy Treat Davidson , National Au- 
dubon Society) 


with 1-3 rows of suckers. The common Octopus 
vulgaris and its allies are secretive bottom dwellers 
in shallow to moderate depths. They feed upon bi- 
valve mollusks and crustaceans and are often seri- 
ous predators on lobsters and crabs. Others, such 
as Argonauta argo with its fragile egg case, live 


274 Octopus 

in the open ocean. Many are small gelatinous forms 
occurring down to 3000 meters while larger deep 
sea forms may have feeble paddle-shaped fins and 
one, Cirrothauma , is blind. Paleoctopus newboldi is 
from the Upper Cretaceous. The largest octopus re- 
corded had an arm spread of 32 ft but most are 
much smaller. There are about 150 species. See 
Cephalopoda; Dibranchia. [g.l.v.] 

Bibliography : G. C. Robson, A Monograph of the 
Recent Cephalopoda , vols. 1 and 2, 1929^-1932. 

Octopus 

Any of more than 50 living species of the family 
Octopodidae, class Cephalopoda, phylum Mollusca. 
The octopuses, also known as devil fishes, are 
world-wide in distribution, are all marine, and are 
found in both deep and shallow water. A number of 
species occur on the Pacific Coast of the United 
States and at least 11 on the Atlantic Coast. 

Uses. The octopuses are used for food in many 
parts of the world. They are especially favored in 
Italy and Greece, China and other Oriental coun- 
tries, and by the natives of the South Pacific islands. 
They are also of some importance as sport animals 
in many parts of the world, for example, in certain 
Pacific islands where the principal sport of teen- 
age boys is diving for and capturing octopuses 
without the use of weapons of any kind. In some 
areas they are highly destructive to crab and lobster 
populations. Although they are not nearly as dan- 
gerous as popular accounts indicate, they will 
attack man and the larger species are capable of 
killing humans. 

Characteristics. Members of the family vary in 
size from those with an arm spread of 2 in. to 
monsters 32 ft from arm tip to arm tip. Many re- 
ports of gigantic specimens undoubtedly are mis- 
identified observations of the giant squid. 

The typical octopus has a round body with a very 
large head and large eyes. There are eight arms 
which are more or less webbed and alike except the 
third right arm of males, which is enlarged and 
modified as a copulatory organ. Each arm bears 
1-3 rows of sessile suckers. The mantle is attached 
to the head by a broad, dorsal commissure. There 
are no fins. Octopuses are all adept at changing 
color and are consequently easily overlooked when 
not moving about. 

Octopuses are carnivorous animals and feed 
openly on the bottom during the day. Crabs appear 
to be their favorite food, but other crustaceans, 
mollusks, and fishes are readily consumed. They 
kill their prey with their strong, beaked jaws. 

Reproduction. Sperm is transferred in sperm a- 
tophores, or bundles, to the mantle skirt of the 
female by the modified copulatory arm of the male. 
Eggs are deposited on the roof of the female’s 
hiding place in ropelike strings or grapelike clus- 
ters and are guarded by the female until they hatch. 
In some species hatching requires 6-8 weeks. 

Octopuses can walk skillfully and rapidly along 
the bottom by the use of their arms. They also swim 
backwards with their arms trailing by ejecting 
water through the siphon, in much the same manner 


as squids. Also, like the squids, they have an ink 
sac which opens into the anus and by means of 
which they can cloud the water to escape their 
enemies. In internal anatomy they are similar to 
squids. 

The most common Pacific Coast species is Octo- 
pus bimaculatus , which ranges from Panama to 
southern California. Although common in some lo- 
calities, it has been so severely hunted in recent 
years for food that its numbers are somewhat re- 
duced. Its body is about 4 in. long and is usually 
gray, although its color is highly variable. It is 
marked by two large round spots on the back. 

Bathypolypus arctic us, the most common Atlantic 
Coast species, has a 3-in. body, but its arms may at- 
tain a spread of 40 in. It is normally bluish white, 
speckled with brown. It is found in deep water from 
Florida to the Arctic Ocean eastward to northern 
Europe. See Cephalopoda; Sywn. [jd-b.] 

Odonata 

An order of the class Insecta known as dragonflies. 
The young inhabit ponds, streams, and marshes: 
the adults fly over these localities or ad jacent land 
The adult structure is unique, characterized hv a 
head with large compound eyes and wings with 
clear or transparent membrane* traveled !»v net- 
works of veins; the male has accessory male geni- 
tal organs possessed by no other insects. 

Superstitions regarding dragonflies have per 
sisted fb r a long time. Because of their bizarre ap- 
pearance they have been called devil's darning 
needles, snake doctors, and horse stingers. 

Dragonflies constitute one of the oldest insert 
orders; they can be traced back, through fo^il 
records, to the Carboniferous and Permian. Sur- 
prisingly, few changes have occurred since then, 
but the order has become diversified in late year- 
and has specialized to counter competition and to 
avoid enemies. Wing venation is more complex and 
body structure more varied. 

Life history, habits, and enemies. There are 
three general stages in the life history, the egg, the 
nymph, sometimes called naiad, and the adult. 
Development is usually slow, often requiring three 
to five years. Rarely is there more than one genera- 
tion a year in the northern range. Adults may 
for an extended period in summer. Egg9 are laid 
by insertion into plant stems, either beneath the 
water or just above the surface. Others are dropped 
directly into the water and sink to the bottom 
where they hatch and the nymphs develop. Flight 
periods may extend over the entire summer, or he 
limited to spring and early summer. Mass migration 
flights have been observed, similar to those of birds 
and certain butterflies. Individual species in Nort 
America may range from coast to coast or from the 
northern to southern boundary of the United States* 

Enemies include birds and fishes, with frogs an 
insects being of lesser importance. Mite9 sometime® 
attach themselves (as may be Been in the illustra* 
tion of the damsel fly) but actually do little harm* 

Classification. .The Odonata comprise & rc \j 
tively small order of insect* with 112 species li stcd 
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Typical Odonata. (a) Adult damselflies; note mites attached, (b) Dragonfly nymph, (c) Adult dragonfly*. 


from Connecticut, 164 from northeast United States, 
and about 360 from the United States as a whole. 
There are at least 500 from North America and 
probably less than 3000 species known throughout 
the world. The order is divided into the Anisoptera, 
or true dragonflies, and the Zygoptera, or damsel- 
flies. 

Anisoptera, or true dragonflies, are the more nu- 
merous of the two suborders. Adults have large 
wiri^s and a thickset thorax. Body colors are 
mostly browns, blacks, and blues, and a few have 
metallic lusters. Wings may be either clear or 
“Pitted. Nymphs possess internal rectal gills for 
breathing. They inhabit the bottoms of lakes, 
breams, or ponds. They are squat and usually 
sluggish insects, protected by their form and color, 
which resemble objects on the bottom. Locomotion 
I s * by a sort of jet propulsion, but they crawl slowly 
in talking prey. The principal families of the Ani- 
^ptcra are the Gomphidae, Petaluridae, Aeshni- 
flae, Cordulegasteridae, and Libellulidae, the last 
fo*ing largest. 

Zygoptera, or damselflies, are slender, dainty 
creatures, often with bright blue or orange coloring 
and usually with clear or transparent wings. The 
nymphs are provided with long, thin, often trans- 
parent, gills attached to the tip of the abdomen 
and provided with tracheae, which enable the in- 
to breathe under water. Nymphs are found 
among floating vegetation, or clinging to water 
plants where, as in the Anisoptera, their color and 
form protect them. Locomotion is by sculling with 
their tracheal gills or by crawling, as in the 
Anisoptera. Adults often congregate in sunny spots 
along the shores or streams where they feed on 
small flies. The principal families are Agrionidae, 
Lestidae, and Coenagrionidae ; the last contains the 
latest number of species. [p.o.] 

Bibliography: J. G. Needham and H. B. Hey- 
^°od, A Handbook of the Dragonflies of North 
A »*rica, 1929; J. G. Needham and M. J. Westfall, 


Jr., Manual of Dragonflies of North America , 1955; 
R. L. Usinger, Aquatic Insects of California , 1956; 
E. M. Walker, Odonata of Canada and Alaska , 
vol. 1, 1953. 

Odontognathae 

One of the three superorders comprising the sub- 
class Neornithes, or true birds. Tt is now considered 
to contain only a single order, Hesperornithi- 
formes, of which the best-known family is the Hes- 
perornithidae. The five species of this family are 
known only from Upper Cretaceous fossils from 
Kansas and Montana. 

They were large, flightless, aquatic birds, with 
the shoulder girdle much reduced and the legs 
powerfully developed for swimming. The dentary 
and maxillary bones of the jaws bore well-devel- 
oped teeth in grooves. The Odontognathae were 
probably an evolutionary offshoot, not ancestral 
to any living birds. The order Ichthyornithiforme9, 
formerly included here, has recently been removed 
and made the type of a separate superorder, Ich- 
thyornithes. See Aves; Ichthyornithes; Neor- 
nithes. [k.c.p.] 

Odontostomatida 

An order of the Spirotricha which represents a 
minor group of small, bizarre-looking species. The 
odontostomes are compressed laterally and possess 
very little ciliature. Even the adoral zope of mem- 
bra nelles is reduced in prominence. These ciliates 
are found in sewage disposal environs and other 
fresh or salt water habitats which have a very low 



Saprodinium, an example of an 
odontostomatid. 



276 Oedogonioles 

oxygen content. Epalxis and Saprodinium are com- 
monly encountered species. The ordinal name for 
this group commonly used in the literature is 
Ctenostomatida, a name preoccupied by a group of 
Bryozoa. See Spirotricha. f j. o. corliss] 

Oedogoniales 

An order of fresh-water algae in the phylum Chlo- 
rophyta. These plants are branched or unbranched 
microscopic filaments with a basal holdfast cell. 
Rulborhaete and Ovdocladium arc examples of 
branched forms and Oe do go ilium of unhranrhcd. 
These plants have characteristics which sharply set 
them apart from all other green algae. The cells 
are slightly larger at the anterior end and undergo 
a peculiar type of cell division involving the build- 
ing in of a cylindrical section between the older 
parts of the original cell (see illustration). In 
Rulborhaete , however, cell division and growth of 
the filament occur at the basal cell The chloroplast 



Oedogonium, an attached/ unbranched filament aris- 
ing from a basal holdfast cell. 

is a parietal network with many pyrenoids. Asexual 
reproduction is by a zoospore, bearing an apical 
crown of flagella, produced singly in a vegetative 
cell. Sexual reproduction is oogamous. The egg is 
borne in a specialized cell, the oogonium. An- 
therozoids are produced in boxlike antheridial cells 
and are flagellated like the zoospores. They enter 
the oogonium through a pore or a lidlike opening, 
fertilize the egg. and an oospore forms. 

Species are either monoecious or dioecious, and 
many forms have the antheridia produced in dwarf 
male plants of one to few cells that grow epiphyti- 
cally on the oogonium or near it. The oospore, 
often specifically ornamented, germinates by divid- 
ing meiotically to form four zoospores. The zoo- 
spores initiate new filaments. In Bulbochaete many 
of the cells hear lateral, bulbous-based setae. 
Oedocladium is a small branched plant inhabiting 
damp soil. See Chlorophyta. 

[g. W. PRESCOTT] 


Oegophiurida 

An order of Ophiuroidea comprising seven Palp,, 
zoic families and one surviving genus placed j n a 
separate family. The ambulacral ossicles are fused 
in pairs to form vertebrae, as in modern groups ,f 
brittle stars, but the original ambulacral groove of 
their somasteroid ancestors remains fully developed 
covered over by a sheet of soft integument. Unlike 
modern brittle stars, Oegophiurida have very feu 
external skeletal plates, and some other fcalmv, 
of ophiuroids, such as genital bursae, dorsal and 
ventral arm plates, and some plates of the jaw, an- 
completely lacking. Oegophiurida, as shown by the 
living representative Ophioranops, differ from oth^r 
ophiuroids in having caeca of the stomach p\. 
tending into the arms (as in starfishes) : and th*y 
also have the genital organs arranged in paii. 
along the arm, instead of confined to the disk a- in 
other ophiuroids. See Astekoidea; Astf.ro/ov. 
Oi’ii mtrida ; Ophiuroidea ; Piirynophickidx: 
Steni'rida. T n. R- i i i i 

Bibliography: If. Ik Fell. The evolution of ihr 
ecliinoderms, Ann. Kept. Smithsonian Just. 
pp. 457-400, 1%3. 

Oersted # 

A unit of magnetic field strength in the centimctci 
grain-second (cgs) electromagnetic system ol unit- 
An oersted is the field strength at I he center ol ,i 
plan#" circular coil of one turn and 1-cm radio- 
when there is a current of 1/2- abarnp in the cnii 
The relation of the oersted to the inks unit ol niatr 
netic field strength is found from the equation fur 
the magnetic field strength H at the center of a Ha! 
circular coil of N turns and radius r, carrying * 
current /. 


1 oersted - 


(1 /27t) abanip X 1 turn 


2X1 cm 

10 amp X l turn __ 10 3 ainp-turii 
47t X 0.01 m 47T m 
or 1 amp-turn/rn = 4 it X 10~ 3 oersted 

The oersted is also defined from the force on a 
unit magnetic pole. Since H = force/pole, an ° er ' 
sted is a dyne per unit pole. See Fleeter ai 
units; Magnetic: field. [k. v. 

Ohm 

The unit of electrical resistance in the rational/^ 
meter-kilogram-second (inks) system of l,nllf ' 
When the applied potential difference is 1 volt, t if 
current in a 1-ohm resistor is 1 ampere. The voltaM 
drop across a resistor is given by the product « 
resistance in ohms and the current in amperes. 1 
is often called the IR drop. , , 

Formerly, 1 ohm (International) was defined ** 
the resistance of, a column of mercury of un 
cross section of length 106.300 cm and ma" 



4521 grams at a temperature of 0°C. Since 1948 
the legal standard has been the absolute ohm, which 

m o$t conveniently defined in terms of the wave 
impedance of empty space, although in practice the 
absolute ohm is determined by the reactance of- 
fered to alternating current hv an inductor. Sro 
fa.M rHICAL STANDARDS. 

In empty space the wave impedance Z<> for elec- 
tromagnetic waves is defined as the ratio of the 
amplitude of the electric field vector K to the ampli- 
tude of the magnetic field vector //. In the ration- 
alized mks system the units of E arc volts per 
meter. and of H ampere-turns per meter, so that 
Z„ has units of volts per ampere, or ohms. Its 
numerical magnitude is 376.6 absolute ohms. 

From electromagnetic theory, one finds that 
/.. = \//i (> /cc». where /in is the permeability of free 
-pace (12.57 X 10 7 inks units) and t ( , is the per- 
mitt ivit\ of free space (8.84 X 10 1 - inks units). 
Furtlieiinnre, in an> system of units. = 1/e" 

where c is the velocity of propagation of electro- 
magnetic waves ( approximately 3 X 10 c m'sec). 
Thus ■" //«»r. Since the velocity of eleetromag- 
iM-t m* waves is well known, assignment of a value to 
> . -ullices to determine the absolute olun. .See 
KuMRh AI. KNITS; El.MTIIOM AC.NKTU RADI \TION ; 
Hi MSTVNCE, ELECTRICAL. | .1 . VV . STV.W MU’ | 

Ohm’s law 

\ physical law which states that, for a given circuit 
clement, the ratio of voltage V to current / is con- 
stant for a range of values of l and f. If Ohm’s law 

obeyed, the potential drop V across the circuit 
•■lenient is directly proportional to the curient / 
which is flowing in the element. The resistance R 
i- a constant. Ordinary metallic conductors obey 
Ohm’s law so long as the current is not too great. 

Ohm’s law should not he confused with the defini- 
limi of electrical resistance. 'I'he relation R ~ V /I 
‘•u’ves as the definition of resistance. See Kksist- 
electrical. 

Tlie power dissipation P in any circuit element 
,s given by P = Vf, where P is in watts, V in volts, 
and / in amperes. The power can often also he ex- 
pressed as PR or V~/R (.see Joule’s i.aw). These 
ia^t two relations are not particularly useful if R is 
a function of /, as is the case when Ohm’s law does 
,,( >t appj\. 

The major instances of departures from Ohm’s 
law are as follows: 

1 When a material is heated sufficiently by a 
r »rrent, its resistance is changed, as in the case of 
filament of an incandescent electric light bulb. 
Ihe resistance of a tungsten filament increases with 
f, irrent, so that the current increases less rapidly 
than linearly with the applied voltage. For semi- 
conducting materials heated to high temperature 
the resistance decreases, and the current increases 
ni ‘ ,re rapidly than linearly with the applied voltage. 

2. The alternating-current resistance of many 
tv pcs of circuit elements is a function of both cur- 
renl and frequency. 

d. In a substance such as an ionized gas, where 
the number of available charge carriers increases 
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with the potential difference, the current rises 
faster than linearly with the applied voltage. The 
effective resistance thus decreases with increasing 
current. 

4. In a triode vacuum tube the plate current is a 
function of the grid bias. Under certain conditions 
plate current can be made to increase without any 
appreciable change in the applied plate voltage. 
The effective resistance of the tube is then nearly 
zero. 

5. Tn semiconductors the available charge car- 
riers can be used up so that further increases in ap- 
plied voltage do not produce corresponding changes 
in current. 

Such non-ohmic elements as those described in 
3, 4. and 5 have important applications in electron- 
ics. |.i. w. stkwart] 

Ohmmeter 

A small, portable instillment using a microammeter 
and associated circuit rv to measure resistance by 
the voltmeter-ammeter method (.see Resistance 
me a si remen r). Additional circuits are usually in- 
cluded to measure ac and dc volts and amperes, 
and the instrument is called a volt-ohm-mill iam- 
metcr. or multimeter (see Fig. i ). 

A typical resistance-measuring circuit is shown 
in Fig. 2a. Figure 2b shows a simplified schematic 
diagram of the XlUO range of the circuit. In opera- 
tion, the instrument is first adjusted for full-scale 
deflection of the meter with the measuring leads 
shorted. When the unknown resistance is added to 
the circuit, the current through the meter decreases 
according to the relation 




The various resistances are identified in Fig. 2b. 
h«t is the current required for full-scale deflection 



Fig. 1. Volt-ohm-mitliammeter. (Simpson Electric Co.) 
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Fig. 2. Ohmmeter circuits, (a) Basic circuit, (b) Simpli- 
fied circuit of the XlOO range. 

of the meter when H, is 0, and / /,- is the meter 
current with the unknown resistor K< in the cir- 
euit. The meter defleets according to the value of 
I K A- 

Since /{, is a function if 17 /m. the scale, cali- 
brated in resistance units, is a reciprocal function. 
Full-scale deflection of the meter always corre- 
sponds to zero ohms, and no deflection indicates an 
open circuit. 

The scale relation between these two points is 
arbitrary and is governed by the choice of one 
other sealc point, such as the resistance for half- 
scale current. The scale of the instrument in Fig. 
1 is based on a half-scale resistance of about 12 
ohms. In common with any measuring equipment 
having an error stated in terms of full-scale deflec- 
tion, the absolute error (error of the reading) is 
large for small deflections. 

Voltage and current ranges for this equipment 
are obtained in the usual fashion with resistance 
multipliers for extended voltage ranges, current 


shunts for multiple current ranges, and a copper, 
oxide rectifier for ac operation. A vacuum-tube 
\oltmeter (VTVM) usually incorporates a re- 
sistance-measuring circuit for convenience. ,S (V 
Ammkikr: Vac.iujm-tiirk voi.tmktkr; Voi.tmktkr 

Tc. K. Am.hCUl.j 

Oil analysis 

The analysis of petroleum, and products derived 
from petroleum. Oil analysis falls into two cate- 
gories. testing to classify the crude oil or product 
adequately for commercial uses, and analysis 
terms of chemical composition. 

Testing for the purpose of commercial transac- 
tions and specifications is based primarily on rela- 
tively simple tests, most of which have been co- 
operative) v tested and issued a- standard test 
methods by the American Society for Testing Ma- 
terials. This organization publishes annually a man- 
ual. ISTM Standards on Petroleum Products and 
Lubricants , which contains detailed instruction^ 
for carrying out most tests used in the petroleum 
industry. A discussion of the significance of tlic^* 
tests is covered in a separate publication. .S/gw/i- 
(‘truer of ISTM Tests for Petr oleum Prod mis 
These two references should lie consulted for (In- 
most up-to-date information on tests i*ed in the 
pet i oleum industry . 

The number and variclv of commercial tc-i*. ami 
«pecifi« a! ions are so large that it is impractical 
even to' list them here. The ISTM Standards on 
Petroleum Products and Lubricants , for example, 
runs to 1000 pages. 

Petroleum consists primarily of com pound'- <>! 
carbon and hydrogen containing from 1 to abo.it 
00 carbon atoms. Roughly, the following division 
applies: (], and C- gas, C- and C ( liquefied pc 
troleum gas. C|--C|? gasoline. Cur-Gjn kerosine and 
light gas oil. and C/jir bio lubricating oil and wax. 
Carbon atoms in natural petroleum occur in straight 
and branched chains (paraffins), single or multiple 
saturated rings (eyeloparallins or naphthenes), and 
in cyclic structures of the aromatic type such a" 
benzene, naphthalene, and phenunthrene. Cv - v 
structures may have attached to them side chain* 
of paraffinic carbons. In lubricating oil. it is imnal 
to have naphthene rings built onto the aronialu 
rings and side chains attached, fn products which 
have been produced hv cracking in the refinerv. 
olefins or compounds with carbon-carbon double 
bonds not in aromatic rings are also found. 

The heavy fractions of petroleum contain in- 
creasing amounts of oxygen, nitrogen, and sulfi> r 
compounds as well as traces of organic compound* 
of metals such as vanadium. Asphalt contain* •* 
substantial proportion of oxygen. Crude oil tisiialh 
contains some suspended or emulsified water an 
inorganie salts. 

The analysis of crude petroleum or commerce 
products derived from petroleum in terms of chew 
ical composition can he done with varying degree 
of thoroughness. Anything approaching the com 
plete analysis of a # crude oil is so time-consurntnfr 
and expensive that in the whole world only one sa,n 



pl/> of crude oil is being analyzed thoroughly. This 
known as Project No. 6, of the American 
IVtinleuni Institute, has been in progress for about 
\ears. has cost over $1,500,000, and is far from 
Complete. There are, however, many methods of 
maMi* which can be applied to crude petroleum 
ml it^ products which give a reasonable amount 
n f information about its chemical composition 
*,th relatively little effort. 

Crude-oil analysis. The primary Steps in the 
of crude oil are to determine its specific 
(lN vit\ (by hydrometer), the percentage of sulfur 
|,\ liornb). and the distribution of materials ac- 
)IH |jiiir to boiling range, as determined by distil- 
j.iti.ui. For example, material boiling between 
40 and 400°F is in the gasoline boiling 
, Material from about 325 to 550° F is in the 
kiMU'-ine range. Heavier fractions may be used for 
, k 1 oil. lubricating oil. wax, asphalt manufacture, 
„i r w ticking to make more gasoline and fuel oil. 
rhf modern technical evaluation of '-rude oil by 
|nirrli!iser depends upon many factors which are 
i.nifu to each refinerv. A complete evaluation re- 
|.,irc*. much information on the composition and 
; i.ipiTiM". of the fractions of t he crude obtained cm 
ili-t illation and a knowledge of the probable corro- 
'\'r clTects of the crude. 

Wheieas 20 years ago crude oils were bought 
iinl sold primarih on the basis of specific gravity, 
^milage of sulfur, and distillation data, the 
"mlmi trend is to examine selected fractions by 
" n ial techniques such as mass spectrometry, in- 
"pc'c troscopy. ultraviolet spectrosi opv. gas 
■ li'umatngT aphv, or physical property correlation^ 
*■ cb‘i «*r mi nt* the suitability for reforming, cracking, 
■ ll, d luhricnting-oil production. Each large pur- 
of crude oil has developed a particular svs- 
:t ‘ m Although the methods used are far from 
"uii'irm. the objective is in each case to obtain 
'tiilieir-vir information about the composition of the 
r >ule oil to predict how the fractions will behave 
!,! nioder n refinery operations. See Petroleum. 

Analysis for composition. Hydrocarbon mix- 
iijhs li^il'.ter than C« are analyzed for composition 
]'/ l°w-temperature fractional distillation or gas- 
"luid chromatography followed by mass speetros- 
, "P Vori the lightest cut to distinguish Hj and CH|. 
factions from C r> to Cs are separated by gas- 
chromatography which identifies most of the 
Additional information is obtained by 
'l»n-troseopic examination of any ambiguous cuts 
1 Pa fitted by chromatography. 

heavier fractions require much more elaborate 
J ,r,M edurcs. although the distribution of hydroear- 
J'H rv i )es within a narrow range of molecular 
p, gnt ran be approximated by fractional distilla- 
or chromatography, followed by spectroscopic 
“ft* Of the fractions. 

e ‘ l,ls ' aromatics, and saturates in gasoline and 
lubp Ue k ° an se P aratec ^ ky percolating through a 
,i ^ s Hica gel using fluorescent dyes to mark 
^'•wndaries. This is the FI A analysis. 
t [j p T masa spectrometer is especially useful for 
termination of naphthenes in saturated frae- 
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tions, because naphthenes with two rings can be 
distinguished from those with one ring. 

In very heavy oils, little can be done to identify 
specific hydrocarbons. Such information as the total 
saturates (separated by silica gel) and the concen- 
tration of various aromatic types (determined by 
spectroscopy ) can be obtained. 

Carbon-type composition is so closely connected 
with the physical properties of oils that it can be 
derived from such properties by a variety of corre- 
lations which are accurate, over their range of use- 
fulness. to aboiit one-half of one carbon atom. The 
correlation based on density, refractivity intercept, 
and number of carbon atoms can be applied over 
the widest range of compositions. 

Analysis for sulfur, nitrogen, and some other in- 
organic elements can be made on all fractions by 
well-known methods. .See Petroleum processing. 

| S. S. KURTZ | 

Bibliography: American Society for Testing Ma- 
terials (A STM), ASTM Standards on Petroleum 
Products and Lubricants , 1959; ASTM, Signifi- 
cance of ASTM Tests for Petroleum Products . 3d 
rd., 1956; ASTM. Composition of Petroleum Oils , 
ASTM Spec. Tech. Pub. 224. 1958; F. 1). Rossini, 
B. .1. Mair. and A. J. Streif. Hydrocarbons from 
Petroleum , 1953; K. Van Ncs and II. A. Van 
Westeri, Aspects of the Constitution of Mineral OiL 
1951 ; II. T. Waterman. C. Boelbouwer, and J. Cor- 
nel issen. Correlation Between Physical Constants 
and Chemical Structure , 1958. 

Oil and gas field development 

The field development for petroleum. Tn the petro- 
leum industry, a field means an area underlain 
without substantial interruption bv one or more 
reservoirs of commercially valuable oil or gas, or 
both. A single reservoir (or group of reservoirs 
which cannot be separately produced) is a pool. 
Several pools separated from one another by barren, 
impermeable lock may be superimposed one above 
another within the same field. Pools have variable 
areal extent. Any sufficiently deep well located 
within the field should produce from one or more 
pools. However, each well cannot produce from 
every pool, because different pools have different 
areal limits. Devf iopment of a field includes the lo- 
cation, drilling, completion, and equipment of wells 
necessary to produce the commercially recoverable 
oil and gas in the field. 

Related oil field conditions. Petroleum is a 
generic term which, in its broadest meaning, 
- includes all naturally occurring hydrocarbons, 
whether gaseous, liquid, or solid. By variation 
of the temperature, pressure, or both, of any 
hydrocarbon, it becomes gaseous, liquid, or solid. 
Temperatures in producing horizons vary from 60° 
to more than 300°F, depending chiefly upon the 
depth of the horizon. A rough approximation is 
that temperature in the reservoir sands, or pay, 
equals 60°F plus 0.017°F/ft of depth below sur- 
face. Pressure on the hydrocarbons varies from 
atmospheric to more than 11,000 psi. Normal pres- 
sure is considered as 0.465 psi/ft of depth. Term 
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peratures and pressure vary widely from these 
average figures. Hydrocarbons, because of wide 
variations in pressure and temperatures and be- 
cause of mutual solubility in one another, do not 
necessarily exist underground in the same phases 
in which they appear at the surface. 

Petroleum occurs underground in porous rocks 
of wide variety. Commonly the oil and gas industry 
refers to separate accumulations of petroleum as 
pools of oil or gas. Actually, the petroleum is 
dispersed in rock in pore spaces and small open- 
ings ranging from microscopic size to rare holes 
1 in. or more in diameter. The containing roc k is 
commonly called the sand or the pay, regardless 
of whether the pay is actually sandstone, lime- 
stone, dolomite, unconsolidated sand, nr fracture 
openings in relatively impermeable rock. 

At the wellhead, petroleum is commonly sepa- 
rated into gas. crude oil, and condensate. All gas 
contains some liquefiable hydrocarbons which may 
be removed as natural gasoline and liquefied prod- 
ucts in natural-gasoline plants. In some high-pres- 
sure gas pools, important volumes of liquids arc 
recovered at the* wellhead as condensate. All crude 
oil contains gas. In most large oil fields, the volume 
of gas makes profitable the gathering, processing, 
and ultimate marketing of the gas associated with 
the oil. Such gas is commonly referred to as cas- 
inghead gas or oil-well gas. About one-third of the 
United States marketed produet ion of gas comes 
from casinghead gas. Two-thirds of the marketed 
gas comes from gas wells and gas-condensate wells. 
Casinghead gas and gas-well gas, after being 
stripped of their natural gasoline and liquefiable 
gas products, become the natural gas of commerce. 
.See Natural c;as; Pltholkiim phockssinc;. 

Development of field. Alter discovery of a field 
producing oil or gas or both in commercial quanti- 
ties, the field must he explored to determine its 
vertical and horizontal limits and the mechanisms 
under which the field will produce. Development 
and exploitation of the field proceed simultane- 
ous!). Usually, the original development program 
is repeatedly modified by knowledge acquired dur- 
ing the exploration and exploitation of the field. 

Ideally, tests should he drilled to the lowest pos- 
sible producing horizon in order to determine the 
number of pools existing in the field. Testing of the 
first wells sometimes indicates the producing mech- 
anisms and so indicates the best development pro- 
gram. Very early in the history of the field, step-out 
wells will he drilled to determine the areal extent 
of the pool or pools. Step-out ; wells give further in- 
formation regarding the volumes of oil and gas 


United States petroleum production in 1958 


Product 

Volume 

10’* lHu 

% of Btu 

Crude oil, l>t>l 

2,372.730,000 

13,524 

50.4 

Natural gas liquids, 
hbl 

3 Id ,548,000 

1,435 

5.3 

Natural ga«. 10* ft 3 

11.485,026,000 

11,887 

41.3 

Total 


26,846 

100.0 


available, the producing mechanisms, and the d? 
sirable spacing of wells. 

The operator of an oil and gas field endeavors t„ 
select a development program which will produce 
the largest volume of oil and gas at a profit. Th«* 
program adopted is always a compromise between 
conflicting objectives. The operator desires (1) t(1 
drill the fewest wells which will efficiently prodiirp 
the recoverable oil and gas, (2) to drill, cornpldr 
and equip the wells at the lowest possible ro^t 
(3) to complete production in the shortest pru,;. 
cal time to reduce both capital and operating 
charges, (4) to operate the wells at the lowest pn>. 
sible cost, and (51 to recover the largest possible 
volume of oil and g&s. 

S electing the number of wells. Oil pools arc pr.i 
duced by four mechanisms: dissolved gas expan- 
sion, gas-cap drive, water drive, and gravity drain 
age ( .see Pktkolkum rksk.rvoik lnginkkkiv.i 
C ommonly, two or more mechanisms operate in lt 
single pool. The type of producing mechanism m: 
each pool influences the decision as to the numU-r 
ol wells to he drilled. Theoretically, a single pn 
fectly located well in a water-drive pool is capable 
of producing all of the commercially recmeiahk 
oil and gas from that pool. Practically, more th.u. 
one well is necessary if a pool of^nore than HP 
acres is to he depleted in a reasonable liiix. It i 
pool produces under either gas expansion m ^«i- 
cap drive, oil production from the pool will he m 
dependent of the number of wells up to a 
of at least 80 acres per well (1866 ft behu»*i 
wells). Gas wells are spaced a mile or more apart 
The operator accordingly selects the widest - 
ing permitted by field conditions and legal reijiim 
nients as discussed later. 

Major components of cost. Costs of drilling, con* 
pleting, and equipping the wells influence devel"p- 
ment plans. Having determined the number awl 
depths of producing horizons and the produeinu 
mechanisms in each horizon, the operator must dr- 
ride whether he will drill a well at each location 
to each horizon or whether a single well mav pi° 
dure from two or more horizons at the same luu- 
tion. Clearly, the cost of drilling the field ran 1"' 
sharply reduced if a well can drain two, lltree. f » r 
more horizons (pools). The cost of drilling a well 
will be higher if several horizons are simultaw 
ou sly produced, because the dual or triple c-oinph 
tion of a well usually requires a larger lmle am 
larger casing than would he necessary if the w 
produced from a single horizon. Further, eoinpl*' 
tion and operating costs are higher if a well P rfV 
duces simultaneously from two or more hon/ni"- 
However, the increased cost of drilling a well 
larger diameter and completing the well in l^" '’ r 
more horizons is 20-40% less than the cost of m l 
ing and completing two wells to produce separate 
from two horizons. 

In some cases, the operator inay reduce the nun 1 
her of wells by drilling a well to the lowW P r " 
ducible horizon and taking production fr 001 *, 
level until the horizon ( pool ) is there comm eroU1 



exhausted. The well is then plugged hack to pro- 
(jure* from a higher horizon and perforated oppo- 
.ite ilii* second zone. Successively, different hori- 
/0I1 ^ are depleted until no oil or gas reservoir 
ri . m ains available to the well. 

Selection of the plan for producing the various 
horizons obviously affects the cost of drilling and 
completing individual wells, as well as the number 
„t wells which the operator will drill. If two wells 
arr drilled at approximately the same location, 
the\ arc referred to as twins, three wells at the 
, aim * location are triplets, and so on. 

Costs and duration of production. The operator 
uidu*" to produce as rapidly as possible because 
the pie^ent worth of the money received from sale 
„l hydrocarbons is obviously reduced in proportion 
(i s the life of the well is extended. The successful 
iijwi «itor must recover from his productive wells 
*|i*' costs of drilling and operating those wells, and 
in addition he must recover all costs involved in 
un. logical and geophysical exploration. leasing, 
m onling. drilling of dry holes, and occasionally 
oilier*' (see ( JkopH YSK.'AI. EXPLORATION ; PrOSPKCT- 
iM f . pi riU)LM’M ) . Jf profits from production arc 
not Miflicicnt to recover all cxploiation and produc- 
tion n»s|u and yield a profit in excess of the rate of 
mterc"! which the operator could secure from a 
'lilfercnl type of investment, the operator is dis- 
(ouraged fiorn further exploration. Accordingly, 
flu- operator produces the oil and gas as rapidly as 
in.u ticahle. 

Most wells cannot operate at full capacity, bc- 
•■in <* unlimited production results in physical 
'wi-lr and sharp reduction in ultimate recovery. In 
mum areas, conservation restrictions are enforced 
i" make certain that the operator does not produce 
m excess of the maximum efficient rate. For exam- 
ple. if an oil well produces at its highest possible 
rale, a zone promptly develops around the well 
"here production is occurring under gas-expansion 
‘Irivt*. the most inefficient producing mechanism. 
s lower production may permit the petroleum to be 
produced under gas-cap drive or water drive, in 
"liich case ultimate production of oil will be two to 
f“ur times as great as it would be under gas-ex pan- 
' |,,n drive. Excessive production rate may cause 
WaU>r coning, loss of oil or gas. and premature 
‘dmndnnmcnt of u well. Accordingly, the most 
1 i j id rate of production is not necessarily the most 
^flirierit rate. The operator cannot incur a loss of 
mr, re than 50% of his oil or gas and still secure 
m ‘txinuim recovery or maximum profit from the 
well. 

Similarly, the initial exploration of the field may 
•nrhratc that one or more gas-condensate pools ex- 
,<,1 ‘ an ^ recycling may be necessary to secure rnaxi- 
\ n,:, . n t recovery, both of condensate and of gas. The 
e ' fcion to recycle will affect the number of wells, 
locations of the wells, and the completion meth- 
1 ^adopted in the development program. 

ur fher, as soon as the operator determines that 
e ondary oil-recovery methods are desired and ex- 
>eUs t0 inject water, gas. or, rarely, air in order to 
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provide additional energy to flush or displace oil 
from the pay, the number and location of wells may 
be modified to permit the most effective secondary 
recovery procedures. 

Legal and practical restrictions. The preceding 
discussion has assumed control of an entire field 
under a single ownership by a single operator. In 
the United States, a single operator rarely controls 
a large field and this field is almost never under a 
single lease. Usually, the field is covered by sepa- 
rate leases owned and operated by different pro- 
ducers. The development program must then be 
modified in consideration of the lease boundaries 
and the practices of other operators that are in the 
field. 

Oil and gas know no lease boundaries. They 
move freely underground from areas of high pres- 
sure toward lower pressure situations. The opera- 
tor of a lease is obligated to locate his wells in such 
a way as to prevent drainage of his lease by wells 
on adjoining leases, even though he may own the 
adjoining leases. Tn the absence of conservation re- 
strictions. an operator must produce petroleum 
from hn wells as rapidly as it is produced from 
wells on adjoining leases. Slow production on one 
lease results in migration of oil and gas to nearby 
leases which are more rapidly produced. 

The operator’s development program must pro- 
vide for offset wells located as close to the bound- 
ary of his lease as are wells on adjoining leases. 
Further, the operator must equip his wells to pro- 
duce as rapidly as the offset produces and must 
produce from the same horizons (pools) which are 
being produced in offset wells. The lessor who sold 
the lease to the operator is entitled to his share of 
the recoverable petroleum underlying bis land. 
Negligence hv the operator in permitting drainage 
of a lease makes the operator liable to suit for 
damuges or cancellation of the lease. 

A development program acceptable to all opera- 
tors in the field permits simultaneous development 
of leases, prevents drainage, and results in maxi- 
mum ultimate production from the field. Difficulties 
arise in agreement upon the best development pro- 
gram for a field. Most states have enacted statutes 
and have appointed regulatory bodies under which 
judicial determination can be made of the permis- 
sible spacing of the wells, the rates of production, 
and the application of secondary recover v methods. 

Drilling unit. Commonly, small leases or por- 
tions of two or more leases are combined to form a 
drilling unit in the center of which a well will be 
drilled. Unitization may he voluntary, by agree- 
ment between the operator or operators and the 
interested royally owners, with provision for shar- 
ing production from the well between the parties 
in proportion to their acreage interests. In many 
states the regulatory body has authority to require 
unitization of drilling units which eliminates un- 
necessary offset wells and protects the interests of 
a landowner whose acreage holding may be too 
small to justify the drilling of a single well on his 
property alone. 
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Pool unitization . When recycling or some types 
of secondary recovery are planned, further unitiza- 
tion is adopted. Since oil and gas move freely 
across lease boundaries, it would be wasteful for an 
operator to repressure, recycle, or water-drive a 
lease if the adjoining leases were not similarly op- 
erated. Usually, an entire pool must be unitized for 
efficient recycling or secondary recovery opera- 
tions. Pool unitization may be accomplished by 
agreement between operators and royalty owners. 
In many cases, difference of opinion or ignorance 
on the part of some parties prevents voluntary pool 
unitization. Many states authorize the regulatory 
body to unitize a pool compulsorily on application 
by a specified percentage of interests of operators 
and royalty owners. Such compulsory unitization is 
planned to provide each operator and each royal t> 
owner his fair share of the petroleum products 
produced from the field regardless of the location 
of the well or wells through which these products 
actually reach the surface. 

For further discussion of problems involved in 
oil and gas field development, .see Oil and gas 
FIELD EXI'LOI ! A'llON ; OlL AND GAS WELLS; PETRO- 
LEUM SECONDARY RECOVERY. | R.S.K.j 

llibliographv: K. U. DeGolyer fed. ). Elements of 
the Petroleum Inriustr \ , 1940; B. W. Murphy 
fed.). Conservation of Oil and (las , A Legal His- 
tory, 1949; M. Muskat. Physical Principles of Oil 
Production , 1949; L. C. Urcn. Petroleum Produc- 
tion Engineering -Oil Field Development , 4th ed.. 
19.%. 

Oil and gas field exploitation 

The complex of field production methods for pe- 
troleum. Oil and gas production necessarily are in- 
timately related since approximately one-third of 
the gross gas production in the United States is 
produced from wells that are classified as oil wells. 
However, the naturally occurring hydrocarbons of 
petroleum are not only liquid and gaseous but may 
even lie found in a solid state, such as asphalt ite 
and some asphalts. See Asphalt and aspiialtitk. 

GENERAL CONSIDERATIONS 

Where gas is produced without oil, the produc- 
tion problems are simplified because the product 
flows naturally throughout the life of the well and 
does not have to he lifted to the surface. However, 
there are sometimes problems of water accumula- 
tions in gas wells and it is necessary to pump the 
w r ater from the wells to maintain maximum, or 
economical, gas production. The line of demarca- 
tion between oil wells and gas wells is not definitely 
established since oil wells may have gas/oil ratios 
ranging from a few cubic feet per barrel to many 
thousand cubic feet of gas per barrel of oil. Most 
gas wells produce quantities of condensable va- 
pors, such as propane and butane, that may be liq- 
uefied and marketed for fuel, and the more stable 
liquids produced with gas can be utilized as natu- 
ral gasoline. See Petroleum. 


Factors of method selection. The method 
lected for recovering oil from a producing forma 
tion depends on many factors, including well depih 
well-casing size, oil viscosity, density, water j )ro 
durtion, gas oil ratio, porosity and permeability ,, t 
the producing formation, formation pressure, vv a . 
ter content of producing formation, and whether 
the force driving the oil into the well from th* 
formation is primarily gas pressure, water p rt ... 
sure, or a combination of the two. Other factors 
such as paraffin content and difficulty expertcl 
from paraffin deposits, sand production, and rm 
rosivily of the well fluids, also have a decided in 
fluence on the most economical method of produr- 
tion. 

Special techniques utilized to increase prociw 
tivitv of oil and gas wells include acidizing. | iv 
draulic fracturing of the formation, the setting «,» 
screens, and gravel or sand parking to inm*;w 
permeability around the well bore. 

Aspects of production rate. Productive rates ],rr 
well may vary from a few barrels per day to scu j r,i! 
thousand barrels per day. and it ma\ be nece^ao 
to produce a large percentage of water along up 
the oil. 

Field and reservoir conditions. In some case*. k j - 
ervnir conditions are such that somg of the wdl. 
will flow naturally throughout the entire econimn 
cal life of an oil field. However, in the great maim 
it v of cases it is neeessarv to resort to artifiui! 
lifting methods at some time during the life of tlx 
field, and often it is necessary to appl\ aititn'x! 
lifting means immediately after the well is Hi din! 

Market and regulatory factors . In some oil-pc’ 
during states of the United States there are 
regulatory bodies authorized to regulate oil [>n 
durtion from the various oil fields. The allowiilik 
production per well is based on various factors. 
eluding the market for the particular type of ml 
available, hut very often the allowable production 
is based on an engineering study of the reservoir to 
determine the optimum rate of production, there!*' 
assuring maximum utilization of reservoir ennrp 
and maximum ultimate recovery from the produr 
ing formation. The selection of the most ecoiu»nu 
cal production equipment depends, theiefore. upon 
a great number of factors, some of which are not 
directly related to the productive capacity of ^ 
formation. j 

The total crude oil production in the Fnit^ 
States in 1957 has been estimated bv the Bureau "t 
Mines at 2,616,778,000 barrels (hbl); total world 
production for 1957 was estimated at 6 , 446 . 0 W.- 
500 hbl. Natural gas production in the Unit? 
States in 1957 is reported by the American Gas ^ 
sociation as follows; net production (equals g r,,fc * 
production minus amount returned to formation 

11.554.800.000. 000 ft* ; marketed production 
(equals net production minus losses and wasl f 

10.629.200.000. 000 ft *. 

Useful terminology. A few definitions of te rIJ1 
used in petroleum production technology are l* ?te( 
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helow 10 assist in an understanding of some of the 
problems involved. 

Porosity . The percentage porosity is defined as 
the percentage volume of voids per unit total vol- 
iifijf. This, of course, represents the total possible 
volume available for accumulation of fluids in a 
formation, but only a frac tion of this volume may 
be effective for practical purposes because of pos- 
sible discontinuities between the individual pores. 

Permeability . Permeability is a measure of the 
resistance to flow through a porous medium under 
the influence of a pressure gradient. The unit of 
permeability commonly employed in petroleum 
production technology is the darcy. A porous struc- 
iurc has a permeability of ] darcy if. for a fluid 
of 1 cent i poise (cp) viscosity, the volume flow is 
1 cm* Nee) (cm 2 ) under a pressure* gradient of 
l Mtm cm. 

Productivity index. The productivity index is a 
measure of the capacity of the reservoir to deliver 
ml to the well bore through the productive forma- 
tion and anv other obstacles that may exist around 
the well bore. In petroleum produet ion technology, 
pioductnitv index is defined as production in bar- 
r'N per dav per pound drop in bottom hole pre>- 
-111 e. For example, if a well is closed in at the cas- 
ing bead, the bottom hole pressure will equal the 
formation pressure when equilibrium conditions 
jr*' established. However, if fluid is removed from 
the well, either hv flowing or pumping, the bottom 
hole* pressure will drop as a result of the resistance 
to flow of fluid into the well from the formation to 
r,, pliice the fluid removed from the well. If the 
» lused-in bottom hole pressure should be !000 psi, 
f'»j example, and if this pressure should drop to 
%() psi when producing at a rate of 100 bbl /day 
•'a drop of 100 psi). the well in question would 
bine a productivity index of one. 

Barrel. The standard barrel used in the petro- 
leum industry is 42 IJ.S. gal. 

API gravity. The American Petroleum Institute 
fAPI) scale that is in common use for indicating 
specific gravity, or a rough indication of quality of 
,r ude petroleum oils, differs slight! v from the 
fluume scale commonly used for other liquids 
lighter than water. The following table shows the 
relationship between degrees API and specific 
Sravitv referred to water at 60°F for specific gravi- 
ty ranging from 0.60 to 1.0. 

I isrosity range . Viscosity of crude oils currently 
Produced varies from approximately 1 cp to values 


OH and gas field exploitation 

above 1000 cp at temperatures existing at .the bot- 
tom of the well. In some areas it is necessary to 
supply heat artificially down the wells or circulate 
lighter oils to mix with the produced fluid for main- 
tenance of a relatively low viscosity throughout the 
temperature range to which the product is sub- 
jected. Bottom-hole or formation temperatures 
range from approximately 80 to 300° F, and even 
higher in extremely deep wells. 

In addition to wells that are classified as gas 
wells or oil wells, the term gas-condensate well has 
••ume into general use during the past several years 
to designate a well that produces large volumes of 
gas with appreciable quantities of light condensa- 
ble hydrocarbon fluids. Some of these fluids are liq- 
uid at atmospheric pressure and temperature; 
others, such as propane and butane, are readily 
condensed under relatively low pressures in gas 
separators for use as liquid petroleum gas (LPG) 
fuels or for other uses. The liquid components of 
the production from gas-condensate wells generally 
arrive at the surface in the form of small droplets 
entrained in the high-velocity gas stream and are 
separated from the gas in a high-pressure gas sepa- 
rator. 

PRODUCTION METHODS IN PRODUCING WELLS 

The common methods of producing oil wells are 
( 1 ) natural flow; (2) pumping with sucker rods to 
actuate a pump located in the well fluid; (3) gas 
lift; (4) hydraulic subsurface pumps, in which the 
subsurface unit consists of a reciprocating hydrau- 
lic motoi connected to a reciprocating pump and 
driven b> circulating oil or other power fluid down 
the well to actuate the hydraulic engine; (5) elec- 
trically driven centrifugal well pumps; and (6) 
swabbing. 

Numerous other methods, including jet pumps 
and sonic pumps, have been tried and are used to 
slight extent. The sonic: pump is a development in 
which the tubing is vibrated longitudinally by a 
mechanism at the surface and acts as a high- 
speed pump with an extremely short stroke. 

As of December 31, 1957. World Oil reported a 
total of 563,710 producing oil wells in the United 
States. Of this number, 68,221, or 12.1%, were flow- 
ing wells; and 495,489, or 87.9%, were on artificial 
lift. 

A brief discussion of production methods,- in 
the approximate order of their relative importance 
and popularity, follows. 


Degrees API corresponding to specific gravities of crude oil at 60 760 ° F 


Specific 
gravity, 
in tenths 
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96.73 
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67.80 

65.03 

62.34 
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57.17 
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47.61 
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43.19 
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38.98 
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31.14 
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27.49 
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1.00 

25.72 

10.00 

23.99 

22.30 

20.65 

19.03 

17.45 

15.90 

14.38 

12.89 

11.43 
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Fig. 1. Schematic view of well equipped for produc- 
ing by natural flow. 


Natural flow. Natural flow is the most economi- 
cal method of production and generally is utilized 
as long as the desired production rate can he 
maintained hy this method. It utilizes the formation 
energy, which may consist of gas in solution in the 
oil in the formation; free gas under pressure acting 
against the liquid and gas-liquid phase to force it 
toward the well bore; water pressure acting against 
the oil; or a combination of these three energy 
sources. In some areas the casing-head pressure 
may be of the order of 10,000 psi, so it is neces- 
sary to provide fittings adequate to withstand such 
pressures. Adjustable throttle valves, or chokes, 
are utilized to regulate the flow rate to a desired 
and safe value. With such a high pressure drop 
across a throttle valve the life of the valve is iikelv 
to be very short. Several such valves are arranged 
in parallel in the tubing head “Christmas tree” 
with positive shutoff valves between the chokes and 
the tubing head so that the wearing parts of the 
throttle valve, or the entire valve, can be replaced 
while flow continues through another similar valve. 

An additional safeguard that is often used in con- 
nection with high-pressure flowing wells is a hot- 
tom-hole choke or a bottom-hole flow control valve 
that limits the rate of flow to a reasonable value, or 
stops it completely, in case of failure of surface 
controls. Figure 1 shows a schematic outline of a 
simple flowing well hook-up. The packer is not es- 
sential hut is often used to reduce the free gas vol- 
ume in the casing. 

Flow rates for domestic wells seldom exceed a 
few hundred barrels per day (bpd) because of ei- 


ther enforced or voluntary restrictions to regular 
production rates and to obtain most efficient and 
economical ultimate recovery. However, i n some 
foreign countries, especially in the Middle East it 
is not uncommon for natural flow rates to exceed 
10,000 bpd/well. 

Lifting. Most wells are not self-flowing. Eight 
types of lifting are outlined here. 

Pumping with sucker rods . Approximately 90 r ' 
of the wells made to produce by some artificial 
lift method in the United States are equipped with 
sucker-rod-type pumps. In these the pump is in- 
stalled at the lower end of the tubing string and 
is actuated by a string of sucker rods extending 
from the surface to the subsurface pump. Thp 
sucker rods are attached to a polished rod at the 
surface. The polished rod extends through a stuff 
ing box and is attached to the pumping unit which 
produces the necessary reciprocating motion to ac- 
tuate the sucker rods and the subsurface pump 
Figure 2 shows a simplified schematic section 
through a pumping well. The two common varia 
tions arc (!) mechanical and (2) hydraulic long 
stroke pumping. 

1. Mechanical pumping. The great majority of 
pumping units are of the mechanical type, consist, 
ing of a suitable reduction gear, and crank ami 
Pitman arrangement to drive a walking beam t» 
produce the necessary reciprocating motion. \ 
counterbalance is provided to equalize the load on 
the upstroke and downstroke. Mechanical pumping 
units of this type vary in load-carrying capanh 
from about 2000 to about 43,000 lh and the tonjm 
rating of the low-speed gear which drives the crank 
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Fig. 2. Schematic view of well equipped for pumpinfl 
with sucker rods. 




Fig. 3. Modern pumping unit with adjustable rotary 
counterbalance. (O it Well Supply Division , U.S. Steel 

Corp.) 

r.inprs from 6400 in.-ll) in the smallest API stand- 
ard unit to about 1. 500.000 in.-lb for the largest 
unit^ now in use. Stroke length varies from about 
Id to 192 in. Usual operating speeds are from 
ci I *oii t 6 to 20 strokes min. However, both lower and 
lnjdirr rales of speed are sometimes used. Figure 3 
-liovNsn modern pumping unit in operation. 

Production rates with sueker-rod-type pumps 
ur\ from a fra et ion of 1 bpd in some areas, with 
iwrMime pumping, to approximately 3000 bpd for 
dir largest installations in relatively shallow wells. 
i2i Hvdraulir long-stroke pumping. For this 
units consist of an hydraulic lifting ( vlinder 


” ••• — j 

K<»duce the desired amount by natural flow. 
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There are many factors determining the advisa- 
bility of adopting gas lift as a means of production. 
One of the more important factors is the availabil- 
ity of an adequate supply of gas at suitable pres- 
sure and reasonable cost. In a majority of cases 
gas lift cannot be used economically to produce a 
reservoir to depletion because the well may be 
relatively productive with a low back pressure 
maintained on the formation but will produce very 
little, if anything, with the back pressure required 
for gas-lift operation. Therefore, it generally is 
necessary to resort to some mechanical means of 
pumping before the well is abandoned and it may 
be more economical to adopt the mechanical means 
initially than to install the gas-lift system while 
conditions are favorable and later replace it. 

This discussion of gas lift has dealt primarily 
with the simple injection of gas, which may be con- 
tinuous or intermittent. There are numerous modi- 
fications of gas-lift installations, including various 
designs of flow valve which may be installed in the 
tubing string to open and admit gas to the tubing 
from the casing at a predetermined pressure dif- 
ferential between the tubing and casing. When the 
valve opens, gas is injected into the tubing to ini- 
tiate and maintain flow until the tubing pressure 
drops to a predetermined value and the valve closes 
before the input gas/oil ratio becomes excessive. 
This represents an intermittent-flow type of valve. 
Other types are designed to maintain continuous 
flow, proper pressure differential, and proper gas 
injection rate for efficient operation. In some cases 
several such flow valves are spaced up the tubing 
string to permit flow to be initiated from various 
levels as required. 

Other modifications of gas lift involve the utiliza- 
tion of displacement chambers. These are installed 
cm the lower end of the well tubing in which oil 
may accumulate, and the oil is displaced up the 
tubing with gas injection controlled by automatic 
or mechanical valves. 

Hydraulic subsurface pumps. The hydraulic sub- 
surface pump has come into fairly prominent use 
in recent, years; the subsurface pump is operated 
b\ means of a hydraulic reciprocating motor at- 
tached to the pump and installed in the well as a 
single unit. The hydraulic motor is driven by a sup- 
ply of hydraulic fluid under pressure that is cir- 
culated down a string of tubing and through the 
motor. Generally the hydraulic fluid consists of 
crude oil which is discharged into the return line 
and returns to the surface along with the produced 
crude oil. 

Hydraulically operated subsurface pumps are 
also arranged for separating the hydraulic power 
fluid from the produced well fluid. This arrange- 
ment is especially desirable where the fluid being 
produced is corrosive or is contaminated with con- 
siderable quantities of sand or other solids that are 
difficult to separate to condition the fluid for use as 
satisfactory power oil. 

Centrifugal well pumps . Electrically driven cen- 
trifugal pumps have been used to some extent, es- 
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pecially in large-volume wells of shallow or moder- 
ate depths. Both the pump and the motor are 
restricted in diameter to run down the well casing, 
leaving sufficient clearance for the flow of fluid 
around the pump housing. With the restricted di- 
ameter of the impellers the discharge head neces- 
sary for pumping a relatively deep well can be ob- 
tained only by using a large number of stages and 
operating at a relatively high speed. The usual ro- 
tating speed for such units is 3600 rpm and it is 
not uncommon for such units to have SO or more 
pump stages. The direct-connected electric motor 
must be provided with a suitable seal to prevent 
well fluid from entering the motor housing, and 
electrical leads must be run down the well casing 
to supply power to the motor. 

Swabs . Swabs have been used for lifting oil al- 
most since the beginning of the petroleum indus- 
try. They usually consist of a steel tubular body 
equipped with a check valve which permits oil to 
flow through the tube as it is lowered down the well 
with a wire line. The exterior of the steel body is 
generally fitted with flexible cup-type soft packing 
that will fall freely but will expand and form a 
seal with the tubing when pulled upward with a 
head of fluid above the swab. Swabs are run into 
the well on a wire line to a point considerably be- 
low the fluid level and then lifted back to the sur- 
face to deliver the volume of oil above the swab. 
They are often used for determining the produc- 
tivity of a well thut will not flow naturally and for 
assisting in cleaning paraffin from well tubing. In 
some cases swabs are used to stimulate wells to 
flow by lifting, from the upper portion of the tub- 
ing, the relatively dead oil from which most of the 
gas has separated. 

Mailers. Bailers are used to remove fluids from 
wells and for cleaning out solid material. They are 
run into the wells on wire lines as in swabbing hut 
differ from swabs in that they generally are run 
only in the casing when there is no tubing in the 
well, and the capacity of the bailer itself represents 
the volume of fluid lifted each time since the bailer 
does not form a seal with the casing. The bailer is 
simply a tubular vessel with a check valve in the 
bottom. This check valve generally is arranged so 
that it is forced open when the bailer touches bot- 
tom in order to assist in picking up solid material 
for cleaning out a well. 

Jet pumps. A jet pump for use in oil wells op- 
erates on exactly the same principle as a water- 
well jet pump. Advantage is taken of the Bernoulli 
effect to reduce pressure by means of a high-veloc- 
ity fluid jet. Thus oil is entrained from the well 
with this high-velocity jet in a venturi tube to ac- 
celerate the fluid and assist in lifting it to the sur- 
face, along with any assistance from the formation 
pressure. The application of jet pumps to oil wells 
has been insignificant to date. 

Sonic pumps. Sonic pumps are a more recent de- 
velopment. Essentially they consist of a string of 
tubing equipped with a check valve at each joint 
and mechanical means on the surface to vibrate 



Fig. 4. Lease tank battery and gas separators. (Guff 
Oil Corp.) 


the tubing string longitudinally. This creates an 
harmonic condition .that will result in several hun- 
dred strokes per minute with the strokes being a 
small fraction of 1 in. in length. Some of these 
pumps are now in use in relatively shallow welk 
but it is perhaps too early to predict their ultimate 
field of application. 

Lease tanks and gas separators. Figure \ 
shows a typical lease tank battery consisting of 
four 1000-bbl tanks and two gas separators. Such 
equipment is used for handling production I mm 
wells produced by natural flow, gas lift, or pump- 
ing. In some pumping wells the gas content max 
he too low to justify the cost of separators for sav 
ing the gas. * 

Natural gasoline production. An important 
phase of oil and gas production in many arca?« 
the production of natural gasoline from gas taken 
fromflhc casing head of oil wells or separated 
from the oil and conducted to the natural gasoline 
plant. The plant consists of facilities for compress- 
ing and extracting the liquid components from the 
gas. The natural gasoline generally is collected h\ 
cooling and condensing the vapors after com pres 
sion or by absorbing in organic liquids having 
high boiling points from which the volatile liquid" 
are distilled. Many natural gasoline plants utilize 
a combination of condensing and absorbing tech- 
niques. Figure 5 shows an over-all view of a mod- 
ern natural gasoline plant operating in western 
Texas. 



Fig. 5. Modern natural gasoline plant in we$t« rn 
Texas. ( Gulf Oil Corp.) 
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PRODUCTION problems and instruments 

Six major problems and six kinds of instruments 
are outstanding in field exploitation. 

Corrosion. In many areas the corrosion of pro- 
duction equipment is a major factor in the cost of 
petroleum production. The following comments on 
the oil field corrosion problem are taken largely 
from, and reproduced by permission from. NACE- 
\Pl Corrosion of Oil - and Gas-W oil Equipment. 

For practical consideration, corrosion in oil- and 
iTa-well production can be classified into four 
main upes. 

1. Sweet corrosion occurs as a result of the pres- 
ence of carbon dioxide and fatty acids. Oxygen and 
h\drogen sulfide are not present. This type of 
■nrioMon occurs in both gas-condensate and oil 
iu*lk It i* most frequently encountered domesti- 
aJIv in southern Louisiana and Texas, and other 

altered areas. At least 20% of all sweet oil pro- 
lin tinn and 4f>% of condensate production is con- 
sidered corrosive. 

2. Sour corrosion is designated as corrosion in 
>il and gas wells producing even trace quantities 
>1 hwhngcn sulphide. These wells mav also contain 
»wgen. carbon dioxide, or organic acids. Sour eor- 
-<Mon occurs domestically, primarily throughout 
\rl)ii« kle production in Kansas and in the Permian 
lld*dn of western Texas and New Mexico. About 
12', of all sour production is considered corrosive. 

3. Oxygen corrosion occurs wherever equipment 
v. exposed to atmospheric oxygen. It occurs most 
uequrntlv in offshore installations, brine-handling 
aid injection systems, and in shallow producing 
a cl L where air is allowed to enter the casing. 

4. Electrochemical corrosion is designated as 
1 hat which occurs when corrosion currents can he 
rcadilv measured or when corrosion can he miti- 
gated by the application of current, as in soil cor- 
rosion. 

Corrosion inhibitors are used extensively in both 
>il and gas wells to reduce corrosion damage to 
subsurface equipment. Most of the inhibitors used 
in die oil field are of the so-called polar organic 
‘'pc. All of the major inhibitor suppliers can now 
furnish effective inhibitors for the prevention of 
■>wcpt corrosion as encountered in most fields. These 
he purchased in oil-soluble, water-dispersible. 
»r water-soluble form. 

Paraffin deposits. In many crude-oil-producing 
areas paraffin deposits in tubing and flow lines and 
m mucker rods are a source of considerable trou- 
and expense. Such deposits will build up until^ 
tubing or flow line is partially or completely 
plugged. It is necessary to remove these deposits to 
Maintain production rates. A variety of methods 
| ,re used to remove paraffin from the tubing, includ- 
es the application of heated oil through lubular 
ujrkrr rods to mix with and transfer heat to the 
J il being produced and raise the temperature to a 
f^int where the deposited paraffin will he dissolved 
)r melted. Paraffin solvents may also be applied in 
his manner without the necessity of applying heat. 
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Mechanical means, often are used in which a scrap- 
ing tool is run on a wire line and paraffin is scraped 
from the tubing wall as the too] is pulled back to 
the surface. Mechanical scrapers that attach to 
sucker rods also are in common use. Various types 
of automatic scraper have been used in connec- 
tion with flowing wells. These consist of a form of 
piston that will drop freely to the bottom when flow 
is stopped hut will rise hack to the surface when 
flow is resumed. Electrical heating methods have 
been used rather extensively in some areas. The 
tubing is insulated from the casing and from 
the flow line, and electric current is transmitted 
through the tubing for the time necessary to heat 
the tubing sufficiently to cause the paraffin deposits 
to melt or go into solution in the oil in the tub- 
ing. Plastic coatings have been utilized inside tub- 
ing and flow lines to minimize or prevent paraffin 
deposits. Paraffin does not deposit readily on cer- 
tain plastic coatings. 

A common method for removing paraffin from 
flow lines is to disconnect the line at the -well head 
and at the tank batterv and force live steam 
through the line to melt the paraffin deposits and 
flow them out. Various designs of flow-line scrapers 
have also been used rather extensively and fairly 
successfully. Paraffin deposits in flow lines are 
minimized by insulating the lines or by burying the 
lines to maintain a higher average temperature. 

Emulsions. A large percentage of oil wells pro- 
duce various quantities of salt water along with the 
oil, and numerous wells are being pumped where 
the salt-water production is 90% or more of the to- 
tal fluid lifted. Turbulence resulting from produc- 
tion methods results in the formation of emulsions 
of water-in-oil or oil-in-water. The more common 
type is oil-in-water. Emulsions are treated with a 
variety of demulsifying chemicals, with the appli- 
cation of heat, and a combination of these two 
treatments. Another method for breaking emulsions 
is the electrostatic or electrical precipitator type 
of emulsion treatment. In this method the emul- 
sion to he broken is circulated between electrodes 
subjected to a high potential difference. The result- 
ing concentrated electric field tends to rupture the 
oil-water interface and thus breaks the emulsion 
and permits the water to settle out. Figure 6 
shows two pumping wells with a tank battery in the 
background. This tank battery is equipped with, a 
wash tank, or gun barrel, and a gas-fired heater for 
emulsion treating and water separation before the 
oil is admitted to the lease tanks. 

Gas conservation. If the quantity of gas pro- 
duced with crude oil is appreciably greater than 
can be efficiently utilized or marketed, it is neces- 
sary to provide facilities for returning the excess 
gas to the producing formation. Formerly, large 
quantities of excess gas were disposed of by burn- 
ing or simply by venting to the atmosphere. This 
practice is now unlawful. Returning excess gas to 
the formation not only conserves the gas for future 
use but also results in greater ultimate recovery of 
oil from the formation. 
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Fig. 6. Two pumping wells with tank battery. Tank 
battery is equipped with gun barrel and heater for 
treating emulsions. ( Oil Well Supply Division , U.S. 
Steel Corp.) 

Salt-water disposal. The large volumes of salt 
water produced with the oil in some areas present 
serious disposal problems. It is generally pumped 
hack to the formation through wells drilled for this 
purpose. Such salt-water disposal wells are located 
in areas where the formation already contains wa- 
ter and this practice helps to maintain the forma- 
tion pressure us well as the productivity of the 
producing wells. 

Offshore production. Offshore wells present ad- 
ditional production problems since the wells must 
he serviced from barges or boats. Wells of reason- 
able depth on land locations are seldom equipped 
with derricks for servicing because it is more eco- 
nomical to set up a portable mast for pulling and 
installing rods, tubing, and other equipment. How- 
ever, the use of portable masts is not practical on 
offshore locations and a derrick is generally left 
standing over such wells throughout their produc- 
tive life to facilitate servicing. There are a consid- 
erable number of offshore wells along the Gulf 
("oast and the Pacific ('oast of the United States, 
but by far the greatest number of offshore wells 
in a particular region is in Lake Maracaibo in Ven- 
ezuela. Figure 7 shows a considerable number of 
derricks in Lake Maracaibo with [jumping wells in 
the foreground. These wells are pumped by electric 
power through cables laid on the lake bottom to 
conduct electricity from power-generating sta- 



Fig. 7. Offshore wells in Lake Maracaibo, Venezuela. 
( Creole Petroleum Corp.) 


tions on shore. An over-water tank battery is visible 
at the extreme right. All offshore installations 
such as tank batteries, pump stations, and the d er 
ricks and pumping equipment, are supported o n 
pilings in water up to 100 ft or more in depth. Cur- 
rently there are approximately 2300 oil derricks j n 
Lake Maracaibo. A growing number of seniipcr. 
manent platform rigs and even bottom storage fa- 
cilities are being used in Gulf of Mexico waters at 
depths up to more than 100 ft. See Mineral h;f.i 
areas; Petroleum geology. 

Instruments. The more common and more im- 
portant instruments required in petroleum produc- 
tion operations are included among the following. 

1. Gas meters, which are generally of the orifin* 
type and are designed to record the differential 
pressure across the orifice, and the static pressure. 

2. Recording subsurface pressure gages <?niall 
enough to run down 2-in. ID (inside diameter) tub- 
ing are used extensively for measuring pressure 
gradients down the tubing of flowing wells, record- 
ing pressure build up when the w T ell is closed in. 
and measuring equilibrium bottom-hole procure-. 

3 Subsurface samplers designed to sample well 
fluids al various levels in the tubing to delcrmim* 
physical properties such as viscosity, gas content, 
free gas, and dissolved gas at various levels. Thfv 
instruments ma> also include a recording thermom- 
eter or a maximum reading thermometer, depend- 
ing upon the information required. 

4. Oil meters of various types are utilized to nm 
ter crude oil flowing to or from storage. 

5. Dynamometers for measuring polished-rod 
loads. These instruments are sometimes known a* 
well weighers since they are used to record the pni 
ished-rod load throughout a [jumping cycle o ,r a 
sucker- rod-type pump. They are used for determin 
ing maximum load on polished rods, as well as load 
variations, to permit accurate counterbalancing of 
pumping wells and to assure that [jumping units or 
sucker-rod strings are not seriously overloaded. 

6. Liquid-level gages and controllers similar to 
those used in other industries for the same purpose 
hut with special designs for closed lease tanks. 

A wide variety of scientific instruments find ap- 
plication in petroleum production problems. I he 
above outline gives an indication of a few special- 
ized instruments used in this branch of the indus- 
try, and there are many more. Special instrument* 
developed by service companies are valued for a 
wide variety of purposes and include calipers to de- 
tect and measure corrosion pits inside tubing 
casing, magnetic instruments to detect microscope 
cracks in sucker rods, and other specialized instru- 
ments. See Oil and gas storage; Petroleum sbi- 

ONDARY RECOVERY. [r.L.CH-I 

Bibliography : W. F. Cloud, Petroleum Produc- 
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Handbook , 1960; Nat. Assoc. Corrosion Eng. an 
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Equipment, 1958; L. C. Uren, Petroleum Produc- 
tion Engineering, vol. 2, 3d ed., 1953. 
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storage, in quantities that may sometimes he very 
large, of crude oil and natural gas produced from 
their natural reservoirs. Storage is essential in or- 
,j rr to have a produced reserve for emergency use, 
m meet seasonal or other fluctuations in demand 
h,r these raw materials, and to provide for efficient 
operation of the producing equipment, pipelines, 
.irul refineries. According to statistics of the U.S. 
Bureau of Mines, crude oil in storage during the 
week of September 12, 1959, was 249,155.000 hhl. 
In addition, for the same week, processed-crude- 
oi! .storage in the form of stocks of gasoline, kero- 
wjne. distillate, and residual amounted to 441.688,- 
i)()0 hhl. 

General crude-oil storage. Crude-oil storage 
futilities will he placed at a producing well for 
temporary storage of individual well production, 
on a lra>c for gathering and storing all local oil 
production until it can he treated or made avail- 
able for shipping, at pipeline, pumping station, or 
tcmiinals, and at refinery locations. 

Crude oil is stored in tanks or reservoirs. The 
\meriran Petroleum Institute has adopted stand- 
.mh for the construction of both welded and riveted 
'tee I stoiage tanks, ranging in individual capacity 
trom 240 to 1.19.000 hhl. These tanks are upright 
(\linders. generally supplied with a low-pitched 
■■oiiieal roof. The smaller sizes of these tanks, grn- 
ei all v in pairs, lake the oil directly from the pro- 
curing well and separator assembly and provide 
temporary storage. The larger tanks, in groups 
known as batteries, are used to store I lie entire 
"input on a lease, prior to delivery into a pipe- 
line transportation system. Assemblages of the 
hirger sizes of these steel tanks, known as tank 
farms, may he used for more permanent storage 
•it terminals or refinery locations. 

lor the storage of very large amounts of crude 
"il. particularly in tank farms, reservoirs of con- 
,r Pte construction may he used. These have been 
developed and used chiefly in California. One such 
reservoir, elliptical in form, is 780 ft long. 467 ft 
w ‘de. and 28 ft deep. It covers 9Vi acres of ground, 
and provides storage for more than 1,000,000 hhl 
•>f crude petroleum. 

Problems of crude-oil volatility. The principal 

technical factor involved in the storage of crude oil 
N its volatility. The more volatile the oil. the higher 
will he the loss during storage caused by vapori- 
za hon and the greater will be the pressure which 
die Murage container must sustain. Loss caused by 
vaporization is a matter of considerable economic 
,r nportanc.e and various devices are in use to reduce 
vaporization to a minimum. Cylindrical tanks may 
have water-tight, flat-deck roofs a few inches below 
top of the tank. The deck is covered with water 
,n order to reduce the temperature variation within 
the tank, and in turn to reduce the vaporization of 

Other cylindrical tanks are provided with roofs 
that float directly on the crude-oil surface, thus 
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eliminating space within which vapor can ac- 
cumulate. Floating roofs require special devices 
for removing rainwater, for providing buoyancy, 
or for holding water on the rooftop to keep tem- 
perature variation to a minimum. In some cases, the 
floating roof is provided w'ith pontoons. 

Still another type of tank has a flexible dia- 
phragm-type roof capable of expanding and con- 
tracting as the vapor pressure within the tank 
varies. The roofs are provided with safety control 
valves to prevent excess pressure build-up. Such a 
tank of 80,000-bhl capacity and 117-ft diameter 
may have a breathing roof rise of as much as 
24 in. above its supports, with an increase in vapor 
storage space of 12,000 ft 3 . 

The complete elimination of evaporation loss is 
accomplished only by construction of closed tanks 
capable of withstanding vapor pressure of the 
stored fluid. Such tanks may need to withstand 
pressures of the order of 100 lb/in". These tanks, 
designed particularly for condensate fluids, natural 
gasoline hydrocarbons such as propane ^or butane, 
are generally spherical or spheroidal in form. High- 
pressure storage vessels are generally limited in 
capacity because of the amount of steel required. 

Underground storage. The storage of large 
amounts of natural gasoline or other highly volatile 
hydrocarbons is best achieved hv underground stor- 
age. Actual fluid in underground storage at the end 
of the summer of 1959 was reported by the Oil and 
Gas Journal to he 24,400.000 hhl. The same source 
reports total storage capacity of this type in 28 
states, and when current projects underway are 
completed, total capacity will he in excess of 49,- 
000,000 hhl. Texas alone provides over 81.000,000 
hhl of this capacity. 

Hydrocarbon liquids. Underground storage of 
hydrocarbon liquids may be in salt domes and salt 
layers; in mined caverns, consisting of shale, gran- 
ite. or limestone; in depleted oil and gas sands; or 
in water sands. 0ne salt-dome storage facility in 
Texas is reported to have a capacity of 8.600.000 
hhl. Although capacities of such facilities may be 
as low as 10.000 hhl, the majority have capacities 
of 100,000-500,000 hhl. Underground storage in 
salt layers may he at considerable depths, such 
as the Speurfish and Charles salt formations in 
North Dakota at 7000 8500 ft. Approximately 80# 
of the underground storage capacity for volatile 
hydrocarbon liquids is in salt domes and salt 
layers. 

Salt- formation storage space is prepared by 
drilling wells to the salt formation with subsequent 
circulation of water to produce a cavity. Limestone, 
shale, or granite caverns are produced by standard 
mining methods. In oil, gas. and water sands, the 
native porosity permits the storage of natural ‘gas- 
oline materials. 

F* at terns of gas storage . Natural gas is stored 
underground either to provide large and immedi- 
ately available amounts of gas for entry to high- 
pressure cross-country pipelines, or to provide 
large storage capacities near the point of con- 
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sumption so that seasonal and daily demand fluctu- 
ations can be met. In the large metropolitan areas 
of the Northeast and Midwest, the consumption of 
natural gas is low during the summer months, but 
high on cold days in winter. Supplying natural gas 
to industry and to a large number of householders 
is not possible unless large storage capacity near 
the point of consumption can be procured, because 
pipelines cannot economically deliver gas over such 
wide demand ranges. The Committee on Under- 
ground Storage of the American Gas Association 
reports as of Decern her 31, 1955. a total under- 
ground storage capacity for natural gas of 2,095,- 
814,139,000 ft- 4 . 

Natural gas may be stored in what was originally 
a dry gas reservoir, an oil and gas reservoir, an 
oil reservoir, or an aquifer. The early underground 
natural gas storage was in the dry gas reservoirs 
of the Appalachian area. These reservoirs at 
depths of 7000 8000 ft, in highly permeable, 
closed reservoirs, particularly of the Oriskany sand, 
were situated close enough to metropolitan markets 
to he attractive as storage locations. Of the 171 
underground storage reservoirs active in 1955, 108 
were in the Appalachian area, and of these, 101 
were originally dry gas reservoirs. 

Balancing reservoir storage. In a storage reser- 
voir sufficient cushion gas must be maintained to 
provide pressure for well deliverahility at desired 
rates. Between 40 and 50 % ; of the total gas storage 
is considered to he cushion gas. The remainder, 
50-60% , is active working gas. During the summer 
months, gas from a pipeline delivery source is in- 
jected into the reservoir, and the pressure is built 
up to its maximum working level sometime after 
the close of summer and before the advent of win- 
ter. As gas consumption increases during the fall 
und winter months, gas is taken from storage. The 
amount of gas in the storage reservoir declines 
until it reaches a minimum value sometime during 
the spring or early summer months. Maximum 
pressure for storage of gas generally does not ex- 
ceed the original indigenous reservoir pressure. 

See Oil and gas field exploitation; Petro- 
leum ENGINEERING. ( J.C.C.] 

Bibliography: R. L. Huntington. Natural Gas 
and Natural Gasoline , 1950; D. L. Katz et al., 
Handbook of Natural Gas Engineering , 1959; 
L. C. IJren, Petroleum Production Engineering: 
Exploitation , 3d ed., 1953. 

Oil and gas well drilling 

Certain features are common to all oil- and gas- 
well drilling. Rock and sand formations of the 
earth must be penetrated, and the cuttings must be 
removed. The hole, or at least part of it, must then 
be cased, or lined, with pipe to prevent caving, to 
seal out water, and to permit production of oil or 
gas. 

Two principal drilling methods use a rotary tool 
or a cable tool. The turbodrill method, which is a 
type of rotary drilling, is widely used in the Soviet 
Union. In 1957, rotary drilling accounted for nearly 



Principles of (a) rotary drill, (b) turbodrill, and <c) vi- 
bratory drill. Arrows at bottom indicate Relative im- 
portance of thrust and rotation. 


90% of the 53,668 wells drilled. Because of it- 
operating advantages, the older, cable tool method 
is still dominant in Ohio, Pennsylvania. Kenluck* 
West Virginia, and Michigan. Cable tools are iwd 
primarily in drilling shallow wells (usually above 
5000 ft) through hard formations, and frequent!* 
to complete wells where low pressures are met m 
the subsurface formations. 

Hole diameter is related to depth, and decrease- 
as the hole goes deeper. For instance, a hole going 
down 20,000 ft, may he as wide as 24 in. for the 
first few hundred feet and may taper to less than 
8% in. at the bottom. 

In addition to the methods mentioned, drilling 
techniques involving variations in the manner «> 
conveying power to the bit, or cutting tool, arc also 
under study. These experimental techniques in- 
clude vibration drilling, sonic drilling, and rotary 
percussion drilling. See Cable-tool drill: R°’ 
TARY TOOL DRILL; TURBODRILL. f A.L.P. i 

Bibliography : L. C. Uren, Petroleum Production 
Engineering: Oil Field Development , 4th ed.. 1956. 

Oil and gas wells 

Holes that have been formed mechanically in the 
earth’s crust, penetrating a commercial subterra 
nean deposit or deposits of liquid or gaseous 
troleum hydrocarbons or both, and so equipped 
that the formation product may be safely expelled 
or withdrawn. 

The first commercial oil well was drilled at Ti- 
tusville, Pennsylvania, in 1859, to a total depth o' 
69 ft. After 100 years of tremendous progress a 
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we |I was drilled to a depth of 25,340 ft. The first 
*ell sparked the commercial subterranean search 
j 0 r oil and gas that by 1955 furnished 66.7% of the 
energy requirements in the United States. 

Personnel- The personnel of the petroleum pro- 
ducing industry is divided into several segments; 
♦hai group primarily concerned with the drilling 
privities is referred to as the drilling department. 
The responsibility for successful drilling of the 
we ll*. i* delegated to this department, whether the 
3 ,.i n al drilling is done with company or contract 
drilling equipment. This group is composed of en- 
gineer*. and other trained people. The engineers 
provide the specifications for the wells and de- 
velop the program for the execution of the work. 
The drilling crew then takes over and carries out 
these programs. The drilling and direct supervision 
of a well require the services of approximately 
If) men, divided into three 5-man crews, working 
H-hour shifts around the clock, under the supervi- 
sion of a drilling foreman or tool pusher. In addi- 
tion to these men are those employed by the spe- 
cialty service companies whose services arc 
required for such operations as well logging, ce- 
menting. and perforating. Srr Well logging (ivtin- 
MA1.) . 

Boring and drilling. Two drilling techniques, 
.■hum and rotary drilling, are presently utilized, 
ve Boring and drilling, mineral. 

(Jiurn drilling. This method of drilling, more 
nmmunlv known to the industry as cable tool drill- 
ing. utilizes an up-and-down motion of the drilling 
iiiols to fracture and crush the formation and mix it 
with water. This mixture is then dipped from the 
hide with a bailer which is run to the bottom of the 
hole on a wire line. Cable tool drilling is compara- 
ble in principle to a carpenter’s making a hole in 
wood with a hammer and chisel. Although this sys- 
f nn was first used on an oil well in 1859 and the 
'vetem itself dates hack to antiquity in drilling for 
*alt, the method is not outmoded. Its use is gen- 
ially restricted to shallow, low-pressure drilling. 

Rotary drilling . Such drilling, which is compara- 
ble to a carpenter’s drilling a hole in a piece of 
wood with a brace and bit or auger, was first intro- 
duced about 1900, and permitted a more economic 
and efficient means of drilling deeper wells. Rotary 
drilling utilizes the rotation of a drilling hit, which 
ls crewed on the lower end of a string of drill pipe, 
height is applied to the bit as it is rotated to crush 
and icar the formation. The drilled particles are 
carried to the surface by drilling mud, which is 
circulated continuously during the drilling process. 
^ ,p mud is pumped into the drill pipe at the stir- 
out through the bit. and up the annular space 
between the drill pipe and the walls of the hole. At 
*bi‘ surface, the drilled particles are removed from 
^ n tud by gravity settlement and shale shaker 
MTecns; the cleaned mud is again pumped into the 
,,J * e in a continuous circulating process. 

Power and power transmission . Three types of 
Motive power are utilized: internal combustion en- 
Rlnes ' steam engines, and electric motors. 



Tn order to place a rotary rig in operation, a 
great deal of horsepower must he developed to ro- 
tate the drilling tool, lift and lower the drill pipe 
and casing, power the mud pumps, and supply light 
and power for other necessary equipment. This 
horsepower is usually developed at the drilling site 
by steam or internal combustion engines. The 
horsepower developed may he transmitted mechani- 
cally by chain or belt to the draw-works (hoist), 
mud pumps, rotary table, and other equipment, or 
rnay drive electrical generators which supply en- 
ergy to electric motors which, in turn, drive the 
draw-works, pumps, and other units. 

The fuels used are gasoline, diesel oil, natural 
gas, or liquefied petroleum gases such as propane 
and butane. 

Circulating media. The purpose of a circulating 
medium is to cool and lubricate the hit, to remove 
the cuttings from the bore hole, and to protect the 
walls of the hole until the latter is cased. Usually 
the medium is a specially formulated fluid, com- 
pounded of several of many different ingredients, 
which vary with different areas and conditions, the 
basic ingredients of which are water and colloidal 
clay (bentonite) and is referred to in the industry 
as mud. See Bentonite. 

The physical character of the fluid must pro- 
vide sufficient weight to control any gas or subsur- 
face fluid pressures which may exist, and yet must 
be light enough to prevent mud loss to lower-pres- 
sure formations. 




292 


Oil and gas wells 



Fig. 2. Rotary rig and circulating system. In rotary table, the bit bores into the earth, and more lengths 

drilling a bit is attached to the drilling end of a length of pipe are added as the hole goes deeper, 

of hollow steel pipe. As the pipe is spun by a rotary 


The blending, compounding, weighing, cleaning, 
and general treatment of the fluid require the at- 
tention of specially trained personnel. 

Air or gas may be used as the circulating me- 
dium. Virtually the same equipment is used as with 
the circulating fluid, except that air compressors 
or u supply of high-pressure gas is used in lieu of 
the mud pumps. Penetration rates are greater and 
dr^ling costs are lower with air or gas drilling, if 
■ ifiedSn selected areas of low-pressure formations 
\n w\iich little if any formation fluids are uueun- 
tered prior to reaching the productive inUfVtki, at 
which time circulating fluids are generally used 
( Fig. 2 ) . 

Bits. The tool placed at the lower extremity of 
the drilling shaft is necessarily one that does the 
actual boring or drilling of the hole into the forma- 
tions. This tool, called a bit, is designed to permit 
the removal of the entire cross section of the hole 


(cuttings) with the assistance of the circulating 
medium. Bits are of numerous designs, but ma> be 
divided into two broad classes, drag hits and roller- 
rock bits. 

Operational sampling and logging. At strategic 
intervals in the downward progress, formation sam- 
ples are removed from the hole for surface inspec- 
tion and analysis by the geologist for stratigraphu 
information or for evaluation of the zone for pro- 
ducing possibilities. One method of taking sample 
is by punching, as with a biscuit cutter: another, 
by drilling around, as with a hollow tube so as to 
preserve the core. 

Punch cores . Biscuit-type punch cores are taken 
by mechanically forcing hollow tubes into the wall* 
of the bore hole and retrieving the tube with a 
formation sample. Wire-line or drill-pipe and wire- 
line tools are used to accomplish this type of core 
taking. One such tool is a percussion type and is 




Fig 3. Sketch of a drag bit. 



^'9- 4. Photograph of a rock bit; a partial cut-away 
view. ( Hughes Tool Co.) 

run on logging cable. It carries hollow bullets 
which are inserted in barrels and shot into the for- 
mation by means of explosive charges. The bullets 
are positioned accurately at the proper depth and 
their firing is controlled at the surface. The bullets 
and contained cores are pulled from the formation ' 
l>y retrieving cables or wires connected to the body 
°f the instrument. As many as 30 cores may be ob- 
tained on one trip into the hole. 

Core drilling . In this type of coring, the drilling 
bit is exchanged for a core barrel fitted with a core 
hit. The bit is designed to cut around the center of 
the hole and may be a roller-type or a diamond- 
type cutter head. The core barrel receives the un- 
billed center portion and keeps it intact until it is 
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pulled to the surface. As much as SO ft of core may 
be taken at one time. See Core drilling. 

Oil-well fishing tools. During drilling, or pro- 
duction operations, or both, material or equipment 
may be accidentally left in the bore hole. This 
commonly results from fatigue failure of such 
equipment, usually a part or parts of the down-hole 
drilling assembly (bit cutters, drill collars, or drill 
pipe). The material so left is called the “fish.” The 
special tools or devices that are required for their 
recovery are consequently known as fishing tools. 
Most common of these tools is the releasing and 
circulating socket that is installed on the bottom 
of the intact drilling assembly. When run back into 
the bore hole, the socket will overshoot the top 
of the fish, and in the manner of a grapple, will re- 
join the members, enabling the lost portion or fish 
to be recovered. Conditions such as damage to the 
top of the fish or bad hole conditions may develop 
that would make further attempts at recovery un- 
economical. In that event, the hole is cither aban- 
doned, or completed in a formation at a shallower 
depth, if one exists, or the fish is sidetracked, by 
directional drilling, before the main drilling is re- 
sumed. 

Directional drilling. In the normal course of 
drilling an oil or gas well, it is desirable to drill a 
hole as nearly as possible in a true vertical course. 
At other times, it is necessary to utilize a method 
of deviation from vertical called directional drill- 
ing. The term directional drilling means control- 
ling the course of a bore hole by using surface and 
subsurface instruments to reach a predetermined 



Fig. 5. Sketch diagram, of a side-wall sample gun. 
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circulating mandrel 


Fig. 6. A mechanical-type side-wall coring tool. 



subsurface target. Holes may also be deflected to 
sidetrack obstructions (tools lost in the bole) or to 
reach a more strategic structural position. In any 
case, mechanical means are employed to accom- 
plish this b\ using directional recording instru- 
ments and deflecting tools to chart and control the 
downward course of the hole. .Sec Photocunom- 
ETKR. 

The most common of several types of deflecting 
tool is the whipstock, which is a wedge-shaped steel 
casting with a tapered or concave guide channel 
for the bit. In principle, the whipstock acts like a 
child's sliding board in deflecting the downward 
course. The guide channel may he positioned at the 
desired compass point by way of a controlled 
method of orientation, using the earth’s magnetic 
field as a point of reference. 

High-pressure well control. Numerous factors 
are involved in high-pressure well control. High 
pressure in this sense means any pressure existing 
in a reservoir sufficient to expel a column of water 
contained within the well bore (exceeding the 
hydrohatic head for the depth). Initially, surface 
casing is set and cemented at such a depth that for- 
mations below the setting point will withstand 
pressures encountered during drilling operations 
should surface controls be closed. 

W righted fluids. Adequately weighted fluids will 
develop a hydrostatic pressure sufficient to offset 
such formation pressures, but they may also be 
heavy enough to cause thieving of the fluid by other 
formations. In some areas, a change in weight of 


as little As V\\\ Ih 'gal may result in los^ of circula- 
tion or blowout. 

Blowout preventers. If the circulating fluid fail* 
to contain the pressures, surface controls called 
blowout preventers are closed. These consist 
valves that are previously installed above ground 
and fixed to the surface casing at the time of it> 



Fig. 8. Sketch of a socket (circulating). 
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Fig 9. Operation of removable whipstock as a de- 
Keeling tool. ( Eastman Oil Well Survey Co.) 

‘Ml tools are run through these controls 
‘luring all operational phases of the drilling and 
"•iiipletion work. These valves are designed to elo.se 
aiouriH the tools and effectively seal off against 
high pressures. Valves positioned at suitable points 
in the blowout-preventer assembly may then he 
manipulated to expel fluid or to receive fluid under 
pressure from rig or auxiliary pumps to bring the 
"‘‘II under control. 

Casing, completion and connection. Various 
problems f »f well casing are related to modes of 
completing connection between the proper reser- 
v, ur? and the surface. 

Casing. The casing for an oil or gas well is a 
-tcel tube, manufactured in various diameters, wall 
fhif’k nesses, lengths, and steel alloys, selected to 
s aiiMv specific needs. These lengths, called joints, 
threaded and coupled so that they may he 
I'MPed together in a continuous string in the well 
bore. Properly placed and cemented in the hole, 
casing protects fresh-water reservoirs from con- 
tamination, supports unconsolidated rock forma- 
hons, maintains natural separation of formations, 
a ids in the prevention of blowouts and waste of 
reservoir energy, and acts as a conduit for receiv- 
,n B pipe of smaller diameters through which the 
effluent may be produced to the surface under 
controlled conditions. 

. ^ may be necessary to set many strings of cas- 
,n 6 in one hole before reaching the objective. The 
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determining factors are many, such as depth of 
hole, loss of circulation, high-pressure formations, 
hole sloughing, and wearing out a string of casing 
while rotating drill pipe through it over a long pe- 
riod of time. 

Cementing casing. Basically, ordinary portland 
cement is used in cementing casing. In order to ob- 
tain the protection and fulfil the purposes, it is im- 
perative that each string of casing he securely 
sealed to the walls of the hole for at least some dis- 
tance up from the bottom of the casing string. After 
casing is in place, the cement is pumped down the 
inside and up the outside to a predetermined height 
to occupy the space between the casing and the 
walls of the hole, thereby effecting the desired seal. 
In the pumping and measuring process, plugs are 
used to separate the cement from othei fluids to 
eliminate contamination; and the. cement inside the 
casing is displaced with fluid. Oil- oi gas- v. ell ce- 
menting is not performed with the drilling etjuip- 
inent, but by an outside service company equipped 
with mobile, high- pressure, mixing and pumping 
equipment and accessories operated by trained 
personnel. 

Completion techniques . Reservoir conditions, 
known to exist or later defined, determine the type 
o| completion technique to he followed: (1) bare- 
foot completion, (2) preperforated liner, or 
(3) casing set through and perforated. 

1. Barefoot completion. This is a type of comple- 
tion frequently used when the character of the pro- 
ducing rock is such that it does not require supple- 
mental support or screening, for example, in for- 
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Fig. 11. Casing detail; casing strings in an oil well. 


mat ions such as limestone, dolomite, or hard 
sandstone. With this method, the production easing 
is seated above the producing section in the con- 
ventional manner (see prior discussion of cement- 
ing). The casing is cleaned out by insertion of fluid 
separating plugs and drilled out through the casing 
and into the producing formation below. The for- 
mation contents enter the bore hole from the bare 
or unlined producing stratum or strata, hence the 
term barefoot. 



Fig. 12. Sketch diagram of cementing; truck, equip- 
ment, and well job. 


2. Liner-type completion. This type of coninl 
tion is similar to a barefoot completion exc ? 
that the open portion of the hole is cased with** 
pre perforated section of casing called a liner Thi*. 
liner is smaller in diameter than the casing pro " 
viously set in the hole and is usually suspend^ 
from the upper casing near the bottom from a lin er 
hanger. The hanger is attached to the top of \\^ 
Jiner, and when it is set, it effects a seal between 
t he liner and the casing. The purpose of the |j n »., 
is to permit gas and liquids to enter the hole and 
screen out formation particles. 

3. Gun perforating. Gun perforating is a method 
of forming holes through the casing and into a for- 
mation from within a. well bore. The two more pop. 
ular methods are bullet perforating, as with a rifir. 
and jet perforating, as with a torch. 

The gun is fitted around the outside with barrel' 
containing the perforating medium. Each barrel i* 
wired to fire by remote control from the -mrf.ur 
The gun is run into the hole on a wire line from a 
service company’s shooting truck. The wire lim- 
serves to lower and raise the gun in and out of th< 
hole, and when the gun is in position to he fired 



Fig. 13. Diagram of barefoot completion. 

the operator sends an electric impulse down the 
line to trigger the gun. The hole is thus formed 
through the steel casing, the cement sheath, and 
some inches into the reservoir rock, creating an en- 
try through which the reservoir content enters the 
well bore. Guns of the bullet type are retrieved and 
reloaded (Fig. 15). Jet-type guns are expendable 
and disintegrate (Fig. 16). 

Tubing . A steel tube, the same as casing except 
that it is smaller in diameter, serves as a produc- 
tion flow line within the well. The tubing is run in- 
side the casing and is either suspended in the h° ,c 
or set on a production packer at or near the pro* 
ducing interval. The top of the tubing string termi- 
nates at the surface in a sealing element in A 1( * 
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Fig 14. Liner-type completion; preperforated liner. 


\wdl-lieud assembly to which the so-c ailed Clirist- 
rn.i - her is uttacned. 

Chnsdnas live. A manifold constructed of steel 
v.dvps and fittings, placed on top of the casings 
protruding above the surface, called a Christmas 
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tree. Its purpose is to maintain the well under 
proper control, to receive the formation products 
under pressure, and to control the rate of daily pro- 
duction from the reservoir and direct it into a pipe 
line, generally at reduced pressures, to the oil- 
gathering station. 

Pumping unit . Relatively few oil wells are flow- 
ing from natural pressures. Most require secondary 
means of removing the reservoir product. The most 
common of several methods is the pumping unit. A 
walking beam is operated like a seesaw raising and 
lowering a plunger-type pump, set near the bottom 
of the hole. The rods between the walking beam 
and the pump are called sucker rods. 

Multiple completion. An oil or gas well from 
which several separate horizons are individually, 
separately, and simultaneously produced is called 
a multiple completion. Such a completion is ac- 
complished by the use of multiple-zone packers and 
separate tubing strings. The producing zones are 
separated one from another by proper placement 



Fig. 16. Diagram of jet-type perforator and jet-type 
guns. 


of packers in the well bore. An individual string of 
tubing is attached to each packer and extended to 
the surface where each is interconnected with the 
Christmas tree or flow assembly. 

The several advantages of such a completion 
from a single well bore are increase in daily pro- 
duction, more efficient and economic utilization of 
a well bore with multiple reservoirs, increase in 
ultimate recovery, accurate measurement of prod- 
uct withdrawal from each reservoir, and elimina- 
tion of mixing of products of different gravities and 
basic sediment and water content. 

Water problems. The production of water in 
quantity from an okl or gas well renders it uneco- 
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Fig. 17. Typical layout of a Christmas tree. 


nomical. Means are therefore provided for water 
exclusion. 

W ater -exclusion methods. Water exclusion may 
he effected by the application of cements or various 
types of plastic. If it is determined that water is 
entering from the lower portion of a producing 
sand, in a relatively shallow, low-pressure well, a 
cement plug may he so placed in the bottom of the 
hole that it will cover the oil-water interface of the 
reservoir. This technique is called laying in a plug 
and may he accomplished by placing cement with a 
dump-bottom bailer on a wire line or by pumping 
cement down the drill pipe or tubing. For deeper, 
higher-pressure, or more troublesome wells, a 
squeeze method is used. Squeeze cementing is the 



Fig. 18. Pumping unit diagram. These are most com- 
mon if natural pressure is lacking for well flow. 


process of applying hydraulic pressure to force a 
cementing material into permeable space of an ex- 
posed formation or through openings in the casing 
or liner. In many conditions, cement, plastic. or 
diesel-oil cement may he squeezt'd into water-, oil-, 
or gas-bearing portions of a producing zone to 
eliminate excessive water, without sealing off t| le 
gas or oil. A few of the applications are repair of 
casing leaks; isolation of producing zones prior to 
perforating for production; remedial or secondary 
cementing to correct a defective condition, such 
channeling or insufficient cement on a primary ce- 
ment job; sealing off a low-pressure formation that 
engulfs oil and gas or drilling fluids; and abandon- 
ment of depleted producing zones to prevent mi- 
gration of formation effluent and to reduce possi- 
bilities of contaminating other zones or wells. 



Fig. 19. A representative multiple completion dia- 


gram. 


The squeeze-method tool is a packer-type device 
designed to isolate the point of entry between or 
below packing elements. The tool is run into the 
hole on drill pipe or tubing and the cementing ma- 
terial is squeezed out between or below these con- 
fining elements into the problem area. The well i* 
then recompleted. It may be necessary to drill the 
cement out of the hole and reperforate, depending 
upon the outcome of the job performed in the 
squeeze process. 
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rubber sealing element 


hold down slips 


c i g 20. Sketch of a bridge plug. 


Water-exclusion plug hack. Simple water shut- 
i'tf mbs in shallow, deep, or high-pressure, wells 
ui<i\ also he performed in mullizone wells in whieh 
r h*» lower producing interval is depleted or the re- 
maining recoveralde reserves do not justify reha- 
liilivat ion h> placing a packer-type plug (cork) 
aliove tin' interval, then producing formations that 
■ire already open or perforating additional inter- 
nals that may he present higher up the hole. 

Production-stimulation techniques. The initial 
testing or production history often indicates sub- 
normal production rates signifying the necessity 


tubing. 


displacing fluid . 


casing 


cement 



% 21. Outline of the acidizing process. 


for remedial action. Any method designed to in- 
crease the production rate from a reservoir is de- 
fined as production stimulation. Three of the meth- 
ods used are acidizing, fracturing, and employing 
explosives. 

Acidizing . Varied volumes of hydrochloric acid 
are used in limestone and dolomite or other acid- 
soluble formations to dissolve the existing flow- 
channel walls and enlarge them. High-pressure 
equipment, pumps, and wellheads are necessary 
for satisfactory performance. Fast pumping speeds 
and acid inhibitors are used to alleviate corrosion 
of the well equipment. 

Fracturing. Formation fracturing is a hydraulic 
process aimed at the parting of a desired section 
of formation. Selected grades of sand or particles 
of other materials are added to the fracturing fluid 
in varied quantities. These particles pack and fill 
the fracture, acting as a propping agent to hold it 



Fig. 22. Outline of the fracturing process. 


open when the applied pressure is released. Such 
fractures increase the flow channels in size and 
number, improving the fluid-flow characteristics of 
the reservoir rock. The particle-carrying agent 
(fluid) is of considerable importance and is varied 
to fit particular demands. Some of the fluids used in 
this process are crude oil (sand oil fracturing), 
special refined oils (sand oil fracturing), water 
(river fracturing), acid (acid fracturing), and 
oil, water, and chemical emulsion (emiilsifractur- 
ing). 

Explosives . The idea of stimulating production 
by use of explosives was first used in a well in 
Pennsylvania on January 21, 1865. The first torpedo 
consisted of 8 lb of gun powder contained in a 
metal tube, which was lowered into the well and 
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Fig. 23. Diagram of stimulating production through 
use of explosives. 

detonated. Its more important function, in this 
shallow well, was to clear away paraffin, which was 
accomplished, but a decided increase in produc- 
tion was also accomplished. The method has since 
been improved with new explosives, firing mecha- 
nisms, and procedures, but the basic idea is the 
same, that is, to remove reservoir-blocking material 
from the reservoir face and to create fractures in 
the rock to increase production. 

Sand exclusion. Some reservoir rock is of an 
unconsolidated nature similar to beach sands, and 
after having been penetrated with a bore hole, it 
will slough, if unsupported, and has a tendency to 
flow with its formation fluids, resulting in plugging 
of the well bore and restriction or elimination of 
the entry of formation fluids. Several measures can 


o casing coupling 



•steel end ring 


heavy wire mesh 


graded gravel 


perforations 


Fig. 24. Sketch of prepacked gravel liner. 


be used to combat this condition, but no sind 
measure can be used universally. 1 

Screen liner. This type of liner is a segment of 
preslotted pipe wrapped with wire screen designed 
to screen out or retain outside the bore hole all t* x - 
cept the fine particles that may be produced to the 
surface with the reservoir fluid. The original de* 
sign is such that a calculated snug fit is obtained 
between the liner and the bore hole. The coarse 
scrcened-out particles form a secondary gravel 
pack between the liner and the hole, additionalh 
supporting the formation and reducing sand incur- 
sion. 

Sand consolidation. Sand consolidation is the re- 
sult of successfully placing a binding materia] j M 
the producing sand, and in effect gluing the sand 
grains together without completely destroying ihr 
porosity and permeability of the sand. The binding 
material, generally a form of plastic, is forced im,, 
the sand through perforations in the casing. The 
purpose is to consolidate the sand around the well 
bore to eliminate sloughing and sand incursion. 

Prepack gravel liners. This type of limr 
(Fig. 24) is made by using a perforated section <d 
steel pipe, over which has been fitted a tubulin 
sleeve formed of an inner and outer screen of heav\ 
wire mesh or perforated sheet steel and held in con- 
centric relationship by spacers witfT gravel ot 
proper size packed between the screens and 
sealed at both ends to retain the gravel. Sel in the 
hole, it serves as a screen liner. Sec Pm hoi mm 

HKSKKV^OIH fc.NClNKF.KI NO. [h.S.HH.I 

OIL-WELL DERRICKS 

The nil-well derrick is a framework or latticed 
tower of wood or steel, erected over the well for the 
purpose of hoisting and lowering pipe and tools in 
the well. The tower is composed of a lower frame- 
work or derrick substructure which supports the 
derrick floor and has working clearance beneath the 
floor for installation and operation of well-control 
equipment, and a superstructure generally sup- 
ported by and bolted to the four heavy corners of 
the substructure, thereby forming a composite unit. 
In Fig. 25 a steel derrick and a wood derrick me 
shown. 

A prefabricated steel mast, which is raised into 
operating position and lowered at the well as a unit 
with block and tackle, is superseding the conven- 
tional derrick in areas in which mobile rigs havf 
application. With such rigs, erection and moving 
costs are lower because of greater portability. 
Portable masts of great height are fabricated in 
two or more sections by welding and the section*? 
are then bolted or pinned together to make a com- 
plete unit assembly. Figure 26 illustrates an Ideco 
full-view mast and Fig. 27 a Moore jackknife mast. 

Derrick types- There are three types of conven- 
tional derricks: the cable-tool or standard derrick, 
the rotary derrick, and the combination cable-tool 
and rotary derrick. The combination derrick P er * 
mits a quick interchange from the rotary to the 
cable-tool system of drilling or vice versa when both 
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Fig. 25. Steel derrick, Lee C. Moore K type, 136 ft. 
loo C Moore Corp.) 



% 26. Ideeo full-view mast. ( International Derrick 
° nd Equipment Company ) 
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drilling methods are employed to drill and complete 
the well. The first combination cable-tool and rotary 
drilling rig was built in 1912. Essential differences 
in the three types of derrick are in the arrangement 
and design of the structural members used in the 
lowermost panel for bracing, and supports for the 
hoisting erpiipment installed in the sides of the 
derrick. One of the four derrick sides has a V open- 
ing with a minimum clear height of 23 ft 8 in. 
above the floor joists. This is the window opening 
which provides for pulling pipe and tools into the 
derrick. 

Material. The Drake discovery well, completed 
August 27, 1859, America’s first commercial oil 
well, was drilled with a boarded derrick unlike 
the later open- framework wood derricks. This later 
type of wood derrick was used generally until 1892 
when the first steel derrick made its appearance. 
Although some wood derricks are still in existence, 
used mostly for servicing wells, they had been 
fairly well superseded by the steel derrick for drill- 
ing purposes by the laic 1920s and early 1930s. 
The preference for steel resulted from several 
factors, chief of which are (1) the fire resistance 
of steel. (2) the relatively smaller-size component 
members, which present much less ur*?a to wind 
pressure and therefore provide the steel derrick 
with a much greater wind-load capacity. (31 the 
fact that steel derricks can he designed and fabri- 
cated with precision such that their safe working- 
load and wind-load capacities can he accurately 
determined, and (4) the fact that the steel derrick 
is easier to transport and can he erected and torn 
down in much less time. The wood derrick, how- 
ever. may still have its application in localities in 
which suitable lumber and timbers are in abun- 
dance and available at low price. 

Size. A derrick size is determined by its height, 
base square dimensions, and the clear opening of 
the water table or top of the derrick. The sizes and 
other general dimensions of derricks have been 
standardized by the American Petroleum Institute 
Division of Production. Derrick heights are deter- 
mined by the length of the hoisting tackle and tools 
in cable-tool drilling practice and by the number of 
individual lengths of pipe or joints in a stand of 
drill pipe and length of hoisting tackle in rotary 
drilling practice. Rotary drilling derricks for deep 
drilling when long stands of drill pipe are used aye 
necessarily of greater height than cable-tool der- 
ricks. 

Principal load members. The four legs and wa- 
ter-tahle beams are the principal load-carrying 
members of a derrick. For the wood derrick, the 
legs are built of 2 X 12 and 2 X 10 in. timbers 
nailed together in the form of an L section. A 
structural-steel derrick has legs which are fabri- 
cated from structural-steel angles. Pipe has also 
been used for the legs of steel derricks. The leg of a 
derrick is built of several sections, and the ends of 
each leg section are squared and butted one against 
the other so that the load applied at the top or 
water table is transmitted directly through the legs. 
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Fig. 27. Moore jackknife mast. (Lee C. Moore Co rp.) 


Being a compression member, the load capacity 
of a derrick leg is dependent upon its slenderness 
ratio. This slenderness ratio is the unsupported 
length of the column or leg divided by the least 
radius of gyration of the area of cross section of the 
leg. A derrick may have its load capacity increased 
by reinforcement of the leg. provided the water- 
tuble beams are of a size to develop the reinforced 
capacity. Steel derricks are reinforced by clamping 
sections of pipe to the inside of the main legs and 
making the bottom and top sections hear firmly 
against stops to ensure that the reinforcements or 
relegs carry a proper share of the load. Adjustment 
of the length of each releg is performed with a 
screw jack and the insertion of shims to obtain a 
firm hearing. 

Bracing. Horizontal members or girts are gen- 
erally placed at uniform inteivals to divide the leg 
into a series of short unsupported lengths. The 
lowermost girt is attached to the legs at a distance 
of 10 ft above the derrick floor to provide working 
clearance for drilling and other well operations. 
Girts above the first are usually attached at inter- 
vals of 7 ft, forming 7-ft panels. Each panel is then 
braced with diagonal members, the composite brac- 
ing system consisting of derrick legs, girts, and 
diagonal braces, serving to counteract the trans- 
verse or horizontal forces to which the derrick is 
subjected 

The girts of a wood derrick are 2 X 12 and 
2 X 10 in. timbers, and the inside braces are 
2 X 10, 2 X 8 , and 2 X 6 in. timbers. Sway bracing 
is formed of 2 X 8 in. timbers. In a structural-steel 


derrick, the girts and braces for the most part are 
structural angles, the size of the angle bein 
selected according to the permissible maximum 
slenderness ratio of the member and the maximum 
load it must carry. The bracing of steel derricks has 
changed in style, and Kay- (or K-) type bracing 
which lends itself to efficient use of materia] has 
evolved. 

Attachments. To provide safe access to all parts 
of the derrick and to facilitate working conditions 
at various levels, derricks are equipped with a 
ladder fastened to a side and extending from the 
bottom to the top of the derrick. Safety and work- 
ing platforms installed at various levels are acces- 
sible from the ladder. Safety platforms are per- 
manently located outside the derrick and are 
designated according to their particular height 
location. The platform at the top of the derrick is 
known as the crown platform or crow's-nest. A 
safety platform installed at a height of 30 ft i*. 
known as the quadruple platform, the height being 
equal to a stand of drill pipe made up of four 20-ft 
lengths of pipe. A double safety platform would 
he located at a height of 40 ft above the derrick 
floor. 

Platforms installed inside the derrick at a work- 
ing level are known as working platforms. These 
include what are also called the monkey-board and 
pipe-stabbing hoard. They are an accessory to the 
derrick and may he adjustable to working levels 
within prescribed limits. The top of the derrick h 
called *the water table, and heavy-section wood 
timbers or bumpers, as they are called, on wood 
derricks, and steel structural wide-flange beams on 
steel derricks, are positioned on two directly oppo- 
site sides of the water-table opening. These beams 
support the drilling crown block and transmit to 
each of the four derrick legs the loads placed on the 
derrick in the course of drilling. Extending above 
the derrick top and across the water table opening 
is the gin pole which at its center supports a block 
arrangement that is used to raise the drilling crown 
block in the derrick and place it in position on the 
water-table beams. 

Load capacity. Derricks vary in load capacity 
according to the size of the legs, and the water- 
table beams are selected to develop this capacity. 
The load capacity of a four-leg derrick is taken to 
he four times the capacity of a single leg acting as 
a column on the basis that each leg carries it* 
proportionate share of the vertical load applied at 
the water table. This capacity, when determined 
in accordance with the American Petroleum In- 
stitute’s allowable unit stresses for derricks, is dis- 
played on a nameplate attached to the lowermost 
girt or section of derrick leg. 

The legs of a derrick, however, are not equally 
loaded ; therefore, the working load capacity will be 
less than the nameplate capacity. Because unequal 
forces fere applied to the derrick legs, the nature 
and position of the loads acting on a derrick must 
be taken into consideration in order not to exceed 
the safe load capacity of a derrick. The load at 



which failure of a steel derrick built according to 
\iriprican Petroleum Institute specifications may 
be expected is approximately twice its working 

load rapacity. 

Wind capacity. Like any structure exposed to 
wind pressure, a derrick must be designed so that 
it will resist the force of a wind of given velocity. 
Derricks intended for land operations only and 
where hurricane winds are unlikely or infrequent 
A rr designed for a wind pressure of 11.75 pounds 
per square foot (psf) acting on the exposed area 
0 f two directly opposite sides and a pipe setback 
standing within the derrick. When the derrick is 
to be used offshore where high-velocity winds can 
frequently occur, it is the practice to design for a 
wind pressure of 22.50 psf with a pipe setback and 
•)2.00 psf without the pipe setback. These wind 
pressures correspond respectively to wind velocities 
of 54 75, and 115 tnph based on the formula 
p = 0.004 V' J , where P is unit wind load in pounds 
per square foot and V is actual wind velocity in 
mile*: per hour. 

Foundation. Steel derricks are designed to he 
-i*l f sustaining when subjected to high wind pres- 
sure. However, the derrick must he securely an- 
. h.ued to foundation piers or corners of sufficient 
weight or having anchorage that will prevent the 
derrick's being overturned. Also, the pier fooling 
must he large enough to distribute the maximum 
den irk load over the soil on which the structure 
rest- without exceeding the safe hearing capacity 
•if the soil. 

Guying. When piers of insufficient weight are 
ii"'*d. as is often the ease, it is necessary for the 
(lei rick to he gnved adequately if it is to be pre- 
vented from overturning in a high wind. It is most 
important that the guys have the necessary strength 
and he attached to the derrick leg at which the 
bracing is also connected to avoid pulling the leg 
(> ut of alignment. Also, the attachment must not 
damage the guy. Guy anchors should preferably he 
‘»t the expanding or screw t\pe. depending on the 
"“*1. and careful attention must be given their in- 
stallation to fully develop the holding power of the 
‘imhor. The number and size of the guys will vary 
"ilh tlie derrick size and the probable wind force 
that may act upon the derrick. Tn areas of high 
"ind. it is general practice to guy a 136- ft steel 
derrick with three guys attached to each leg and 
"Paced 21 ft apart. f c.A.n.] 

Hthliography: J. E. Brantly. Rotary Drilling 
Handbook, 4th ed„ 1948; P. J. Jones. Petroleum 
traduction, 1946; R. E. Sullivan. Handbook of Oil 
nn <1 Cas Law , 1955; L. C. IJren, Petroleum Pro - 
Nation Engineering : Oil Field Exploitation , 3d 
1953, Oil Field Development, 4th ed., 1956; 
J- ^aba and W. T. Doherty. Practical Petroleum 
agineers 9 Handbook , 4th ed.. 1956. 

Oil furnace 

^ combustion chamber in which oil is the heat- 
educing fuel. Fuel oils, having from 18,000 to 
20,000 Btu/lb, which is equivalent to 140,000 to 
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155,000 Btu/gal, are supplied commercially. The 
lower flash-point grades are used primarily in do- 
mestic and other furnaces without preheating. 
Grades having higher flash points are fired in 
burners equipped with preheaters. 

The ease with which oil is transported, stored, 
handled, and fired gives it a special advantage in 
small installations. The fuel burns nearly com- 
pletely so that, especially in a large furnace, com- 
bustible losses are negligible. See Fuel oil; Fur- 
nace (steam generating). 

Domestic oil furnaces with automatic thermostat 
control usually operate intermittently, being either 
off or operating at maximum capacity. The heat 
absorbing surfaces, especially the convection sur- 
face, should, therefore, be based more on maximum 
capacity than on average capacity if furnace effi- 
ciency is to he high. The combustion chamber 
should provide at least 1 ft :i for each 1.5 2 lb of 
fuel burned per hour. Gas velocity should he below 
40 feet per second. The shape of the chamber 
should follow the outline of the flame. . | E.H.R.] 

Oil mining 

The surface or subsurface excavation of petroleum- 
hearing sediments for subsequent removal of the 
oil by washing, flotation, or retorting treatments. 
Oil mining also includes recovery of oil by drainage 
from reservoir beds to mine shafts or othei open- 
ings driven into the oil rock, or bv drainage from 
the reservoir rock into mine openings driven out- 
side the oil sand but connected with it by bore 
holes or mine wells. 

Surface mining consists of strip or open-pit min- 
ing. It has been used primarily for the removal of 
oil shale or bituminous sands lying at or near the 
surface. Strip mining of shale is practiced in Swe- 
den, Manchuria, and South Africa. Strip mining of 
bituminous sand is conducted in Canada. 

Subsurface mining is used for the removal of 
oil sediments, oil shale, and Gilsonite. It is prac- 
ticed in several European countries and in the 
United States. Some authorities consider this the 
best method to recover oil when oil sediments are 
involved, because virtually all of the oil is re- 
covered. 

European experience. Subsurface oil mining 
was used in the Pechelbronn oil field in Alsace, 
France, as early as 1735. This early mining in- 
volved the sinking of shafts to the reservoir rock, 
only 100 200 ft below the surface, and the excava- 
tion of the oil sand in short drifts driven from the 
shafts. These oil sands were hoisted to the surface 
and washed with boiling water to release the oil. 
The drifts were extended as far as natural ventila- 
tion would permit. When these limits were reached, 
the pillars were removed and the openings fifled 
with waste. 

This type of mining continued at Pechelbronn 
until 1866, when it was found that oil could be re- 
covered from deeper, more prolific sands by letting 
it drain in place through mine openings, without 
removing the sands to the surface for treatment. 
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CZZl progress to January 1 , 1 955 

tTTTPi progress from Jan. 1,1955 to March 1, 1955 

Fig. 1. Isometric drawing of U.S. Bureau of Mines ex- 
perimental mine for oil shale at Rifle, Colo. Developed 
by 39-ft top or advanced heading, a 34-ft following 

Subsurface mining of oil shale also goes bac k to 
the mid-nineteenth century in Scotland and France, 
ft is not so widely practiced now because of its 
high cost as compared with those of usual oil 
production, particularly in the prolific fields of the 
Middle Fast. 

United States oil shale mining. The U.S. Bu- 
reau of Mines carried out an experimental mining 
and processing program at Rifle, Colo., between 
1944 and 1955 in an effort to find economically 
feasible methods of producing oil shale. 

One of the more important phases of this ex- 
perimental program was a large-scale mine dug 



Fig. 2 Mine locomotive and cars removing shale from 
U.S. Bureau of Mines shale mine west of Rifle, Colo. 
Segments of a light streak at left in middle ground are 
the Colorado River, nearly 3000 ft below. (From 
R. Fleming, U.S . Bureau of Mines ) 


bench had just been initiated when a roof fall ended 
operations on Feb. 28, 1955. (U.S. Bureau Mine $ Rept 
5237 , 1956) 

into wftat is known as the Mahagony Ledge, a rich 
oil shale stratum that is flat and strong, making it 
favorable for mining. This stratum lies undei an 
average of about 1000 ft of overburden and is 70 
90 ft thick. 

The Bureau of Mines adopted the roorn-and 
pillar system of mining, advancing into the 70 it 
ledge face in two benches. The mine roof was sup- 
ported by 60-ft pillars staggered at 60-ft interval* 
and supplemented by iron roof holts 6 ft long. 

Multiple rotary drills mounted on trucks made 
holes in which dynamite was placed to shatter the 
shale; the shale was then removed from the mint 
by electric locomotive and cars. 

The experimental mining program ended in l*cb- 
ruary, 1955, when a roof fall occurred. Despite 
this occurrence, however, the Bureau is convinced 
that the room-and-pillar method used in coal, salt, 
and limestone mines is feasible for shale oil mining 
in Colorado. 

Oil shale does not contain oil, as such. Draining 
methods, therefore, are not applicable. It docs, 
however, contain an organic substance known a* 
kerogen. This substance decomposes and gives off a 
heavy, oily vapor when it is heated above 700° F 1,1 
retorts. When condensed, this vapor becomes a 
viscous black liquid called shale oil, which re- 
sembles ordinary crude but has several significant 
differences. 

Colorado’s Mahagony Ledge yields an average o 
about 30 gal of oil per ton. This means that larfi e 
amounts of oil shale must be mined, transported, 
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Fig. 3. Close-up view of Union Oil Company of Cali- 
fornia shale-o : l retort near Grand Valley, Colo. Right 
port of the structure is portion of the systems for re- 
moving oil vapors that otherwise escape in the gas 
stream Men standing at ground level to the left indi- 
cate size of retort. 

retorted, and discarded for production of cummer- 
■ta! ((iiantities of oil. Various types of retort also 
haw hern tested in Colorado, but none is in corn- 
nitTrial use. 

Gilsonite. Gilsonite is a trade name, registered 
the American Gilsonite Company, for a solid 
huhocarhon found in the IJinta Basin of eastern 
Utah and western Colorado. The American Gilson- 
f ‘ Company uses a subsurface wet-mining tech- 
fmpie to extract about 700 tons of Gilsonite daily 
Irnni its mine at Bonanza, Utah. 

Conventional mining methods were found un- 
suitable for mass output of Gilsonite because it is 
friable and produces fine dust when so mined. This 
dust can be highly explosive, fn the system now be- 
ln £ used, tunnels are driven from the main shaft 
bv means of water jetted through a M-in. nozzle 
under pressure of 2000 psi. The stream of water 
penetrates tiny fissures and the ore falls to the bot- 
tom «f the drift. The drifts are cut on a rising 
grade of about 2.5°. The ore is washed down to the 
uiain shaft where it is screened. Particles of sizes 
R nmll P r than % in. are pumped to the surface in 
water stream; larger pieces are hoisted in buckets. 
^ long rotary drill with carbide-tipped teeth is 
Use d to remove ore that cannot be broken with 
Wa, er jets. 

Cilsonitc is moved through a pipeline in slurry 
0rrn to a refinery at which the Gilsonite is dried 
an d melted, and then heated to about 450° F. The 
melted oil is fed to a coker and other processing 

Un * ts to make gasoline and other petroleum prod- 

ucts. 


North American tar sands. Strip and open-pit 
mining techniques have been established for the 
bituminous sands in the Athabasca region of Al- 
berta, Canada, where the largest deposits of these 
sands are found. Bituminous sand, also known as 
asphalt rock, oil sand, and tar sand, is impreg- 
nated with heavily viscous oil that can he extracted 
by various methods, including hot- and cold-water 
washing, solvents, centrifuges, and low-temperature 
distillation. 

Once the overburden, which varies in thickness 
from a few feet to as much as 1800 ft, has been 
removed (where not too thick), the sand can be 
stripped in some cases directly by a power shovel 
or walking dragline, in other cases, after a small 
amount of blasting. It seems unlikely that known 
underground mining methods could ever be used 
to recover more than 90% of the bituminous sand 
that lies under the heavier overburden, although it 
is known that some of the oil in these sands flows 
freely, leaving a possibility for some form of re- 
covery by drainage. 

Cities Service Research and Development Com- 
pany used a Krupp wheel excavator during test 
operations in the Mildred Lake area of the Atha- 
basca region beginning in 1958. The excavator was 
designed to remove the oil sand from the hank in 
the quarry and carry it to a mobile extraction unit. 
The digging is accomplished by six 1.8-ft 3 buckets 
mounted on a wheel. The loosened oil sand is 
dropped on the conveyor belts, which transfer the 
oil sand to the vibrating grizzly on the extraction 
unit. The excavator is capable of digging on a min- 
ing face 20 ft high by 30 ft wide by making three 
swinging cuts, each 6.6 ft high. The maximum cut- 
ting depth is 11.5 in. The mining capacity is 40 
tons/hour. The generator and diesel-engine drive, 
plus the necessary switchgear, starter batteries, 
fuel tank, and connecting lines, are mounted on a 
four-wheel trailer. All operating parts are en- 
closed in a sheet-metaJ housing for weather pro- 
tection, an important element in northerly loca- 



Fig. 4. Krupp wheel excavator is used to remove 
bituminous sand near Mildred Lake, Athabasca region, 
Alberta, Canada. (Cities* Service Co.) 
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Fig. 5. Sketches illustrate method of conducting oil 
mining operations in the Pechelbronn field, Alsace, 
France. ( After G. S. Rice, U.S. Bureau of Mines ) 


tions. The trailer also is designed for easy move- 
ment across the mining fare. 

Mine draining of reservoirs. Drainage of oil in 
place, although less efficient than actual mining, is 
cheaper and can he carried out with much less risk. 
This method has been practiced for years in the 
Pechelbronn field and in the Wietze field, near 
Hanover, Germany. A similar venture was success- 
fully used in Ventura County, Calif., in 1866, as 
w T cll as in other states since then. 

In the Pechelbronn field, shafts were sunk to the 
level of the oil reservoir and drifts driven into the 
oil rock. Large drainage surfaces were available 
from wells drilled from the surface in previous 
years and later abandoned. Unreeovered oil 
drained down these abandoned wells into the mine 
workings, where it was gathered in underground 
storage sumps and then pumped to the surface. All 



Fig. 6. Diagrammatic illustration of unexcavated drain- 
age tunnels in connection with the Ranney system of oil 
mining. (After L C. Uren, Petroleum Production Engi- 
neering, Oil Field Exploitation, 3d ed., McGraw-Hill, 
1953 ) 


the tunnels driven from the shafts directly thrcuigb 
the oil rocks afforded drainage surface too. Tin* 
oil accumulated in a trench cut in the«floor ol ca« h 
tunnel. Oil flowed by gravity down these trends 
to the central storage sump. This method of n 
covery was so efficient that Pechelbronn lift aim- 
one of the largest mining projects in the woild. 
with more than 200 miles of tunnels in llnee *ci»a 
rate mines. In addition, hundreds of miles ■>( 
l.S 2-in. bore holes have been drilled for explore 
Tory purposes and to check for high-pressure 
or oil pockets. 

In another mining method that became rnoie 
prevalent after 1925 at Pechelbronn, tunnels were 
driven through the impermeable rock cap above tli'* 
oil sand, and at 58- ft intervals, 20-30- in. square 
pits were dug through the tunnel floor to the oil 
sands, usually 6 8 ft below. The oil drains into 
these pits, which are timber lined, and is lifted 
periodically by a pneumatic system into a pipeoae 
extending to surface tanks. 

One variation of this method, known as the 
Ranney oil-mining system, involves driving mine 
galleries in impermeable strata above or below the 
oil sands. These galleries are driven from shafts 
communicating with the surface. Holes are drilled 
at short intervals along these galleries and gas or 
oil is withdrawn through pipes sealed into the 
bore holes. These mine wells communicate with a 
system of pipe drains in the tunnels, leading to 
separate tanks from which the oil is pumped to 
the surface, or the gas permitted to flow to the 
surface. There are several other methods which a ff 
similar to the Ranney system in that they also P r0 * 
vide for oil drainage through holes drilled fr° ,fl 
mine tunnels outside the oil beds. 

Another method proposed for mining oil fr 0 ® 
partially drained sands involves drilling a 9 ' ia 
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Fig. 7- Sketch of the Wright system of draining oil 
sands by a series of bore holes drilled from a mine 
shaft (After L. C. Uren, Petroleum Production Engineer- 
ing, Oil Field Exploitation, 3d ed., McGraw-Hill , 1953) 

through the productive strata, followed by long, 
Wanting holes drilled radially in all directions from 
the shaft bottom into the oil sands. These bore 
holes can be js long as Vi mile, and 2 5 in. in 
diameter. This method was used in shallow oil 
namls in southeastern Ohio and in Pennsylvania. 

Selection of method. Use of the various mining 
methods depends largely on conditions found. They 
,nt- not usable where high gas pressures may be 
present. Water can likewise be a major problem. 
In some cases oil sands are poorlv consolidated, 
-o that they flow under pressure, making mine sup- 
ped difficult, if not impossible; in addition, these 
s^inds tend to mix with the oil. 

Where subsurface conditions are good, that is. 
where gas pressure is not high, water is not cx- 
'essiu*. and sand eonditions are favorable, mining 
fdii be used, provided costs can be kept at a com- 
petitive level. .SVe On. amd <;as wells. [ a.l.i*. | 

Bibliography : F. L. Hartley and C. S. Brinegar, 
Oil shale and bituminous sand. Energy Resources 
Fanfert nee, 1956; Synthetic Liquid Fuels , Annual 
Report of the Secretary of the Interior for 1955* 
Burt 77, Oil From i Shale , U. S. Bureau Mines 
Ib*pt. 5237, 1956; L. C. Uren, Petroleum Produc- 
tion Engineering , Oil Field Exploitation , 3d ed., 
1953. 

Oil sand 

A bituminous sand, asphalt rock, or tar sand ; a 
loose sand or sandstone impregnated with very 
viscous oil. See Asphalt and asphaltitf.. Among 
the best known oil sand deposits are those near 
Vernal, Utah, and those adjacent to the Athabaska 
River surrounding Fort McMurray in Alberta, 
Canada. 

The Athabaska tar sand is the largest deposit of 
this type known, having been estimated to contain 
fr °m 100,000.000,000 to 300,000,000,000 or possi-* 
bl > even 500,000,000,000 barrels of oil. Of this 
Quantity, only about 5,000,000,000 barrels of oil 
ca n be recovered by open-pit mining methods. The 
0r *gin of the Athabaska oil is unknown; some sug- 
gestions have been made that it is a naturally 
dipped petroleum reservoir (fossil oil field), but 
°ther work has indicated that it might be of non- 
Jtoarine origin and not directly related to petro- 
leum. 


A number of attempts have been made to recover 
the oil from oil sands by solvent extraction, hot or 
cold water washing, retorting, or centrifugal sepa- 
ration techniques. Once isolated, the oil can be re- 
fined by conventional processes. 

The total reserve of oil in major oil sand forma- 
tions of the United States has been estimated to be 
2,000,000.000 3,000,000.000 barrels. [i.a.b.1 

Oil shale 

A fine-grained, usuallv dark-colored sedimentary 
rock containing complex organic matter which, on 
heating, decomposes to yield oil (see Kkrogkn). 
Iii its purest sense oil shale is a commercial term 
used to designate those shales thut yield commer- 
cial quantities of oil (over 10-15 gal /ton). 

Origin and composition. Oil shales may he either 
marine or lacustrine in origin. Each shale repre- 
sents the slow accumulation of inorganic sediment 
together with the organic debris contributed by 
aquatic floral and faunal assemblages. A major 
contribution to the organic* constituents consists of 
the pollen and plant fragments carried into the 
sedimentary basin b\ wind or streams. Following 
deposition, this organic mass underwent biochemi- 
cal degradation under reducing conditions to yield 
a complex organic mixture (see Sapropei.). Where 
spores have contributed the major portion erf the 
organic detritus, the shale may take on the prop- 
erties of an impure cannel coal. Humic* substances 
derived from land plants mav contribute substan- 
tially to the organic constituents of certain shales. 

Most oil shales contain only small percentages 
(about 5 f r ) of organic matter extractable under 
the usual laboratory conditions. Most organic mat- 
ter is present in the form of high molecular weight, 
insoluble complex muterial. 

Quartz and silicate minerals, especially clays 
such as hvdrornica and montmorillonite, account for 
most of the inorganic constituents of an oil shale. 
These minerals are either supplied to the sediment 
by streams or, in the case of clays, mav be formed 
from cither minerals during the diagenesis of the 
sediment to produce the shale (see Diagknksis) . 
Pvrite or marcasite, along with minor amounts of 
feldspars, is usually present. Feldspars may also 
he formed in situ in a shale. The massive Green 
River oil shale of Colorado. Utah, and Wyoming i« 
in reality largely composed of dolomite and calcite 
in addition to clays and other minerals commonly 
associated with shales. 

Many oil shales are thinly laminated (Fig. 1). 
and parts of the Green River shale are known as 
paper shale; other shales exhibit a subconchoidal 
or conchoidal fracture. 

Oil-forming shales. Oil shales occur in many 
parts of the world, usually as relatively thin (sev- 
eral hundred feet » widespread formations. Some of 
the marine carbonaceous shales, such as the Mio- 
cene Monterey shale of California, are thought to 
have been source beds in which petroleum was 
formed; in others, such as the Chattanooga shale 
of the southeastern United States or the Swedish 
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alum shale, there is little or no associated crude oil 
and no indication that these shales were source 
beds. Little is known about the differences between 
shales that are or are not likely source beds, but 
these differences may be related to a great extent 
to types of organic matter present at the time of 
deposition. 

The reducing conditions necessary for the pres- 
ervation of organic matter in a shale-forming en- 
vironment arc conducive to the precipitation of 
available trace elements or the formation of certain 
minerals. Fyrite (FeSa) occurs in large amounts 
in most shales. The Kupferschiefer of Mansfeld, 
Germany, contains an unusually high content of 
copper, and the Swedish alum shale has been ex- 
ploited for its uranium content (about 0.04%). 
This shale also contains in its upper units small 
lenticular masses of organic matter, called Kolm, 
that contain up to 0.5% uranium. The Chattanooga 
shale, containing about 0.000% uranium, has been 
extensively studied as a potential low-grade source 
of this element. 

Current economic factors call for a shale to yield 
approximately 15 gal /ton of oil before it can be 
profitably exploited. During World War II, the 
Swedish shale, yielding about 12 gal/ton, was re- 
torted as a source of oil. The Eocene Green River 
shale averages 15 gal/ ton, hut selected segments of 
the formation, such as the Mahogany Ledge, aver- 
age about 30 gal/ton. Only this latter part of the 
Green River formation is considered to he of pres- 
ent economic significance. Most other shales of the 
United States yield an average of only 10-12 gal- 
lon of oil, making them commercially unattractive. 
Other shales, with indicated oil yields, are shown 
in the accompanying list: 


Source 

Oil yield , 
gal/ton (approx 

Scotland 

22 

France 

10-17 

Estonia (kukursite) 

48-86 

Australia (torhanite) 

80 180 

Manchuria 

15 

Sweden 

12-15 

Russia 

35-50 

Germany 

12 

England 

40 

South Africa (torhanite) 

106 

Canada 

22 


As indicated in the list, those shales with high 
yields of oil have been given special names indi- 
cating them to be somewhat out of the ordinary 
in appearance, origin, and composition. See Tor- 
bain it K. 

Recovery of Oil. Oil is generally recovered from 
shale by techniques in which the ground rock is 
fed into a retort, the distillate is condensed, and the 
gases are vented. Many retorts operate on a hatch 
basis and employ combustion of part of the organic 
matter of the shale to provide the heat necessary 
for distillation. The usual retort is able to handle 
40-50 tons of shale daily. Continuous-type retorts 



Fig. 1. Thinly laminated oil shale. (Union Oil Co. of 
California ) 

have also been used in which raw shale is fed into 
one end of a heated tunnel and expended shale is 
withdrawn from the other end. 

Recovery of oil from shale is dependent to a 
great extent upon the development of satisfactorv 
mining methods for the shale and upon mean< for 
the disposal of large quantities of spent shale (hoi 
shale ash). The U.S. Bureau of Mines has operated 
a demonstration plant at Rifle, Colo., for a number 
of years and has carried out considerable researrh 
on mining and retorting techniques for use with tin* 
Green River shale. The Union Oil Co., operating a 
pilot plant (Fig. 2) in Grand Valle?, Colo., de- 
veloped a daily throughput of 1200 toils of Omi 
River shale leading to production of 750 bid da\ 
of oil. 

i 



Fig. 2. Pilot-plant model of oil shale retort. Shale ,s 
fed at bottom and retorted in center section. (Uw<> n 
Oil Co . of California ) 
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To obviate mining and disposal problems, the 
Swedish Shale Oil Co. in 1944 applied the Ljund- 
•irom in situ method for the distillation of oil. Elec- 
trical heating elements are inserted into a hexag- 
onal pattern of drill holes sunk vertically through 
the shale bed, and the shale is gradually heated to 
K)O c C over a period of five months. The approxi- 
mate yield per square meter of the field is gasoline, 
515 liters; kerosine, 160 liters; heating oil, 350 
liters; liquefiable gas, 80 liters; sulfur-free gas, 
j, 50 liters; sulfur, 350 kg; and ammonia, 8 kg. 

The composition of crude shale oil depends upon 
(hp shale from which it is produced and the pro- 
duction method. The oil, which contains paraffinic, 
rtkhnic, naphthenic, and aromatic constituents, 
ma\ have a pour point ranging from 90° F (semi- 
.<.!id) to below 5°F There is usually a preponder- 
ate of straight-chain hydrocarbons ( approxi- 
mate H0 r r ) among the identifiable compounds in 
iiic distillate; sulfur compounds are mainly thio- 
(ihetiic. Conversion of most of the distillate to 
umtor luel can be carried out by thermal or cata- 
i\h< cracking, hydrogenation, or by other proc- 
i-ps common in the petroleum industry. See Pe- 
IHOl.Kl VI PROCESSING. 

Shalt* oil is a source not only of fuel but also of a 
p.ir alTin-t \ pe wax, tar acids, and tar bases. Tar 
old* consist of phenol, cresols. xylenols, and car- 
imwlic acids: tar bases contain homologs of pyri- 
•linc and quinoline. 

The reserves of shale oil have been conservatively 
'Miniated to be %0.00(),000.000 bbl for the Green 
liner formation alone; the rich part of the forma- 
lion. the Mahogany Ledge, has been estimated to 
ontain 90,000,000,000 bbl. The enormity of this te- 
'mc is fully grasped when it is realized that the 
niiiir world bus produced only 90,000,000.000 bbl 
■»f crude oil between 1859 and 1957. .See Min era i. 

HH. AREAS. fl.A.B.J 

bibliography: F. L. Hartley and C. S. Brinegar, 
Oil shale and bituminous sand, Sri. Monthly , 84: 
275-289. 1957; G. Sell (ed.). Oil Shale and Carmel 
f-W, vol. 2, 1951. 

Oil-field model 

^ s mal!-scale and commonly simplified replica of 
'nhsurface conditions of interest and value in pe- 
trolciim prospecting and oil-field development. The 
model has been applied by geologists to a sim- 
plified diagram and by mathematical physicists to 
A formal analysis with special boundary conditions 
an d related attributes. These and somewhat more 
<0In plex physical models have value in transmit- 
| ,r *g concepts and relationships to the nonspecial- 
H ' ^ )ut they are generally designed by geologists 
aru * petroleum engineers to aid investigation of a 
Particular problem. To do so, the model is either 
^alej to size, shape, and like attributes, or accord- 
ln ^° forces upon it. relative to its archetype. 
^ l * e “ sca lfid models. These are commonly mod- 
N °f ore and mineral bodies, and of those blocks 
° n >’hich surface topography and surface geology 
rf s hown on top and geologic cross sections on 


the sides, also to scale. Peg models are constructed 
for oil fields with wells shown as pegs or wires. 
Cut-out block diagrams are also used. Models of 
this kind are found in many geological museums 
and in mining companies’ offices. 

Forces and movement models. This type con- 
tains mobile material to simulate by its movement 
a movement that has taken place or will take place 
in the prototype. Transparent solid plastics have 
been incorporated in mobile parts of models for en- 
hanced internal visibility and to obtain photoelas- 
tic data. Such models are also used to make 
graphic representation of changes recorded from 
observations with geophysical instruments, for ex- 
ample, from microinstruments used to survey phys- 
ical response of a small mass in an artificial field. 
Force and movement models have come into use for 
study of movements of earth materials. By this, 
past changes resulting in present features can he 
made as dimensionally credible experiments in pe- 
riods tremendously short as compared with geo- 
logic time. Models with mobility are of three prin- 
cipal types. 

Fluid or fluids moving in porous medium. The 
models for study of fluid movement through a ge- 
ometrically stable medium have important applica- 
tions to hydrologic and petroleum engineering. 
The hydrologie case is mostly of an interface un- 
derground between fresh water and salt water 
caused by extraction or by injection of fresh water 
through wells. Where the interface owes its posi- 
tion to fresh-water- salt water patterns found in 
many coastal zones and along many shorelines, the 
setting is difficult to describe without a model. Such 
demonstrations have added to understanding of wa- 
ter conditions in California’s Santa Clara Valley 
ind other critical water areas. 

The petroleum-engineering application is to 
movement of fluid in respect to another kind of in- 
terface underground. This is between petroleum 
and natural gas, or both, and salt water, and espe- 
cially when petroleum is being extracted through 
wells and salt water simultaneously injected 
through other wells into the same porous stratum, 
sv. < hat the important flow is radial, that is, two- 
dimensional. 

The model used involves scaling down from the 
actual distance between wells in the oil field under 
study, and also the device of an analog for the 
fluids, whereby the pressure distribution in steady- 
state porous flow is exactly the same as the poten- 
tial distribution in an electrical conducting me- 
dium. 

Uniform high-viscosity materials. The second 
geologic realm where models are used extensively 
is that of the movement of large segments of the 
earth made of materials of essentially uniform higli 
viscosity, comprising nearly all rock species in the 
earth’s crust. This has little direct bearing on oil- 
field models. 

Adjacent materials of diverse viscosities. Among 
the movements of the earth which are of interest to 
geologists are those involving what may be called 
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soft layers between relatively hard ones. This is 
the realm where diapir structures are inferred to 
develop {see Diapikk; structures) and also their 
subform, the salt dome (see Salt dome). Because 
of the economic importance of salt domes and their 
associated oil traps, investigations with models 
have become widespread. 

L. I*. Nettleton produced a model for salt-dome 
formation using two viscous fluids of different den- 
sity to emphasize the role of the lower density of 
salt to that of adjacent sediments in the process of 
salt-dome movements. M. B. Dobrin made a paral- 
lel mathematical analysis. T. J. Parker and A. N. 
MacDowell extended salt-dome studies by using 
materials with higher yield points than Nettleton’s 
first model, and their model showed fractures above 
and around the “salt” analog in their model. 

Also in both the prototype and the model, bound- 
ary conditions modify vectors nearby. This seems 
particularly hard to handle in cases of hydrologic 
model study such as at the University of California. 
Models versus mathematical analysis. There 

is a possible alternative to the use of models — 
mathematical analysis, which is more attractive 
now that computing machines are available. Do- 
brin used this method for the case of Nettleton’s 
model investigation of salt dome. However, mathe- 
matical analysis is as yet a subject of controversy 
among physicists in many simple geologic set- 
tings; models are presently available and their 
value is acknowledged. 

Models are probably more helpful in educating 
the nonspecialist in geology; they present the 
earth features in a readily visible fashion easier 
to grasp than mathematical analysis. [p.we.J 

Bibliography : M. B. Dobrin, Some quantitative 
experiments on a fluid salt -dome model and their 
geological implications, Trans. Am. Geophys. Un- 
ion , , 22:528-542, 1941; II. E. MrKinstry et al.. 
Mining Geology , 1948; L. L. Nettleton, Recent ex- 
perimental and geophysical evidence of mechanics 
of salt-donie formation. Bull. Am. Assoc. Petrol . 
Geologists , 27(1) :51 63, 1943; A. E. Seheidegger, 
Principles of Geodynamics , vol. 1. 1958; D. K. 
Todd, Ground. Water Hydrology , 1959. 

Oil-field waters 

Waters of varying mineral content which are found 
associated with petroleum and natural gas or have 
been encountered in the search for oil and gas. 
They are also called oil-field brines, or brines. They 
include a variety of underground waters, usually 
deeply buried, and have a relatively high content 
of dissolved mineral matter. These waters may be 
( 1 ) present in the pore space of the reservoir rock 
with the oil or gas, (2) separated by gravity from 
the oil and gas and thus lying below it, (3) at the 
edge of the oil or gas accumulation, or (4) in rock 
formations which are barren of oil and gas. Brines 
are commonly defined as water containing high 
concentrations of dissolved salts. Potable or fresh 
waters usually are not considered oil-field waters 
hut may he encountered, generally at shallow 


depths, in areas where oil and gas are product 

Oil-field waters or oil-field brines differ widely 
composition and concentration. They may diffe 
from one geologic province to another, from on 
formation to another within a given geologic p rm 
ince, or from one part of a specific geologic hori»,„ 
to another. They range from slightly salty water 
with 1000-3000 parts of dissolved substances i n 
1,000,000 parts of solution to very nearly saturated 
brines with dissolved mineral content of more than 
270,000 parts per million (ppm ). 

The most common and abundant mineral found 
in oil-field waters is sodium chloride, or common 
table salt. Calcium chloride is next in ordci of 
abundance. Carbonates, bicarbonates, sulfates, and 
the chlorides of magnesium and potassium air 
present in lesser quantities. In addition to the a bow 
mentioned salts, salts of bromine and iodine u1m> 
are found. Traces of strontium, boron, copper, 
manganese, silver, tin. vanadium, and iron haw* 
been reported. Barium has been reported in nuin\ 
of the Paleozoic brines of the Appalachian region 
The commercial value of a brine depends upon tin 1 
concentration of salts, purity of the products to hr 
recovered, and value and practicabilit} of by-prod 
uct recovery. Concentrations less than 200,000 ppm 
are seldom of commercial interest. 

Classified genetically, oil-field waters are gen 
erally considered connate; that is, they arc wm 
waters which (presumably) originalh filled the 
pore spaces of the rock in which they are m>v\ con 
fined/ However, few analyses of these wateis cor- 
respond to present day seu water, thus indicati’u 
some mixing and modification since confinernen 1 
Dilute solutions suggest that rainwater has pern, 
lated into the rocks along bedding planes. iru<- 
tures, faults, and other permeable zones. Pre*eTK“ 
of carbonates, bicarbonates, and sulfates in an oil- 
field water further suggests that at least some m 
the water had its origin at the surfuce. Concriitr.i 
tions of dissolved solids greater than that of mod- 
ern sea water suggest partial evaporation of the 
water or addition of soluble salts from the adjacent 
or enclosing rocks. 

Waters in most sedimentary rocks increas" m 
mineral concentration with depth. This increase 
may be due to the fact that since salt water i" 
heavier than fresh water, the more dense solution 
will eventually find a position as low as possible in 
the aquifer. An additional factor would be the 
longer exposure of the deeper waters to the min- 
eral-bearing rocks. Exceptions have been noted an*, 
probably are due to the presence of larger quanti- 
ties of soluble salts in some geological formation-' 
than in others. 

Probably the most important geological use nt 
oil-field water analyses is their application to t f 
quantitative interpretation of electrical and neu- 
tron well logs, particularly the recently develop 
micrologs. In order to compute the connate water 
saturation of a formation in a quantitative manner 
from electrical data it is necessary to know wit 
accuracy the connate water resistivity. 
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Naturally mineralized waters are frequently the 
paters available for water-flooding operations. 
Water analyses are useful in predicting the effect 
( ,t water on minerals in the reservoir rock and 
' t } l( » mechanical equipment employed on the 

project. Waters which exert a corrosive action on 
!j ir imes and pumps or which tend to plug up the 
j ta \ -and are not suitable for water-flooding opera- 
tions 

Oil-field water composition may he an important 
factor in the determination of the source of water 
in oil wells which have leaky casings or in idenli- 
tving and correlating reservoirs in multi-pay oil 
particularly in those containing lenticular 
,j?ul bodies. 

Industrial wastes, including mineralized water 
produced with oil, may he disposed of in under- 
jjrMiwl reservoirs. Between the zone of potable 
water and the horizon ol commercial brines, there 
•‘ixiunonly are rock formations, the waters of which 
if,n1 ain chemicals in amounts sufficient to make* the 
waters unsuitable for domestic, municipal, indus- 
Pial. and livestock consumption, but not in suffi- 
i nut quantity to be considered as a source for re- 
nu'iv of chemicals. Provided there is sufficient 
pomsitv and permeability, these rock formations 
m Id receive industrial wastes which would con- 
l .ini mate surface streams and shallow, fresh groiind- 
vuler horizons into which they might otherwise he 
'.liM'liiirged. Srr Geopiiysh ai exploration ; Pr.- 
thoi.ei m geology: Well logging (mineral). 

I i\m. J 

Okra 

\ arm-season annual ( Hibiscus esrulenlus) of 
Ethiopian origin. Okra, also called gumbo, is grown 
t<»r its immature pods which arc generally used for 



Hibiscus escu/enfus. (a) Pods (fruits), (b) Leaf. 
^ r °m L. H. Bailey , ed.. The Standard Cyclopedia of 
^ Q rticulture, vol. 2, Macmillan, 1937) 


preparing soups, but are also eaten ae a freshly 
cooked vegetable. It is a member of the plant 
order Malvales and is related to cotton. Propaga- 
tion is by seed. Popular varieties are Clemson 
Spineless and Green Velvet. Okra is sensitive to 
low temperatures; commercial production in the 
United States is primarily in the South. Harvesting 
begins when the pods are 3 4 in. long, usually 
50-60 days after planting. Georgia, Florida, and 
and Louisiana are important producing states. See 
Cotton; Malvales; Vegetable growing. [ h.j.c.] 

Oldham’s coupling 

A flexible coupling that permits two slightly mis- 
aligned shafts to be joined. In the conventional 
form of Oldham's coupling, as illustrated, each 
shaft end is fiLled with a huh having a smooth slot 
or groove. A floating member with orthogonal 
ridges or tongues mates with the two hubs. The two 
degrees of freedom thus provided enable the cou- 



conventional Oldham's coupling 



modern coupling with Oldham principle 


Parallel displaced rotating shafts are joined by a 
coupling with a floating center member. 

pi mg to accommodate to axis displacement, but not 
to angular displacement. A similar action is pro- 
vided by a square block mating with widely slotted 
hubs. Adequate lubrication is essential to efficient 
operation . See Coupling ; Universal joint. [ j.j.r.] 

Oleate 

A salt or ester of oleic acid 

O 

✓ 

CH 3 (CH 2 ) 7 ch— CH (CH 2 ) tC— oh 

in which the acid hydrogen is replaced by a metal 
or an organic radical. Oleates occur in nature 
chiefly as the glyceryl ester, found in substantial 
amounts in animal and vegetable fats. A few of the 
simpler esters have commercial applications in 
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textiles, leather, and cosmetics. Alkali metal ole- 
ates are water-soluble and, with the similar stea- 
rates and palmitates, are the chief components of 
toilet and laundry soaps. Other oleates, such as 
those of aluminum, copper, calcium, mercury, and 
zinc, are insoluble in water and are used as dry 
lubricants, paint driers, water repellents, dusling 
powders, and medicines. See Carboxylic acid; 
Drier (paint); Ester ; Soap and detergent. 

[ F..H.H. I 

Olefin sulfide 

One of a number of organnsulfur compounds, 

H 2 C CR 2 


also called episulfidcs or thiiranes, that are 1 he sul- 
fur analogs of olefin oxides. A general synthesis in- 
volves reactions of thiocyanate ion with olefin ox- 
ides. The cpisu Hides are far less known than the 
epoxides, but have been extensively studied since 
1<J50. They undergo some reactions which are anal- 
ogous to those of epoxides, for example, ring open- 
ing with 11 Cl, HjS, RSI l, and alcohols, ROH. The 
tendency of olefin sulfides to polymerize (to poly- 
sulfides) is quite marked, however, and frequently 
complicates their use in other reactions. .See Ep- 
OXIDATION. [.N.K.] 

Oligocene 

The third of the five major world-wide divisions 
(epochs ) of the Tertiary Period (Cenozoic Era); 
the epoch of geologic time extending from the end 
of the Eocene to the beginning of the Miocene; the 
youngest epoch of the older Tertiary (Paleogene 
or Nummulitic). See Cenozoic; Tertiary. 



In 1833 the British geologist Sir Charles Lyell 
subdivided the Tertiary into Pliocene (youngest), 
Miocene, and Eocene. Subsequently, it was realized 
that certain contemporaneous deposits were being 
classified as upper Eocene by some geologists and 
as lower Miocene by others. Accordingly, as a re- 


sult of studies of these particular strata in (; er 
many and Belgium, E. Beyrich in 1854 proposal 
the name Oligocene and indicated that it wa> i„. 
termediate between the older Eocene and 
younger Miocene. The ensuing hundred year*, haw* 
witnessed the firm entrenchment of Oligorem* as 
the middle, world-wide division of the Tertiary. A1 
though the limits of the Oligocene are marked in 
places by physical breaks in the rock record, no 
physical change is present at other localities p r( q,. 
ably the majority, and thus, differentiation of Oli- 
gocene from the Eocene rocks below and the Mio- 
cene ones above may be diilicult. In such instance* 
identification of Eocene, Oligocene, and Mioicnr 
is primarily a comparative paleontologic problem. 

The Oligocene Series includes all rocks formed 
during the Oligocene Epoch, but the term is u*nl 
most specifically with respect to the sedinientan 
rocks formed during this interval of the T< rtian. 
Period. These latter contain the plant and animal 
remains which are the primary bases for the iden 
tification of Oligocene age. 

Strata. The Oligocene strata include all the com- 
mon sedimentary types, varying from marine 
through marginal-marine or intermediate to In 
restrial in nature. They are typically unconsoli 
dated to poorly consolidated and are wideh di* 
persed throughout the world. The terrestrial lied* 
are best known in the continental interior* while 
the marginal and marine beds are most widespread 
near the continental margins in the areas of lh- 
coastal plains and continental shelves. Especi.ilb 
noteworthy examples are present in (1) the Eulf 
Coastal province of the United States and Mcxim. 
(2) the intermontane basins of the North A men 
can Cordillera; (3) the North Sea area of north'*™ 
Europe, the Mediterranean Sea area of southern 
Europe and northern Africa, and the intranmti 
nental basins of central and eastern Europe and 
southern Asia; (4) the Siwalik region of the Hi 
malaya Mountains; and (5) the coastal region of 
South Australia. Most of the known marine and 
marginal Oligocene strata still are relatively flat- 
lying and occur near sea level, hut crustal disturb- 
ances have appreciably deformed some to consid- 
erable elevations. Others have been depressed or 
have subsided below sea level. The terrestrial 
strata were deposited above sea level in the conti- 
nental areas and, for the most part, have remained 
above this datum point. Ordinarily, they arc some- 
what more deformed than younger deposits ant 
less modified than older ones. They contain i TI1 ' 
portant quantities of oil and gas. potable water, in- 
dustrial rocks such as sand, clay, limestone. « r 
marl, and other products. 

Igneous rocks of Oligocene age include both w 
tru..ive and extrusive types, the latter being 
known because they commonly occur as laynrc 
volcanic materials at the surface and are therefore 
more- readily available for observation. Prominen* 
among the Oligocene volcanic deposits are the 
thick, fossiliferous ash beds of the American * a 
cific Northwest. 
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Fauna. Oligocene mammals are intermediate be- 
the archaic forms of the Pul eocene and Eo- 

|lP and the modern forms of the Miocene and 
pliocene. All of the families of mammals now liv- 
|M £ have Oligocene representatives, and very few 
,»t the primitive groups, such as the rhinoceroslike 
iicaiinthcres. survived. The earliest elephants and 
manlike apes are found in Oligocene deposits in 
Hurope and Africa. Tropical marine faunas be- 
anie more closely restricted to the equatorial 
j'.gum than they were in Eocene time. The Modi- 
icirancan-castern Atlantic fauna became progres- 
more differentiated from the western At- 
lantic (American) fauna during the Oligocene. 
vc Pmj ohoi any ; Pai.kontoi.ocy. 

| A. II XII . ; C.K.M.l 

Oligochaeta 

\ class of the phylum Annelida including worms 
mu h as the earthworms. These animals exhibit 
|>oth external and internal segmentation. Except 
hi tin* familv Brancliiobdellidae. they possess setae 
which are not borne on para podia. Oligochartrs 
ue hetmapbroditic. 'Pile gonads are few in num- 
jtcr and situated in the anterior part of the body, 
ihe male gonads being anterior to the female gon- 
id- The gametes are discharged through special 
ilmK the oviducts and sperm ducts. A clitcllmn is 
pii'-ent at maturity, in which the eggs are de- 
ixMu d in a cocoon. There is no larval stage during 
flcvclnpinent. 

The oligochaetes arc primarilv fresh-water and 
inirrnwing terrestrial animals. A few are marine 
rn«l several species occur in the intertidal zone, 
hirihvvnnns arc the familiar members of the class, 
liicv range in size from aquatic species which arc 
*1 r > mm long to giant earthworms several feel long. 

I here arc 21 families with over TOGO species. 

Body form and anatomy. Oligochaetes arc cylin 
‘hic.il. elongated animals with the anterior mouth 
iisitallv overhung by a fleshy lobe, the prostomiurn, 
ind the anus terminal, except in a few epizoie 
species. The body plan is that of a tube within a 
ff ihe. Externally, the segments are marked by fur- 
rows. Tin- setae or bristles, usually a pair of ventro- 
lateral bundles, are borne on most segments. Other 
'Eternal features are the pores of the reproduc- 
tne systems opening on certain segments, the open- 
of the nephridia, and in many earthworms 
pores which open externally from the 
Some aquatic species have extensions of 
the posterior part of the body which function as 
Kills 

liody wall. The body wall consists of a simple 
r °l ,j rnnar epithelium which secretes a thin cuticle. 

layers, and a lining peritoneum. The epithe- 
,u | m contains interspersed glandular and sensory 
i 8 - ^he muscles are arranged in an outer circu- 
ar a nd an inner longitudinal laver. Movement in 
terrestrial forms is accomplished by alternate con- 
ductions of these layers which produce a peristaltic 
jn°tion in which the setae aid forward progression 
^Pping the substrate. Other smaller muscles 



Fig. 1. Branchiobdellidae. (a) Pterodrilus alcicornus, 
lateral view, (b) Segments V and VI of P. alcicornus, 
showing reproductive structures, (c) Upper jaw. (d) Lower 
jaw of P. alcicornus. 

protract and retract the setae and are associated 
with the intestine and reproductive organs. 

Coelom. The cnelotn is filled with a fluid and 
segmentally partitioned in most cases by the septa. 
The alimentary canal passes through this series of 
spaces and is composed of a buccal cavity, pharynx, 
esophagus, and the intestine proper. In the earth- 
worms, a crop and a gizzard are often present. Vari- 
ous pharyngeal and esophageal glands may he as- 
sociated with tin* alimentary canal. In many of the 
larger oligochaetes the lining epithelium, com- 
posed of glandular and absorptive cells, projects 
downward from the dorsum as the tvphlosole which 
is a longitudinal fold into the lumen of the intestine. 
There are thin muscle layers in the wall of the in- 
testine and it is invested with a layer of modified 
peritoneum, the chloragogen. which has an assimi- 
lative and perhaps excretory function. The food of 
most oligochaetes is plant material ingested by a 
sucking action of the pharyfix. Only the members 
of the family Branchiobdellidae are provided with 
pharyngeal jaws and they and some other aquatic 
forms are carnivorous; a few others are parasitic. 

Nephridia and- excretion. Excretion in the oli- 
gochaetes is accomplished by segmentally arranged 
paired nephridia. Typically each is composed of a 
funnel, the nephrostome which opens into the coe- 
lom, and a variously coiled tube which discharges 
ventrolaterally to the outside. Differences in. the 
number of cells which compose the lip of the 
nephrostome are considered to be of taxonomic im- 
portance. 

Respiration. The exchange of respiratory gases 
is in general a function of the body surface. Some 
aquatic forms, Dero , have anal gills and some other 




receptacles 

Fig. 2. Lumbricidae. (a) The earthworm, Lumbricus ter - 
restris , external features, (b) Earthworm, diagrammatic 
cross section. Left half shows an entire nephridium and 
a dorsal pore; right half includes s$tae but no nephrid- 

Naididae circulate water in and out of the posterior 
part of the intestine. 

Circulation. The circulatory system consists of a 
main dorsal vessel, often arising from a perienteric 
sinus, in which the blood flows anteriorly, and 
various lateral, ventral, and subneural vessels. The 
blood contains a respiratory pigment, erythrocru- 


testes ovary sperm "'oviduct nerve cord ventral vessel 
funnels 


ium. (c) Earthworm, internal structures of anterior 
portion from the left side. (From T. I. Storer, Genera 
Zoology , 3d ed., McGraw-Hill, 1957 ) 


orin, and phagocytic corpuscles. The contraction «» 
the dorsal vessel or of lateral vessels, “hearts 
propels the blood. Sec Respiratory pigments. 

Nervous system. The nervous system is comp ose 
of dorsal cerebral ganglia, circumesophageal c ° n 
nectives, and paired ventral nerve cords with sefi 
mentally arranged ganglia which give off nerves to 









j |r |)o(|v wall and intestine. Sensory cells of various 
, v|) ^ arc located in the epidermis and some mem- 
J )|M , ( »t the Naididae have eye spots. Oligochaetes 
ar i to a wide range of stimuli. 

Reproduction. All oligochaetes are hermaphro- 
The testes are located anteriorly to the 
injr j ( >s and both are derived from the septal perito- 
nriim The gametes are liberated into the coelom 
ilf pouches thereof and reach the outside through 
, IfI0 .jsK differentiated ducts. In copulation sperma- 
ltl/oa are received in sperinatheca and at oviposi- 
non which occurs later, the clitellum secretes a 
, „ n ion into which eggs and spermatozoa are dis- 
.■hurjied. Embryonic development occurs within 
•| |t . cocoon and is of the spiral determinate type. 
In ihc families Aeolosomatidae and Naididae, 
sexual reproduction by a type of binary fission 
pat atomy ) occurs. .See Invertebrate kmbry- 
.ikm.v: Kkimouuk:tio!\. animal. 

Economic and theoretical importance. The oli- 
.iiM-liactes have been used in studies of physiology, 
riMu-neration. and metabolic gradients. Some aquatic 
■■•im- are important in studies of stream pollu- 
*]<• m indicators of organic contamination. Earth- 
woitn- uie important in turning over the soil and 
nlu* mg vegetable material into humus. It is likely 
ih.il fertile -oil furnishes a suitable habitat tor 
ulhworms. rather than being a result of their 


■ i !hlt\. 

I Stephenson and particularly W. Michnelsen 
Viw 1 m cii outstanding students of the zoogeography 
t nligochaetes. but much remains to be done in 
: lii fc - held. It is unlikely that the occurrence of ccr- 
t nil lamilies of earthworms in the Southern Henii- 
'piierc lend- < redence to the concept of continental 
•lull These families are more probably additional 
r \jimp|es of southern relict faunas. 

Classification. The Oligochacta have been con- 
ned with Polychaeta as an order of tire 
1 li.’iptopoda, and with the Hirudinea as an order of 
I .liteJIata. The nature of the reproductive system 
iin( l the absence of parapodia sharply set the oligo- 
luetfs apart from the polychaetes. The Hirudinea 
much closer to the oligochaetes, hut constitute 
1 homogeneous group long considered a separate 
hi's. The Oligochacta. therefore, are here treated 
d da^s of the phylum Annelida, coordinate in 
'‘tnk with the Polychaeta and Hirudinea as pre- 
proposed by G Pickford. Following Mi- 
'’twcUen. there are four orders of the class: (1) 
dp-inpora plesiotheca, microncphridiostomal, male 
|"*r^ on segment following the testes, and 
"I’Hnuilhecac in the region of the genital seg- 
(9) Plesiopora prosofheca, as for the first" 
except the spermatheca are a number of seg- 
*n front of the genital segments; (3) Proso- 
,lnr!l * mesonephridiostomal, male pores in the seg- 
nit ' nl the posterior testes; and (4) Opisthopora, 
l,l(, sunepliridiostomal. male pores opening poste- 
rior l\ to last testicular segment. 

1 h;ti the oligochaetes are descended from marine 
I’dvrhaetelike ancestors seems certain, but there 
K n “ agreement as to the relationships of families 
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within the class. Michaelson regarded the Aeolosa- 
lidae as primitive; Stephenson, the Eumbriculidae. 
and no definite solution of this question has been 
reached. | p.c.ll. | 

Bibliography : W. Miehaelsen, Oligochacta , in 
W. Kiikenthal and T. Krumhach. Handbnch Dcr 
Zoologic , vol. 2, 1928 1930; .1. Stephenson, The 
Oligochacta , 1930. 

Oligoclase 

A plagioclase feldspar with a composition ranging 
from Ah<ioAnio to AliToAn.in (Ah =- NaAlSi.<0.<, and 
An = Ca A l* Si-.: Ox). Natural material in the range 
from Abus to Ab S :i is usually submicroscopically 
unrnixed into domains of An-j and Aii 2 r»-:ui com- 
position. Oligodases and albites that exhibit a blue 
luster as a consequence of this unmixing are called 
perislerite. If FcvO* is present as thin flakes 
oriented parallel to certain structurally defined 
planes, such oligoclase is called aventurine or sun- 
stone. See Feldspar; Ohm ; Igneous hocks. 

. [f.la.J 

Oligomera 

One of the three subphyla of the phylum Vermes 
proposed in 1910 by O. Uutschli. The Oligomera 
comprised those groups with two or three coelornic 
divisions. The suhphylum was divided into four 
branches, the Tentaculuta which contained the ec- 
toproct Hryozoa and Phoromda, the Brarhiopoda. 
the Chaetognatha. and the Branchiotremata or 
hemichordatcs. See Am era; Polymeha. 

[C.B.C.1 

Oligosaccharide 

A class of sugars which consists of a few monosac- 
charide units. Those sugars containing up to 6 
units, many of which occur in nature, have been 
isolated as crystalline compounds. Fragments, ob- 
tained by controlled hydrolysis of various poly- 
saccharides with acid, consisting of monosaccha- 
rides up to 10 units, are also termed oligosaccha- 
rides. See Monosaccharide. 

Composition. The oligosaccharides may he con- 
sidered as glycosides in which a hydioxvl (OH) 
group of one monosaccharide is condensed with the 
reducing group of another, with the loss of n — I 
molecules of water ( n = number of monosaccha- 
ride residues) . Thus 

Cell i20c T CfjHjoOfi — l( 2 0 — Ci 2 H 22 (>n Disaccharide 

3C«Hi 2 0 6 - 2H 2 0 =- Cisll:j 2 ( >ic Trisaccharide 

If two sugar units are joined in this manner, a 
disaccharide results; a linear array of three mono- 
saccharides thus joined by glycosidic bonds is a 
trisaccharide, and so forth. On the basis of the 
number of constituent monosaccharide units, the 
oligosaccharides are classified as disaccharides, 
trisaccharides, tetrasaccharides, and so on. No 
sharp distinction can he drawn between the oligo- 
saccharides and polysaccharides; it is chiefly a 
matter of the latter's possessing higher molecular 
weights. See Polysaccharide. 
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Cellobiose (a form; * reducing group) 
(reducing disaccharide) 



Trehalose 

(nonreducing disaccharide) 


The oligosaccharides may he considered as gly- 
cosidic condensation products of the simple sugars, 
in which the second sugar unit serves as the 
aglycone group, that is the glycosidic hydroxyl of 
one of the constituent sugars is substituted in the 
same manner as is glueose in the and /?-methyl- 
glucosides. If the union oecurs in such a way that 
the reducing group of one of the sugars is left free, 
the complex sugar which is formed is reducing. It 
will mutarotate, form an osazone, and give the other 
carbonyl reactions of reducing monosaccharides, 
[f, on the other hand, the union between the sugars 
involves the glycosidic hydroxyl groups of all the 
component sugars, the oligosaccharide is nonre- 
ducing and will not give any of the reactions char- 
acteristic of a sugar with a free carbonyl group. 
The disaccharides, cellobiose and trehalose, both 
of which contain two n-glucopyranose residues, are 
examples of these two types of oligosaccharide. 
In the formula the asterisk denotes the reducing 
group. 

Most common disaccharides are dihexoses, al- 
though a few naturally occurring members of this 
group, such as primeverose, are known in which a 
pentose and a hexose are united together. The 
monosaccharide units of an oligosaccharide may be 
alike, as in maltose, which on hydrolysis gives two 
molecules of D-glucose, or different, as in sucrose 
or raffinose. Sucrose consists of n-glucose and 
n- fructose, and raffinose consists of n-glucose, 
n-fructose. and n-galactose residues. 

With the exception of n- fructose, the various 
monosaccharide residues comprising the naturally 
occurring oligosaccharides have the pyranose struc- 
ture, or a six-ineinbered ring. When n-fructose 
serves as the glycosidic component in an oligosac- 
charide, it always occurs in the furanose form. 

Besides the many known naturally occurring free 
oligosaccharides, a great variety of this class of 
compounds can he obtained by enzymatic degrada- 
tion. or by controlled hydrolysis of a polysaccha- 
ride with acid. For example, the treatment of starch 
with amylases produces maltose. Under certain 
conditions of acid hydrolysis, cellobiose can he ob- 
tained from cellulose. See Cellulose; Maltose. 

Nomenclature. Most of the naturally occurring 
oligosaccharides huve well established common 
names, such as sucrose, lactose, melizitose, raffi- 
nose. stachyose, which were assigned before their 
complete structures were known. Rational names 
which indicate the chemical constitution of these 


and the other known oligosaccharides have | UTn 
established jointlv by the American and hriii^h 
committees on carbohydrate nomenclature This 
nomenclature is now universally used. 

A reducing disaccharide is named as a glvn^l 
aldose (or glycosyl ketose) and a nonredueino 
disaccharide as a glycosyl aldoside (or glvco^i 
ketoside) from its component parts. Thus, tin* u 
ducing disaccharide o-lactose, consisting of d-^, 
lactopyranose united by a /?-gl\cosyI linkage t., 
C-4 of D-glucopyranose is designated as i-O-llu- 
galactopy ranosyl-nr-n-gluoopyranose. A nonredm 
ing disaccharide. such as sucrose, which com- 
posed of n-glucopyranose and n-fnictofuraim^ 
united hv o- and /^-glycosyl linkage**, js named 
o-i)-gluoopyranosyl-/?-D-fructofuranosMle, or /’ d 
fructofuranosyl-fv-u-ghicopyra noside. A gluo-uk 
of a reducing disaccharide. for example, metlnU 
lactoside. is designated as methyl-4-0-/ : ?-i>'gal;u !«• 
pyraifbsyl-a-D-glucopyranoside. See Lactose; R ai 
FI NOSE. 

For naming oligosaccharides containing moi- 
than two units, the respective positions involved ip 
the glycosidic linkages are indicated by two nnm 
hers and an arrow in parentheses. Thus, the i»* 
ducing trisaccharide, mallotriose. is defined a* 0 
o-n-glucopyranosyl- ( 1 — > 4* ) -O-o-D-glucopyratiosvI 
(1 — » 4)-«-i)-glucopyranose. 

Properties. Oligosaccharides have the same prop 
erties as their constituent monosaccharides, except 
as those properties may he modified by linking the 
units together. As an example, disaccharides show 
alcoholic reactions just like the monosaccharide, 
but the number of reactive alcohol groups i* 
smaller by 2 than the sum of the alcoholic group* 
of the two monosaccharides. This is because one 
hydroxyl position from each monosaccharide unit 
is involved in the linkage between the two units that 
constitute the disaccharide. and is not reactive 


until after hydrolysis. A hexose molecule can f° rn j 
a pentaacetate by replacement of 5 hydrox'i 
groups, but if 2 hexoscs are joined to form a !*• 
carbon disaccharide, 2 hydroxyl positions disap- 


pear by union, and only 8 of the original 18 
available for replacement; consequently, the ml) 
acetylated disaccharide is an octaacetate. 
larly, methylation takes place to the extent of M 
t rockicing 8 methyl groups in a 12-carbon disaccha 
ride molecule. I t 

Bibliography, Chem. Eng, News , 31:1776, 19« 


/. Chem, Soc . (London), pp. 5108-5121, 1952. 
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Oiigotrichida 

V minor order of the Spirotrirha. If somatic cilia- 
turc is present, it is sparse. The bodies are round 
n , jos*' section, and the adoral zone of mernhra- 
m .|| r s is often highly developed at the anterior, 
„r oral, end of the organism. Species are found in 
Ircsli- and salt-water habitats, and none occur as 



Haltena , an example of an oligotrichid. 


P'riiHles. Halt* rut (sec illustration) has long bris- 
i b*s w hicli arc used if) a kind of jumping movement, 
s tinmhitlium another frequently encountered 
cie* .See MMKOTRK.il A. |j.o.C. | 

Olive 

I hi* evergreen olive, Olea enropeac , is among the 
I, i"-l important of the subtropical fruit crops of tlic 
Mediterranean region (.see Kveklkeen plants). 
li )*■ gimvn commercially in the United States only 
in California, where the annual production has a 
'alue of $9,()()0,()00. A considerable number of the 



I in. 




(From L. H. Bailey, ed.. The Standard Cyclope- 
10 of Horticulture, vo /. 2, Macmillan , 1937) 


small white flowers borne in the spring frequently 
contain pollen only, hence are unable to produce 
fruit. Pollination is by wind. The fruit is a drupe 
of high oil content ( 40-65 % ) which is expressed 
by mechanical means. A bitter ingredient must be 
removed by soaking in lye before the fruit is edible 
( see Fat and oil, edible). Many varieties are 
grown for oil or processing or both. The queen 
olive refers to the large fruits of any variety used 
for food and eaten either green or black (ripe). 
See Fruit (trek). [c.a.s.] 

Olivine 

A name given to a group of magnesium-iron silicate 
minerals crystallizing in the orthorhombic system. 
Crystals arc usually of simple habit, a combination 
of the dipyramid with prisms and pinacoids. The 
luster is vitreous and the color olive-green, giving 
rise to the* name olivine. Hardness is 6 r (>~7 on 
Mohs scale; specific gravity is 3.27 -3.37, increas- 
ing with increase in iron content. See Silic.atf. 
minerals. 

Olivine is a ncsosilicate with composition 
( Mg, Fc ) L .SiO It coin prise's a complete solid solu- 
tion serif's from the pure iron member fayalite. 
Fc-jSiO*, to the pure magnesium member forsterite, 
MguSiOj. Minerals of intermediate composition 
have been given their own names but are usually 
designated simply as olivine. The magnesium-rich 
varieties are more common than those rich in iron. 
The minerals tephroife. Mn>SiOi. monticellite, 
CaMgSiOj, and larsenite, PbZnSiOi. although not 
in this chemical series, are sometimes included in 
the olivine group. 

Olivine is found in some crystalline limestones 
lmt occurs chiefly as a rock-forming mineral in 
igneous rocks. It varies greatly in amount from an 
accessory to the main rock- forming constituent. Al- 
though it may he present in granites and other 
light-colored rocks, it is found chiefly in the dark 
rocks such as gahhro, basalt, and peridot ite. The 
rock (Junife is composed almost completely of 
olivine;. 

Olivine is one of the first minerals to form 
upon crystallization oi a magma. It is believed that 
this early-formed olivine accumulated through the 
process of magmatic differentiation to form the 
large dunite masses. The type locality is at Dun 
Mountain. New Zealand: the rock is also found 
with corundum deposits in North Carolina. See 
Macma; Peridotite. 

Olivine alters readily to serpentine, a hydrous 
magnesium silicate. The alteration may take place 
on a large scale to form great masses of the rock 
serpentine, or on a small scale to form pseudo- 
morphs of serpentine after single crystals of oli- 
vine. See Serpentine; Skrpkntinite. 

At a few localities, notably on St. John’s Island 
in the Red Sea and in Burma, olivine is found in 
transparent crystals. These are cut into gem stones 
which go under the name of peridot. Olivine is a 
major constituent of many stony meteorites (see 
Meteorite). [c.s.hu.J 
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Omega 

A long-distance continuous-wave navigation system 
of the hyperbolic type. This system utilizes fre- 
quencies in the 10 14 k c hand. Emissions are from 
three or more stations, which are synchronized in 
phase. The transmissions from the stations are se- 
quential and are followed bv transmissions on a 
second frequency which is separated from the first 
by 500 cycles. All transmissions of the carrier fre- 
quency phase are stored by means of crystal oscil- 
lators. The phase differences between the 500-cy- 
ele heat notes are utilized to produce hyperbolic 
lines of position of relatively low accuracy. High 
accuracy is obtained by comparison of the phases 
of the carrier frequencies. .See IheKKltOLic \\\i- 
(rATUlN SYsTKW. | l\ C. SXMlltl- ITo] 

Oncology 

The study of the causes, development, character- 
istics. and treatment of tumors. The word tumor is 
synonymous w'ith neoplasm. Tumors are new 
growths of masses of tissue cells in excess of the 
needs of the tissue from which flit* cell masses aie 
derived. The excessive growth is incompatible with 
the function of the tissue of origin and persists 
after the cessation of the initiating stimulus. The 
cells have a diminished response to the mechan- 
isms that regulate cellular growth and function, 
and they achieve relative autonomy within the host. 
The parenehvrna of a tumor consists of the ab- 
normal cells, whereas the stroma is its supporting 
network of connective tissue and blood vessels. 
Neoplasia is a disease of the cell that is transferred 
to the descendants of the cell. Every l\ pr of body 
coll that is capable of proliferation is capable of 
producing a tumor. Based on cellular sti m im e 
and growth potential, tumors are divided into two 
general groups: benign and malignant. Sec 
oi’i.\sn. 

TUMORS 

Benign tumors are umkiIIv slow-growing, local- 
ized. and circumscribed. Microscopically they have 
a relatively oidcrlv utchitccliire. and the cells gen- 
erally resemble adult body cells. In contrast, 
cancers arc malignant tumors regardless of their 
appearance or tissue of origin. They tend to grow 
rapidly, to invade surrounding tissues, and to 
spread to distant sites in the bodv. Microscopically, 
cancer cells usually do not resemble adult cells, 
and the tissue architectural patterns are often 
absent (see illustration). The smooth glisten- 
ing lining of the rectum with orderly folds sur- 
rounds a cauliflower] ike mass of dull gray adeno- 
carcinoma. The anus shows normal pigmenta- 
tion. The rectum has been opened along its axis. 
When lesions such as the one shown are seen 
under a microscope, the orderly functioning glands 
of the lining of the rectum contrast sharply with 
the deep blue irregular cells of the cancer, which 
form glands having deranged size, shape, and 
position. 


The details of the basic process whereby normal 
body cells become malignant are unknown. Mam- 
predisposing and contributing factors have 
discovered. ' 

Tumors are ubiquitous in mammals and repre- 
sent a problem equal to anv in biological research 
and medical care. All extensively studied species of 
higher animals have been found to develop tumors 
Tn man. cancer is second only to heart and vascular 
diseases as a cause of death. About 450,000 nc* 
cases of cancer are diagnosed each year in the 
United States, and about 260.000 of these people 
will die of it. At this rate approximately one of 
every five persons living today will ultimately die 
of cancer. Though cancers may start at any age. 
thev occur with progressively increasing freqtienn 
in age groups l.evond 40. In men the five most com- 
mon sites for cancer are skin, lungs, prostate, stom- 
ach. and intestines. Tn women they are breast, 
uterus, intestines, skin, and stomach. 

Characteristics. Benign and malignant tumor* 
have some attributes in common. Both mav begin at 
almost any site wit bin the bodv. One cell or a small 
group of cells may begin to proliferate in an 
autonomous manner. Uonsequentlv. tumors an* pri- 
marily composed of living cells, and they arc dc. 
ranged descendants of body cells. Though more ur 
Ic^s resembling the cell of origin, tumor crib umi- 
allv var\ from the normal in si/.e. shape, and st lin- 
ing properties and have defective phvsiral and 
spatial relationships with the surrounding tissue 
Most/significant is their accentuated proliferative 
vigor. This is a basic feature of all tumors, for vv ii h- 
out it. the prime characteristic, growth, would W 
lacking. Mormallv. cell proliferation is in equilih 
rium with cell loss. This meets tin* bodv's need" 
for maintenance and icpair of tissues and oigan- 
Tumor cells proliferate without regard for the de- 
mands of the body cconoinv and often to the dctn- 
menl of normal tissues. They also have a ruri'»u* 
priority on nutrients within the bodv. A per-un 
dying of earner may be severelv malnourished: vet 
the tumor tissue selectively and with great piinrih 
acquires the meager nutrients available and con- 
tinues to grow. Some benign tumors behave simi- 
larly. Lipomas, benign fattv tumors, will continue 
to accumulate fat after the host has become starved 
and emaciated. Tumor growth tends to he progres- 
sive and without limitation, though long periods of 
quiescence may intervene between periods of rapid 
growth. 

The physical form of benign and malignant 
tumors may sometimes be similar. When a tumor 
grows from a body surface such as the skin, the 
lining of the gastrointestinal tract, or uterus, rt 
mav heroine pedunculated in shape and have a thm 
stalk. This is called a poly r p. The illustration 
shows an adenomatous polyp of the stomach. Ne® r 
the junction of the milky white esophageal lining 
and the stomach lining is a shiny, smooth, benign 
polypoid adenoma with a thin stalk. 

The term polyp refers to physical shape ratne 
than growth potentialities. Tumors may be solid nr 







ff the cells are derived from secretory 
..laiulular tissue, abundant secretion may accumu- 
in the glandular spaces. This results in a cystic 
.ipucarance. Pressure within a tumor may strangu- 
I ltr snrne blood vessels, causing the death of some 
'Phis may also produce a catlike appear 
j„rr. A tumor with cystic change should not be 
.Hi, lilted with nonneoplastic simple cysts. The 
j i( lti-i hick o\ergrowth of tumor cells. 

Rftiign tumors are composed of cells that usually 
i’Iim'I \ resemble the tissue of origin, and differ 
l f ,,ni normal tissue primal il\ in general architec- 
ture and excess of cells. Bronchial adenoma is 
, 1 ,'iw u in the illustration. Microscopically. orderly 
.liiiin- uf cells are lined up like picket* in a fence 
in llii" benign tumor. It has a capsule of connec- 
ter tissue. Ibis is in contrast with malignant 
Jjmlnlar tumors ( adenocarcinomata I . The slowly 
■ vpumliiig m x-*s of cells compresses the surround- 
ing ihsue**. The growth tending to he cenhipcta! 
mmI cohesiv e is therefore well demarcated from the 
->ii MH inding tissues. Frequently, compression and 
-.wi^iow tli of the adjacent connecti\e tissue prn- 

• 1 ; ■ i ,*- j capsule. Benign Illinois are dependent on 
i hr -Inuna of the site of origin and do not imadc 
l hr -m rounding tissues or spread to distant sjies. 

• ■rowing progrtssi\el\ and unrestrained In l»od\ 
tr.iil.ihir\ mechanisms, the mass may attain a 
o-i \ huge si/e. Tumors weighing more than SO 11, 
ii i\ r hren I ecorded. 

IfiMlIi is rarely caused by benign tumors. If in- 
« | l ,, i|iMleh excised then mav recur. If not excised 
!li* j v mn\ achieve a si/c which interferes with the 
'■in, lion of an organ and tesulfs in a health hazard. 

I "f example, a benign adenoma in the broil bus 
"u\ achieve siiilicimit si/e to obstruct the flow of 
,ii to the lungs. A uterine leiomyoma (fibroid) may 
|,# '<» -ituated as to cause hemorrhage. 

Malignant tumors (cancers), on the other hand, 
'’•uc in addition to some similarities with benign 
tnmor-K manv unique features. The three caidinal 
ptojuTlies of malignanrv are anaplasi ( a, invasion, 
■ind metastasis. These properties refer to the ap- 
l" ,, irancc and behavior of cancer cells in which 
u-nully differ grcatlv from benign tumor cells 
'" rt ‘ illustration). They reflect the independence 
"f «ancer cadis, the ability to grow at sites other 
than the locus of origin. 

Iftttpfttsift. Anaplasia is t he structural aberra- 
1,0,1 uf cancer cells wliicdi results in a more primitive 
'Hnhrvonicl appearance and diminished or absent 
u Jult func tion. Their size, shape, staining proper- 
,M, “- and spatial relationships to one another are 
"dually markedly deranged as shown in the illu«- 
tiatiun of anaplastic carcinoma cells which are 
M ' ni hi a lymph node. They are relatively large, 
lri «'gnlar in shape, with large irregular nuclei 
“tamed deep blue. These anaplastic cells bear no 
r,1 * s emb| a nee to the breast tissue from which they 
Urr,i derived. Anaplastic cancer cells bear scant 
^einhlance to adult forms. Generally with greater 
l,1 f!rees 0 f anaplasia the growth rate increases, 
^ever, notable exceptions exist. Anaplastic 
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cancer cells lack orientation with respect to the 
tissue as a whole. Instead of an orderly spatial 
arrangement their distribution is often jumbled. 

Invasion and metastasis. Two consequences of 
the development of autonomy by neoplastic cells 
are invasion and metastasis. These newly acquired 
properties of neoplastic cells are responsible for 
destructive growth, and spread to the detriment or 
death of the host. Some cancers appear to he in- 
dependent of regulation from their inception, and 
are able to invade and metastasize immediately. 
Other-, undergo a stepwise sen*'* of preeancerous 
change before becoming autonomous (malignant). 
Sometimes this niav take manv years. Repeated 
studies of cells from uterine cervix lesions reveal 
that thev mav resemble cancer for 8 10 vears be- 
fore aduallv becoming cancer with consequent 
invasion and metastasis. In some tin* evolution to 
ejneer mav never occur. Progression is not in- 
evitable. In some progression is very rapid. Kven 
when the borderline of cancer is crossed and the 
preeaneerous Irsion has be« nine cancer, the rate of 
invasion and metastasis ran he extremely slow at 
first. Onlv later when these cancer cells have 
undergone further evolution do they invade and 
metastasize with gieat rapiditv and lead to a fatal 
oiileome. 

Invasion pieeedes metastasis in tumor progres- 
sion to autonomous growth. Individual or small 
groups of eaneei rolls, no longer dependent on 
their sitr ol origin foi survival, are capable of in- 
filtrating the surrounding host tissues and remain- 
ing viable. \s port raved in the illustration ol the 
epidermoid carcinoma of the skin, carcinoma cells 
have invaded the connective 1 issues beyond the 
edges of the original lesion. The basement mem- 
brane. which nonuallv \< a surface' interface 
between epithelial cells and connective tissue, lias 
been breached. Cancer cells have les^ mutual 
eohesiveness than the cells from which they ate 
derived. Thus they can be more easily separated 
from the original mass. The cancer cells behave as 
though thev are no longer capable of recognizing 
the connective tissue environment as foreign and 
disseminate within it freely. 

Innumerable capillary and lymphatic channels 
are dispersed throughout the body. Tin* invading 
cancer cells may encounter such a channel after 
migrating less than a millimeter. Once within a 
vessel, the cancer cells are dispersed bv the stream 
of blood or lymph throughout the body. Tn order 
to establish a metastasis (secondary site of cancer 
growth), the cancer cells must he capable of ob- 
taining sustenance while flouting freely in the 
blood stream, must overcome the host’s immune 
and inflammatory mechanisms of destroying them, 
must lodge in the w r all of a vessel, and must obtain 
a stroma at the foreign site. The illustration shows 
liver metastasis derived from an epidermoid 
carcinoma originating in the right lung. The large, 
gray cannonball-like masses of lung cancer shown 
are the result of the extensive proliferation of 
cancer cells that previously had circulated to the 
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liver as microscopic clumps. After a cancer has 
metastasized, excision of the primary site of 
cancer, the lung in this case, has no significant 
effect on the growth and destructive behavior of 
the metastasis. 

Pseudotumor. P*cudotumor is a term sometimes 
applied to nonneoplastic masses of diverse types 
and causes. They differ from benign and malignant 
tumors because they are self-limiting and are the 
body’s attempt to reestablish equilibrium in re- 
sponse to injury. Tissue swellings as a result of 
inflammations are common. 

The orderly overgrowth of tissues to meet 
an unusual bodv demand is termed h\ perplasia. 
The growth of a skin callus on a laborer's hand is 
an example. Excessive skin growths in i espouse to 
certain infectious agents are cond\lomas. Simple 
cysts are another type of pseudotumor. They are 
accumulations of nonviable material, often fluid, 
within a cavity surrounded by a definite wall. This 
often occurs as a result of obstruction of a glandu- 
lar duct preventing the egress of secretions. See 
Hyim-.him asi\. 

Classification. Because of then widely differing 
growth patterns, each type of benign and malignant 
tumors has a different implication of illness and 
life expectancy, ft is natural, therefore, that on- 
cologists expend considerable effort attempting to 
classify them systematically. The aim is to group 
tumors of like form and behavior together in each 
category. I In fortunately, attempts at systematic 
classification are only partially successful for two 
major reasons. First, tumors of innumerable types 
occur: the gradations in appearance of each tvpc 
merge one with the other so that establishment of 
categories must often he arbitrary. Second, to ob- 
serve the static form of cells mirroseopieallv, then 
to infer growth behavior, is fraught with inaccu- 
racy, Though anaplasia is often correlated with 
malignancy, numerous notable exceptions exist. 
Thus many tumors defy classification, for they 
have features in common with several categories. 
.Sec Ax APLASIA. 

hi spite of these limitations, the classification of 
tumors has practical utility. Ideally, the classifica- 
tion of tumors on the basis of cause would be ino*t 
valuable, for therein lies the hope for cancer pre- 
vention. Tin fortunately' so little is known about the 
genesis of cancer that this method of classification 
cannot be used. 

Carcinoma. The table is a commonly used list of 
tumors based on the tissue of origin, cell type, and 
the presence or absence of malignant features. 
Those tumors derived from the internal and ex- 
ternal body surface coverings and their derivatives, 
such as the skin, sweat glands, breast, and lining of 
the respiratory, gastrointestinal, urinary, and geni- 
tal systems, are epithelial tumors. Malignant tu- 
mors derived therefrom are called carcinomas. 
When a carcinoma takes origin from the skin or 
comparable epithelium, it is called epidermoid car- 
cinoma. Benign skin tumors are called papillomas. 
When malignancies are derived from glandular 


epithelium, they are called adenocarcinoma*. *\ f ] p 
nomas are benign glandular tumors. For example 
a benign tumor of bronchial glands is called -j 
bronchial adenoma. A malignancy derived f r( , m 
these glands is called bronchial adenocarcinoma 
Though remotely descended from embryonal eet». 
derm, tumors of the nervous system have mam 
features peculiar to themselves and represent ■ 
separate subgroup. For the same reason turnon 
derived from the placental epithelium also form a 
separate subgroup. 

Sarcoma. The term sarcoma is applied to malijt 
nancies arising from the derivatives of embryonal 
mesoderm, such as connective tissue*, hone. mu. 
dc. cartilage, blood vessel*, and blood cell*. \ |». 
nign fibrous connective tissue tumor is a filuoma 
whereas a malignant one is a fibrosarcoma. The il- 
lustration shows a fibrosarcoma in which minn 
scopic streams of spindle-shaped cells are min- 
twined. Their appearance is in contrast with tin- 
carcinoma cells of tin* various carcinomata. A major 
subgroup is made up of tile tumors composed n| 
blood < ells, the lymphomas and leukemia*. \1i\nl 
tumor* and teratomas comprise a third major cutr- 
gory of tumors. They are composed of mixlim - <•: 
cells of the aboyc « ategories. In nil three calcgoii<> 
the Creek wend root “uma.” meaning tiunm. i 
applied to the end of the name of^tlie invoked 
tissue cell ty pe. 

The table lists only a feyy represenlaliy e tuning 

in each category. 

/ 

Tumor classification 


Tissue of origin Benign lunior Malignant Inmm 


Fpithelial tissues 

Skin 

Papilloma 

F.pidermoid e.ircinoni 

( Bands 

Nervous tissue 

Adenoma 

Adenocarcinoma 

Nerve cells 

Neuroma 

Neuroblastoma 

Support i\e cells 

( ilioma 

( iliohlnslonia 

Pigment cells 

Melanoma 

Mplanoeurciiinina 

Placenta 

Hydalidilorm 

mole 

Chorionic 

carcinoma 

Connective tissues 

Adult 

Fibroma 

Fibrosarcoma 

Embryonic 

M y vornn 

M yxosarcoma 

Cartilage 

C.hundromu 

Cbondrosaiciuna 

Bone 

Osteoma 

Osteogenic sarcoma 

Fat. 

Lipoma 

Liposarcoinn 

Smoot h muscle 

Leiomyoma 

Leiomyosarcoma 

Lymphoid tissue 
Bone marrow 

Lymphoma 

Ly m phosa rcom 8 
Leukemia 

Mixed tissues 

Ovary or testis 

Teratoma 

Teratocareinoni.i 

Salivary gland 

Mixed tumor 

Mixed tumor 


Basal cell carcinoma. One of the most comm 011 
tumors, the so-called basal cell carcinoma, i s n °| 
included in the table because of the difficulty ot 
classification. It begins as a small nodule in ” 1( 
skin which ulcerates, has a ragged, dirty, irregu ^ 
appearance, and gradually increases in size. 1 e 
tumor remains local, rarely if ever metastasiz^l-* 
but will invade, compress, and destroy surrounding 



(j^iirs. It erodes through cartilage and hone: hence 
term rodent ulcer is sometimes applied. There- 
f llT t\ l he invasive properties of the tumor are con- 
-iqeiit with malignancy. However, ils failure to 
, nf »r;^la-ize suggests a benign nature. As with 
oilier benign tumors, complete local excision ef- 
,V,-i- j complete cure. 

In contrast, epidermoid carcinoma is a truly 
malignant skin tumor. Tt may arise wherever the 
-i rati fu'd squamous type of epithelial cells may he 
[mind, such as skin, mouth, esophagus, bronchus. 
,„(1 uterine cervix. Reginning as an elevated. papil- 
lary. liard nodule in the epithelium, it more or less 
rl |iidl\ infiltrales the deeper connective and adi- 
|)os«' | issues, spreading to the regional Ivmph 
nodes. If the primary tumor is not treated, metas- 
ui^cs mav occui to internal organs, principally 
Ini.trs or liver 

Adenocarcinoma. Adenocarcinomas may arise 
wherever glandular tissue is found. They frequently 
i»m i in the breast, rectum, colon stomach, pan- 
. r»\i". piosiale. and uterus. Rreast adenocarcinoma, 
(h-i i\ **<1 from the lining of breast ducts, begins as a 
‘•mull, "ingle, firm nodule which has an irregular 
border It can he moved about onlv with difficulty 
md In a limited degree. Sometimes the nipple or 
o'.rihing skin will be drawn inward or il will have 
in orange peed appearanee. A very few will be 
p.iin till. 

Microscopically. breast cancers have a wide 
N.inelx of forms, some of which spread and me- 
t.Nasi/e with great rapidity, whereas others arc 
much more sluggish. They first metastasize to 
dm Ivmph nodes in the armpit and chest wall, 
later llicv mav spread to lungs, liver, or hones. 

I alike breast carcinomas, which arc often notice- 
i, l»lc when they are small, adenocarcinomas of the 
"don or rectum mav achieve considerable size 
! »efo» < * being discovered. They tend to infiltrate and 
metastasize with vigor. At the other extreme, ad- 
enocarcinomas of the prostate arc exceedingly 
■'amnion in elderly men. hut they uncommonly 
svmptoms or spread outside the prostate 

giand. 

Autopsy studies reveal that 20 r 4 of the men 
f,Vf ‘ l 1-() years of age have eells resembling latent 
adenocarcinomas of the prostate gland. A small 
percentage of these will evolve further into a more 
r, l»idl\ growing, infiltrating, metastasizing carei- 
diat produces urinary tract symptoms. Rarely 
m vounger men the latter circumstance may pre- 
v; dl from the tumor’s inception. Neuroblastoma, a 
malignant tumor derived from nervous system cells. 
ls the most common cancer of infants. Occasionally 
1 he tumor is present at birth. 

Lymphoma-leukemia tumors. The lymphoma- 
,(| hemia group of tumors has many unique tea- 
| 1,r cs. Delineation into benign and malignant forms 
ls difficult. Lymphoid tissues are specialized de- 

‘‘infants from the cells of embryonic mesenchyme 

Primitive connective tissue). These cells normally 
undergo a series of changes from mesenchymal 
'- ,,s reticulum cells to lymphoblasts to mature 
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lymphocytes. Aggregates of these cells are in the 
spleen and scattered throughout the body in small 
nodules called Ivmph nodes. Mature lymphocytes 
circulate in the blood as one type of white blood 
cell assisting in the hodv’s defense against infec- 
tions. Lymphomas are tumors that arise as defec- 
tive descendants of any of the above cell types, 
causing enlargement of the lymph nodes and 
spleen. If the cells cirenlate in the blood in large 
numbers, the process is railed lymphatic leukemia. 
Similar mesenchvmal cells located in hone marrow 
undergo a ‘cries of changes leading to the forma- 
tion of other types of white blood cells (myelo- 
cytes). red blood cells, and platelets. Leukemias 
composed of these white blood cells are called 
mvelogenous, whereas those from the Ivmph nodes 
are called lymphogenous or lvtnphoid. Those that 
proceed rapidly to a fatal termination are called 
acute. Leukemias are the second most common 
neoplastic- disease of children. The chances of cure 
are poor. Death often results from infections or 
hemorrhage. The defective lymphocytes lack the 
adult functions that make them protectors against 
infection. Secondary disturbances in the clotting 
mechanism mav lead to fatal hemorrhage. Tn 
elderly people the leukemia is often chronic and 
without fatal termination. 

ETIOLOGY 

Since tumors are of diverse types derived from 
virtually every tissue in the bodv and have a wide 
variety of growth patterns, thev might be expected 
to have more than one cause. Basically, the 
change from a normal cell to a neoplastic one in- 
volves a change in cellular heredity. The tumor 
daughter cells inherit their altered form and be- 
havioral pattern from limit parent cell and pass the 
alteration to subsequent cells. Tints, malignant 
cells are derived from previously normal ones. 
Ktiologv is the study of the causes of this trans- 
formation. The change front normal to cancer may 
he direct or it may involve a stepwise series of 
change. The interaction of .m appropriate etio- 
logic agent with susceptible tissue cells produces 
the neoplastic changes in form. The altered be- 
havioral activity of the cells occurs concomitantly. 
Carcinogenesis is the term applied to this process 
of change. How cells that normally divide their 
energy between proliferation (growth) and spe- 
cialized function (work) subordinate the latter to 
I lie former is not known. 

FACTORS IN CARCINOGENESIS 

The factors inducing the transformation of 
normal into neoplastic cells may he divided into 
intrinsic (genetic, originating with the body) *ind 
extrinsic (environmental). Although some aspects 
of how cells genetically regulate their synthetic 
processes and how external agents alter these 
processes are known, many of the major factors 
remain to he discovered. 

Intrinsic factors. The genetic concept of the 
origin of cancer is one of the first intrinsic 
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factors to lie considered. Many strains of mice 
have been selectively inbred so that they spon- 
taneously develop cancers or are susceptible hosts 
to which cancers can be transplanted. Human 
strains that are general I v cancer prone have not 
been found. However, some inherited diseases have 
an increased earner ineidenee. Familial polyposis 
of the* colon is inherited as a Mendelian dominant 
trait and is associated with a high incidence of 
i aneer. "Flic 1 development of a tumor is a mutation- 
like alteration in individual body c ells. The somatic- 
cell mutation like changes could be* induced by any 
of a group of external agents. These aliened cells 
fail to provoke the* usual immune response that 
normally destroys mirecogni/eel foreign cells. The 
cellular biosynthetic processes, being altered bv 
mutation, result in modified cell shape. See DOMI- 
NI AIN CK. KW.K.SSIVKNKSS. III. K INDUS (I ; MllATION. 

Hormones whic h have* been shown to have* a role 
in the growth of some cancers represent a second 
intrinsic factor. By chemically altering the internal 
environment, thev facilitate the development and 
growth of some tumors. The continued growth of 
some human breast adenocarcinomas is inhibited 
by removal of the ovaries or adrenal glands, two 
sites of hormone product ion. I infortunalcly . this 
response is often temporary. In men, removal ol 
the* testes, site* of male hormone production, often 
decreases the rate ol growth ol some prostate 
adenocarcinomas. Srr I Lou mom:. 

Extrinsic factors. Extrinsic agents proven to 
be associated with the production cd cancer arc* 
numerous. More ihan 400 carcinogenic agents are 
known, and others aic suspected. These involve 
virtually every aspect of the human environment. 
The agents include physical (radiation, thermal, 
trauma), chemical, viral, parasitic, and genetic*. 

finises. More than . r >0 years ago it was demon- 
strated that some spontaneous tumors in chickens 
are caused by viruses. Since then several type* of 
animal neoplasms have been shown to be* caused by 
viruses. These include* the* Sliope papilloma of 
rabbits, leukemia in chickens, and some breast 
carcinomas in mice. Viruslike particles have been 
observed in some* human neoplasms ( leukemia, 
Hodgkin's disease), but whether they have an 
etiologie role* remains to be proven. Many virolo- 
gists are* working em the* hypothesis that viruses 
mav infect some body c ells and alter th«*ir regula- 
tory mechanism, then become sufficiently similar 
to the cellular nucleic acids as to evade subsequent 
separation and identification ( become “masked’* ) . 
Cells appropriately altered would presumably 
undergo mutationlike changes leading to neo- 
plasia or would be* mote susceptible to other 
extrinsic agent*. .See Npclkk. acid. 

Radiation . An extrinsic carcinogenic agent of 
considerable public interest since the discovery of 
atomic fission is radiation. The types of high-eneigy 
electromagnetic radiations of carcinogenic interest 
are x-rays, gamma rays, electrons, neutrons, and 
protons. The frequency of radiation-induced can- 
cers in humans is difficult to assess because accu- 


rate information on exposure is usually la. kin, f 
Such factors as measured dosage of radiation 
whether exposure is intense for a short period uv 
light for a long period, volume of tissue exposed 
and type of exposure are usually not accuralcb 
known. Thus, most human cancers associated ^ith 
radiation arc poorly documented. 

One of the first recorded cases of radiation-in. 
duced cancer occurred in Hamburg. Cermanv. j, t 
1902. A young man employed in an x-rav tube 
fac tory tested the lubes by repeatedly x-rav ing In* 
own band. Ail extensive skin rash developed on hi- 
band and. after .4 vears. a cancer formed in the -kin 
of his hand. It metastasized to other regions af |,U 
body. Subsequently, cases of radiation-induced can 
cers of bones, lungs, skin, and blood-forming li> 
sues have been described. Most notable are tb** 
radium-dial painters. In the manufacture of luini 
nous wnlcli dials luminescent radioac tive uiiiteii.il 
was used. Some* painters pointed their brushes its 
wetting them with thcii lips. Malignant bone tn 
mors ( osteogenic sarcoma ) subsequently devclnpnl 
in main of l lie* exposed painters. Under prnpn 
conditions exposure* to the luminescent riiiileii.il i- 
luirmless bec ause the* dosage* is infinitesimal. 

Leukemias c an be induced in man bv radialimi 
but the* incidence in exposed people U \er\ low 
Many eases of leukemia oc cur spontancouslv with 
out radiation. The incidence* cd leukemias 
considerably with icspect to race*, social cla^-. .ml 
geographic loc ation. Thus, a group of people vdin 
happen to be exposed to radiation nuiv have .i 
higher incidence* of leukemias than lilt* genei.il 
population for reasons other than their c\|w»hio 
O ne such group are radiologists. 'Flu* survivoi- «*i 
tli** atom bombing cd Hitosliima and Nagasaki have 
had an inc reased leukemia rate. The* 194.001) r\ 
posed survivors had 94 cases of leukemia bv 19 n 
This 7 per 100.000 per vear rate compares with lli«‘ 
0.8 per 100.000 in the United Stales. However, i* 
one selects the population fiom certain cxpo-id 
zonc*s. the rate increases to 24 per 1 00.000 p 1 ’ 1 
vear. The statistics are strongly suggestive, but n<>l 
entirely conclusive, that a correlation exists, (an 
tinned observation of the* exposed individual* nun 
provide a definitive answer in the future. Man' 
types of cancers have been experimentallv induct 
in mice*, rats, guinea pigs, and rabbits by radiation. 
More* significant than the* cancers produced is tin* 
fact that so few of the total number of animal' 
exposed aetuallv develop cancer. Sunshine nu' 
also be a carcinogen. Light-complcxioned people 
have* a higher incidence of skin cancer on the e\ 
posed parts of the* body such as the face, neck o! 
hands than dec the pigmented races. This is h*’ 
cpiently seen in fair-skinned pcrqde who work in t “ 
direc t intense sunlight such as white sailors an 
farmers in the tropics. Whether cosmic ray** h:i' p 
an effec t or not is unknown. Sec Radiation in.H 1 *' 
(imoi.ogy): Ultraviolet radiation (biology). 

Chemical carcinogens. Carcinogenic chertiH* 1 ^ 
arc numerous. In 1774. Sir Percival Potts obseru 
that cancers of the scrotum occurred frequent!' 1,1 



I,ir„nf’\ sweep*. The ehemieal substance involved 
ttjl . isolated 140 years later by painting coal tars 
(lil ||h* ears of rabbits. Carcinomas were produced, 
subsequently numerous chemicals of the benzan- 
thracene group have been identified a* carcinogens. 

1 Vi excessively exposed to aniline (which is 

r , v irted in the urine) have 8.1 times more cancer 
„l f)ie urinary bladder than the general population. 
\ partial list of the hundreds of chemical* that 
, M raicinogenic in appropriate dosage includes 
|,rtaiiaphlh> famine, benzidine. some vital dyes. 

■ Inornate*. arsenic, nickel, and asbestos. 

VoiuL None of the standard loodstuffs, natural 
„r purified, have been shown to be carcinogenic. 
!> n au*e cancers derive their energy from the host, 
if might he expected that the nutritional statu* of 
i|w host mav in some wav afTect the neoplastic 
jiMM'Cs-. ()he*e people have a higher over-all run- 
»r iale than the general population. On tin 1 other 
h.ii'd. the high rate of liver eareinoma in some 
nnmilive tribes, notahlv the Bantu in Africa, has 
|, mi .isrrihed to malnutrition. 

Hr jmlhil inn . Atmospheric pollution 1 »\ indu*- 
! : 1 1 1 snot and vehicular exhaust ha* become a 

m. thlcm of increasing concern since the advent of 
miriful combustion engines. Although clearlv 

cases ot carcinoma caused by atmospheric 
ii"! 1 1 1 1 ion have not been found, population stati*- 
'n- -how the im idem e of lung carcinoma to hr 
•'i-hri in urban llian itital environments. Numerous 

* a rt inog(Mis have been identified in polluted air: 
Imwever. the do*age and condition* f » f exposure are 

understood. Obviously, urban and rural 

* hing difler in mam more respects than merely 
itmnspheric pollution, Therefore. inlerpi rtation of 
•Hide population statistic* mu*f he cautions. .See 
hr, mi i.t i nix coxtkoi . 

lohnccn. Tobacco is another potential souice of 
' heniical caicinogcns. Since 1900 the number of 
, l ,, «*lhs asciihed to lung carcinoma ha* markcdlv 
"“'•ea-cd. It is now the second most common type 
'd f, anrer in men. Statist ically the increase ha* 
I'liallcled the increase in cigarette smoking. 
y »\eral population studies in England and the 
^ niti-d State* have confirmed the correlation of 
'■igarette smoking with the incidence of lung ran- 
l,r - Individuals who smoke 20 10 cigarettes per 
have approximately twice the incidence ol 
'" n u cancer a* those who smoke 10- 20 cigarette* 
! ir r <la\. Tho*e who h a\e never smoked have 
eligible lung cancer. Pipe and cigar smokers 
l,hr a slightly higher lung cancer ineideiiee than 

n, ,, isrnokers. Experimental demons! rat ion of t h/i 

s, ,f,( 'fic agent in cigarettes and the mechanism bv 
" liii'h it produces lung cancer has not been ae- 
"•^iplished. 

it at ion and infection. Chronic irritation and 
1 broiti,- infections are agents which occasionally 
urr ils *ocia1ed with the onset of cancer. The site in 

* urinary bladder where the flat worm parasite 
'histosonui hew at obi um infests is often the site of 

'•nn-i.f formation (see Schistosomiasis). Lung 
'•Hirers occasionally originate in the walls of old 
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tuberculous lesions. In Kashmir, people .who keep 
w r arm by carrying a kangri, a wicker basket con- 
taining an earthenware pot filled with smoldering 
leave*, against their abdominal skin frequently 
develop skin cancer at this site. Though continuous 
or intermittent irritation for many year* has been 
associated with the onset of cancer, there is virtu- 
alls no evidence that single physical trauma such 
a* a bruise or contusion brings about cancerous 
change. The icported cases, after careful documen- 
tation. prove that tire trauma merely called atten- 
tion to a preexisting cancer. 

Research techniques. Extensive research on the 
etiology, carcinogenesis, and biologic behavior of 
turnoi* has been conducted since 1980. In 1965 
more than 1500 research project* attacking various 
aspects of tin* cancer problem were in progress in 
the l Suited Slates. If the < arises and mechanism of 
genesis ,,f tumor-, were better understood, the 
mean* of prevention could he devised. 

Major advances in three discipline* of biology 
have led to a new perspective in cancer research. 
Biochemical investigation* on the structure of de- 
oxvrihomieleu acid and the structure of its 
polvnur* have contributed much to our under- 
standing of tin* gene*. New investigative methods 
in genetic* have coiit r ihuted extensively to an 
undri -landing of how gene* regulate cell pro- 
liferation and synthesi*. How the normal cellular 
regulating mechanisms are altered by carcinogenic 
agents i- being studied by molecular biologists. 
.Sec Dloxv i< i isom (i*o Ann: (Iknk. 

Three technique* ol experimentation have facili- 
tated research on the biologic behavior of tumors. 
Tissue culture enable* scientist- to grow bits of 
tumor tissue in nutrient artificial media in glass 
containei*. Tlii* enables direct observation ot cell 
behavior in carefully controlled condition* for 
measurement. Secondly, tumor transplantation 
from our animal to another i* a useful tool in the 
studv of the host respon-es to the tumor, and the 
tmnoi's response to different ho-fs. Transplanta- 
tion experiment* have shown that the ability to 
rnetasfa*i/e and invade closely parallels tin* ability 
to attract or induce a *1 loma. The third method of 
studying the biological behavior of tumors i* the 
application of immunologic techniques. It attempts 
to measure tin* host’s development of immunity to 
tumor cell growth as a means of resistance. The 
immune me* turn ism i* presumed to be akin to that 
which oc curs with bacterial or virus infections. 

DIAGNOSIS AND TREATMENT 

The most important tumor diagnostic tool is the 
olde*f and simplest, a careful physical examina- 
tion. Tumors being space-occupying masses, they 
are frequently detected by direct vision or palpa- 
tion. Cancers ot the skin and female breast are 
among the most frequently occurring types. These 
sites are ideal for earlv diagnosis if appropriate 
attention is directed to them. Enlightened self- 
interest dictates that careful self-examination be 
done a* a means to’ early diagnosis. Physicians 
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often enhance I heir area of direct visibility by 
endoscopy. This is the insertion of an optical in- 
strument into body orifices (esophagus, trachea, 
ears, or urinary, genital, or anal passages) to 
render visible lesions at these more remote sites. 

Diagnostic 1 x-rays are another means of visu- 
alizing tumors. Blood chemistry studies and blood 
counts may at times reveal clues of the existence of 
a cancerous process. Because noncancerous lesions 
such as inflammations and degenerations may visi- 
bly resemble cancer, the diagnosis of cancer is not 
proved until a biopsy is done. \ biopsy is the re- 
moval of a small bit of tissue from a patient bv a 
surgeon who then submits it to a pathologist for 
examination. By appropriate processing and stain- 
ing. a microscope slide is prepared from the tissue. 
The pathologist observes the characteristics of the 
tissue under a microscope and informs the surgeon 
of bis findings. 

Since 1945, exfoliative cytology has gained ex- 
tensive use as an aid to the early diagnosis of can- 
cer. Cells that flake off from various body surfaces 
are stained and observed under the microscope. 
Illustrated is a Papanicolaou smear from the 
uterus observed microscopically, in which the ex- 
foliated normal cells surround several epider- 
moid carcinoma cells. The latter cells are variable 
in si ze, shape, and dark staining, and have large 
irregular nuclei. This smear was made from secre- 
tions during a routine physical examination. This 
technique has been most effective in the early diag- 
nosis of carcinoma of the cervix of the uterus. In 
this way precuncerotis lesions can also be found 
and treated. Therefore, a combination of intelli- 
gent self-examination, thorough medical examina- 
tion, and exfoliative cytology would enable the 
early diagnosis of most of the common types of 
cancer. 

The three major types of weapons for the treat- 
ment of cancer available to physicians are surgery, 
radiation, and chemotherapy. Complete surgical 
excision of a benign tumor is usually sufficient to 
produce a cure. Malignant tumors can also be cured 
if they have not infiltrated adjacent tissue or me- 
tastasized by the time of excision. Radiation ther- 
apy, including x-ray and radioactive metals (cobalt, 
radium, phosphorus, iodine, and others), has ap- 
plication in the treatment of many types of cancers. 
Strong beams of radiation are focused on the tumor 
causing the death of susceptible cancer cells and 
scar formation. Thus, radiation which may produce 
earn er at one dosage level can destroy it at an- 
other. Whether radiation or surgery or both are 
used in the treatment of a particular neoplasm de- 
pends on many variables, including the exact type 
of neoplasm, its size, location, rate of spread, and 
general condition of the patient. Different cancers 
differ widely in their susceptibility to destruction 
by radiation. Some are radioresistant. Others are 
radiosensitive. In general, the more anaplastic tu- 
mor cells are radiosensitive, and the more mature 
types of tumors are radioresistant. Numerous ex- 
ceptions to this rule exist. See Radiology. 


The development of chemical agents that sp] Pr 
lively destroy cancer cells and leave the body cp|| 
relatively unharmed is the goal of cancer r| u -m„. 
therapy. Four main groups of chemotherapy, ti, 
agents are (1) cytotoxic, mutagenic chernirah 
which are derivatives of nitrogen mustard"., < 9 , 
steroid hormones of androgenic and e«iro»e n j,- 
activity, (.3) antibiotics derived from a vatietv ( ,t 
bacterial and plant some?, and (4) antimet ahclity 
which are analogs of vitamins, purines. llm j 
amino acids. Specific agents from each group haw* 
application in the treatment of specific, types „f 
cancer. Kach on occasion may restrain the growth 
of cancer, at least temporarily, hut permanent 
c ures are infrequent. . | n. k. moth i 

BIOCHEMISTRY OF CARCINOGENESIS 

Carcinogenesis may he defined as the induction 
of neoplastic change in animal or plant tissue- \ n 
some agent. Carcinogenic* agents com prise a \ ariet \ 
of c hemic al c ompounds, eerlain viruses, and pli \ -i- 
eal agents such as ionizing radiations. Chemical 
earrinogens include a v ariet v of chemical gimij. 
ing*'. 'File best known air some polvevrlic and lirt- 
eroevelic* h\ drocarbons. some azo d\es. « f-rtdiii 
aromatic* amines, and some carbamate^. \ h*,h* 
of plasties that give* rise to malignant tum.-i- 
under very limited conditions of test are difficult to 
classify in this context as being either rlirmir.il 
e arrinogens or physical mediators ol this elTccl. 

The biochemistry of carcinogenesis is a diwi-r 
subject concerned with the metabolism of tlu* imli 
vidual agents. Because knowledge of the hinclicmi 
cal difference between normal and neoplastic 1 is-ue 
iv incomplete', no unified approach toward a clivi 
goal is yet possible. 

Biological response. The biological response t<» 
these agents is complex and depends upon the pi<‘- 
cise conditions of the test system. Potent com- 
pounds of the polycyclic hydrocarbon groups, siieli 
as 20-methylcholanthrcnc (1) and 3,4-l)cnzpvrnu‘ 
(IT), give rise to skin cancer (squamous cell ruin- 
noma) in many species when applied to the skin in 
relatively low dosage: tliev induce suhcutaneoii 
malignancies (sarcomas) when injected in the •*...» 
cutaneous tissues. As little as 0.4 micrograni of 
1,2.5,6-dihenzanthracene (III) is an active il'^ 
in the mouse. Similarly these agents will give rw 
to malignant tumors in many other tissue* 5 with 
which they may he placed in contact. These com- 
pounds also manifest remote effects; these are m 0 -" 1 
easily observed in special strains of animals. Lung 
adenomas occur following administration by ain 
route of these agents in Strain A mice; leukemia i- 
enhanced in the Ak and other strains. The a/o 
on the other hand, act largely when taken oralh 
inducing hepatoma in rats; they act in other *P C ‘ 
eies. too, but less potently. The aromatic anting 
are best known for their induction of bladder can- 
cer in the dog. Urethane, originally thought to gi' f 
rise only to Jung tumors (adenomas) is now kno^ n 
to he a versatile carcinogen, initiating skin f,,r 
cinogenesis and also giving rise to mammary t»* 
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mors and hemangioendotheliomas in mice. 

In a variety of studies of skin carcinogenesis in 
mice and rabbits, it has been found that a biologi- 
cal mechanism involving at least two stages may 
apply. Thus carcinogenesis may he initiated by a 
small, subeffertivp dose of a carcinogen, which 
gives rise to morphologically undetectable latent 
tumor cells that ma>, even after many months, be 
converted into actual tumors by a promoting agent, 
such as croton oil. that need not be one of the 
carcinogens. 

Investigations. Many pathway of chemical deg- 
radation of various chemical carcinogens have been 
elucidated. However, the investigator is still con- 
fronted with the major problem of differentiating 
between those changes that may be pertinent and 
those that may be quite irrelevant. Several of the 
polycyclic hydrocarbons have been well studied and 
follow similar pathways. Studies with 1,2,5,6-di- 
benzanihracene may be considered to be repre- 
sentative of this class of compound; hydroxy 
derivatives, some quinones. and a phenolic acid 
(lllu-r) have been isolated from urine, feces, and 
liver in various in vivo studies, indicating the di- 
versity of changes undergone. In addition, a di- 
carboxvlic acid (III/) formed at the reactive K 
region of the molecule has been isolated from 
treated skin. Interest has been manifested in this 
reactive* region ol the molecule, and physicochemi- 
cal speculations have correlated the free electron 
density at this site with carcinogenic potency. 

The binding of the-e carcinogens to protein of 
treated epidermis has been a subject of intensive 
investigation. It is thought by some researchers 
that combinations of these carcinogens with pro- 
tein may constitute an essential first step in car- 
cinogenic process: proof of this has been adduced 
from studies of series of compounds of varying 
carcinogenic potency. The quantitative aspects of 
binding have been c orrelated with cancer-inducing 
activity, but there are several marked exceptions to 
the correlation. It has been found that 1,2.3.4-di- 
benzaiithraeene (IV), a noncarcinogenic hydrocar- 
bon, binds strongly to proteins: other investigators 
have found that several other nonearcinogcns such 
as pyrene and anthracene may also bind. In any 
event, the nature of the binding and qualitative 
data on the nature of the protein entering into this 
combination is superficial. As yet this work must 
he considered tentative, and much evidence would 
seem to discount the possibility that it provides 
the essential mechanism of this process. 

Of the azo dyes, the most representative car- 
cinogen is p-dimethylaminoazohenzene (V). Simi- 
lar studies have yielded information on a variety 
of urinary and fecal metabolites. Similarly, a series 
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of studies has demonstrated that these dyes be- 
come bound to liver protein and that there is a 
quantitative relationship between the amount bound 
and carcinogenic potency. The studies of protein 


( CH:i ) ,j (v) 


binding in the liver preceded those in the skin with 
polycyclic hydrocarbons and have been carried fur- 
ther. However, in this instance, too, the nature of 
the jirotein involved is not yet determined and the 
data up to this time are still superficial. 

Bcta-nnphthylamine (VI) induces cancer of the 
bladder when given by mouth to the dog; in several 
other species it does not have this effect. It has 
been found that one of the urinary metabolites of 
this compound, 2-amino-l-naphthol, can induce 
cancer in the bladder of the mouse when implanted 
directly into the epithelium of this organ. It is, 
therefore, assumed that this compound is metabo- 
lized into the active carcinogen. In the instance of 
2-acetylaminofluorene (VII), many tumors are in- 
duced in a variety of organs when the compound is 
fed by mouth ; it is not active when given locally by 
injection. The deacetylated derivative 2-aminofluo- 
rene is, however, active by injection and it is 
thought that the first step in the development of 
the direct carcinogen is the deacetvlation of this 
compound in the gut. As with the polycyclic hydro- 
carbons and the azo dyes, protein-binding studies 
have been carried out with this compound and cor- 
relations established. Again their precise meaning 
awaits further studies. 
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In the instance of urethane (VIII), a more direct 
approach has been carried out than with any other 
carcinogen. Using a special technique of implant- 
ing the carcinogen together with a fragment of 
embryonic lung, it has been shown that the carcin- 
ogen does not act directly on the tissue. However, 
serum from a rabbit treated with urethane does 
contain a substance that has a direct carcinogenic 
action. Other evidence has been obtained that the 
action of this metabolite may he inhibited by con- 
current dosing of the animal with orotic acid, and 
from this it is suggested that this carcinogen acts 
on pathways of formation of nucleic acid. Other 
evidence that nucleic acids may be involved in car- 
cinogenesis has come from the .study of a series of 
carcinogens that have the property of cross link- 
ing; nitrogen mustard (IX) is this type of car- 
cinogen. In this instance the mode of action of 
certain chemical carcinogens and of ionizing radia- 
tions are closely correlated. 

NHr- COOC 2 H 6 (VIII) NH(CH 2 CH 2 C1) 2 (IX) 

As was stated at the outset, carcinogens com- 
prise many different agents; eventually it may 


transpire that the various carcinogens act by nianv 
different routes and that the reaction of the tissue 
provoked by them has a central mechanism that 
may have been missed by the detailed studies of 
the individual agents. The difficulties in these stud- 
it*s arise largely from the long latent period 1*. 
tween the application of the agent and the detection 
of the biological response. The many known carrin- 
ogens may well not he direct mediators of 
activity of special interest; in some instances a 
start has been made by the discovery of metabolite 
that are more potent or have a wider range of activ 
ity than the starting material. [p. sht rik- 
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Onion 

A r</o]-season biennial. Allium ccprt, of 'Nsia'.ii 
origin and belonging to the plant order Liliale- 
The onion is grown for its edible bulbs. 

Related species are leek (/I. pin rum), 

(A. sativum ), Welch onion (A. fistulosum) . slialh»t 
(A. ascalonicum) , and chive (A. schoenoprasum 1. 

Propagation. The common onion is grown ;i> ar. 
annual and is propagated most frequently b\ seed 
sown directly in the field. Onions may a ho be 
grown from transplants started in greenhouses or 
outdoor seedbeds, or from small bulbs, called set", 
grown the previous year. Field spacing varies: 
plants are generally grown 1 4 in. apart in 14-18- 
in. rows. The Egyptian tree or top onion (A. cejui 
var. vivaparum) produces little bulbs or lopsets in 
the flower cluster, and the multiplier or potato 
onion (A. cepa var. aggregatum) multiplies b) 
branching at the base. 

Varieties. Onion varieties are classified mainly 
according to pungency (mild or pungent) and u*e 
(dry bulbs or green bunching). Bull) colors tnav be 
white, red, or yellow. Varieties differ markedly ni 
their keeping quality and in their response to 
length of day (see Photoperiodism in plants). 
Popular dry-bulb varieties are Brigham 
Globe, Australian Brown, Bermuda, and Sweet 
Spanish. Popular bunching varieties are BeJtsviJie 
Bunching and White Portugal. Hybrid varieties, 
produced from male-sterile breeding lines, arc be- 
coming more popular. 

Harvesting. The harvesting of dry-bulb varieties 
usually starts after the leaves begin to turn yellow 
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Onions, (a) Oblong, (b) Flat, (c) Globe, (d) Oblate, 
e) Flower heads or clusters. < From L. H. Bailey, ed. r 
Jhe Standard Cyclopedia of Horticulture, vo /. 2, 

Macmillan, 1937 ) 


mil tall mi*r. generally 3 4 months after planting. 
Hiilh's tn be stored are eured bv exposure to warm 
dr\ aii. Bunching onions are ordinarily harvested 
when the bulbs are 1 \ in. or larger in diameter. 

Texas. New York, and California are important 
prndiieing states. The total annual farm value in 
the United States is approximately $55,000,000. 

V'* 1 .11.1 ALES ; VkcKTAHLK CROWING. [ll.J.C. | 

Onion diseases. The most serious onion diseases 
irr caused by bacteria and fungi. Diseases in the 
Md and in the channels of marketing cause losses 
amounting to many thousands of dollars each year. 
Mi regions that grow onions commercially have 
diseases of some importance. The weather often 
determines the kind and amount of disease present 
in any given year. Wet weather at harvest time, 
"hick prevents the proper curing of the bulbs, 
favor- the development of serious diseases, espe- 
,,,a Uy during transit, storage, and marketing. 

^<*ek rot, incited by Rotrytis allii and other spe- 
nos * usually causes greater loss than any other 
disease. It is responsible for considerable decay in 
forage onions that have not been properly cured. 


■ s °ineiirnes as much as 50^. of the crop is lost. 

Bacterial soft rot is probably the second most, 
>p ri<uis disease of onions. Although it occurs in the. 
,p hl. it causes most damage after harvest. This dis- 
* s caused bv Erwinia carotovora and Pseudo - 
nion os a/licola, bacteria that are common in the soil 
an d in water. The organisms invade the moist neck 
“ <>nion at harvest time and also enter through 
"ounds, particularly under warm, humid condi- 
tions. 


Where cool, moist weather prevails, downy mil- 
caused by the fungus Peronospora destructor 


is a very destructive disease. The seedlings and 
leaves of the growing plants are affected. 

Black mold, caused by Aspergillus niger , is com- 
mon on onion bulbs grown in the South. It seldom 
causes decay. The disease is readily identified by 
the black, powdery spores on the scales at the neck 
and between the outer scales of the bulb. 

Smudge is serious only on while varieties of 
onions. The causal fungus, Collctotrichum circi- 
nans, invades the outer scales of the bulbs and 
causes unsightly dark blotches. However, little 
damage results to the fleshy part of the bulb. 

Smut, a fungus disease caused by Vrocrstis 
ccpulae , occurs in northern-grown onions. It affects 
the seedlings and young green onions, causing 
black blisters ort the leaves and young bulbs. 

A bulb rot caused by Fnsarium oxysporurn, a 
soil-borne organism, frequently causes serious dam- 
age to onion-, late in the season. Infections not ap- 
parent at harvest time continue to develop and 
cause extensive decay during storage and market- 
ing. 

Other diseases, usually of minor importance, are 
caused by viruses, nematodes, and physiological dis- 
orders. See Nkmatoda: Plant disk ask; Plant 
virus. f c.n.n. | 

Oniscoidea 

A suborder of the Isopoda which contains the ter- 
restrial members of these crustaceans. They are 
popularly known as sow bugs, slaters, wood lift*, 
or, in the case of those that can roll themselves 
into a ball, pill bugs. Land isopods commonly occur 
under rocks, loose bark, leaf mold, and similar 
moist places. They abound in humid tropical and 
warm-temperate regions, particularly in the Old 
World. A few, like Porce/fio scaher and Armadil- 
liditim rulgare, are practically cosmopolitan and 
have probably been accidentally transported by 
man with plants, soil, or building materials. When 
abundant in gardens or greenhouses, thev some- 
times do considerable damage by gnawing on 
plants. 

Besides being terrestrial, the Oniscoidea differ 
from the other seven isopod suborders in several 
structural characters, such as the minute size of the 
first antennae, the palpless mandibles, and the ter- 
minal attachment and usually styloid shape of the 
tail appendages or uropods. 

Morphology. The bodv is either flattened dorso- 
ventrally, or in pill bugs is highly vaulted like an 
armadillo. Its three subdivisions, the head, thorax, 
and abdomen, are broadly joined. The lateral mar- 
gins generally form a continuous oval outline, ex- 
cept in types with the abdomen abruptly narrower 
than the thorax. The surface may be smooth. or 
variously sculptured with tubercles, ridges, or 
spines. Setae vary in kind and quantity. Adults 
range from 0.5 to 3.0 cm in length. Sexual dimor- 
phism is rare. 

Six fused segments, including the first thoracic 
somite, comprise the head. It bears two pairs of 
antennae (the first being vestigial), two sessile 
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second 
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compound eyes, and four pairs of mouth parts, the 
mandibles, first and second maxillae, and maxil- 
lipeds. 

The thorax has seven free segments, each hearing 
a pair of similar seven- jointed walking legs. In fe- 
males. the bases of the first five pairs of legs give 
rise to thin lamellae which overlap to form a brood 
pouch beneath the thorax. 

The abdomen comprises five segments plus a 
terminal telson. Its appendages are biramous and 
include five pairs of platelike pleopods and one 
pair of uropods. Tn males, the inner branches of 
the first two pairs of pleopods are transformed into 
copulutory stylets. 

Phytogeny. The Oniseoidea doubtless stem from 
ancient marine isopods and have evolved to land 
life along several lines. Their success in invading 
terrestrial habitats depends largely on adaptations 
for both aerial respiration and water regulation. 
Specializations of the respiratory pleopods provide 
the clearest relationship to their ecological distri- 
bution, but cutaneous glands, the integument, ex- 
cretory organs, and physiological mechanisms are 
also variously involved in coping with terrestrial 
problems. 

The primitive Ligiidae and Trichoniscidae repre- 
sent transitional stages, as their essentially bran- 
chial pleopods and moisture requirements limit 
them to damp littoral, halophiljc, or riparian habi- 
tats. More advanced families can inhabit drier en- 
vironments. primarily because the outer branches 
of two or more pairs of pleopods contain ramifying 
air pockets, called pseudotracheae or “white bod- 
ies/’ which assist atmospheric respiration. But even 
so-called desert species with well-developed pseu- 
dotracheal systems are imperfectly land adapted. 
All terrestrial isopods require ecological niches 
with high microhumidity or with available free 
water, since they cannot survive exposure to un- 


saturated air except for short periods. See Iso pod a- 
Terrestrial ecosystem. [ W>A M j 

Bibliography: E. B. Edney, Woodlice and rh e 
land habitat, BioL Revs., 29(2) : 185-219, 1954 . 
A. Vandel, Essai stir Forigine, revolution et \ s 
classification des Oniseoidea (isopodes terrestres) 
Bull. biol. France et Belg Suppl. 30, 1943; W. (; 
Van Name, The American Land and Fresh-Water 
Isopod Crustacea , Am. Museum Nat. Hist. Bull 71 
1936. 

Onychopalpida 

The smallest and most primitive of the five sub- 
orders of the Acarina, comprising two wide]) di- 
vergent families, tjje Opilioacaridue and Holothv- 
ridae. As a group, they are characterized by (he 




Onychopalpida. (a) A holothyrid mite, (b) An op'*' 0 ' 
acarid mite. ( The Institute of Acarolo&y, University 0 
Maryland ) • 



H ps^ion of claws on the palpal tarsus that are 
paired, like those on the legs, or that are variously 
U wed and modified. They are also unique in that 
t | iev possess four pairs of ventrolateral or dorso- 
lateral stigmata, or breathing pores, but no as- 
„o( iated peritremes. Peritremes are chitinous tubes 
Jiat are associated with the respiratory structures, 
tlu* stigmata and trachea. 

The Opilioacaridae are moderately large inites, 
1-2 nun in length. They have long legs, a leathery 
, utii It*, and indications of segmentation on the 
dorsal surface of the hysterosoma. The hysterosoma 
i* the posterior region of the body extending from 
tin* region of the third pair of legs to the terminus 
„f the body. They look like small phalangids, to 
which they may be closely related. They live under 
und other debris and probably prey upon 
other small arthropods. They occur in the Mediter- 
ranean area, the southern United States, and the 
\t>st Indies. 

The Ilolothvridae are among the largest of the 
mite*, reaching 2-7 mm in length. They are hemi- 
.phcticul in shape, though longer than broad, and 
have a deep brown, smooth, heavily selerotized 
niticle. They are probably predaeeous iri habit. 
Hipn have been found in the I ndo- Australian re- 
turn and on the island of Mauritius, where it has 
hern reported that an irritant poison they secrete 
• auscs the death of ducks and geese that swallow 
them. See A( ARINA. [ j.H.c.J 

Onychophora 

\ phvluin of unusual wormlike animals a few 
inches long, found in various tropical and subtropi- 
cal parts of the world. These creatures «ie of par- 
ticular interest to zoologists because they combine 
features of both the annelid worms and the arthro- 
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pods. They are neither worms nor arthropods, how- 
ever, and are given a phylum of their own, the 
Onychophora. These animals have a double row of 
short, thick legs along the length of the body and a 
pair of large tentacles, or antennae, on the head. 
They live on the ground, always in damp places, 
and feed on small arthropods. The first onychoph- 
oran found was named Peripatus , “the walker,” 
to distinguish it from the crawling or swimming 
worms. Most of the other genera have similar 
names, such as Eoperipatus , Paraperipatus , Peri - 
patopsis , Ooperipatus , and Opisthopatus. 

The head of an onychophoran is not distinct from 
the body, and the body of the adult is not seg- 
mented. The embryonic development, however, 
shows that the Onychophora are fundamentally seg- 
mented animals, as arc the annelid worms and the 
arthropods. The entire trunk is closely ringed with 
transverse hands of small, spine-bearing tubercles. 
The head bears the antennae anteriorly and a small 
simple eye on each side. The mouth is on the under- 
surface in an oval depression surrounded by a lob- 
ulaled circumoral fold. A pair of strong, 2-hooked 
jaws converge from the sides beneath the mouth. 
The jaws are not equivalent to the mandibles of an 
arthropod. They are the claws of a pair of other- 
wise reduced limbs. 'The mandibles are formed from 
the basal segments of a pair of appendages. On 
each side of the head a short appendage, known as 
the oral papilla, gives exit to the duct of a much- 
branched slime gland in the body. When the animal 
is irritated or disturbed, the slime may be ejected 
to a distance of several inches, serving as a means 
of defense. The legs are thick, tapering, lateroven- 
tral outgrowths of the body wall, and are also 
ringed with tubercles. Each leg ends in a small, 
2-clawed, foot lobe. 
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fo > Female Onychophora opened from above, (b) Un- Diagrammatic cross section of body showing position of 
d®r$urface of head and front of body, (c) Side view, (d) internal organs. 
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The respiratory organs are bunches of fine tra- 
cheal tubules that open from pores scattered over 
the surface of the body. The tracheal system of the 
Onychophoru is thus quite different from that of 
terrestrial arthropods. 

The alimentary canal is a wide tube that extends 
straight through the body from the mouth to the 
anus. A pair of long, tubular, salivary glands opens 
into it behind the mouth. Excretion is effected by 
both the alimentary canal and a double row of sim- 
ple nephridia opening at the inner sides of the legs. 

The nervous system includes a well-developed 
brain which gives off nerves to the antennae and 
eyes, and a suhesophugeal ganglion, in the lower 
part of the head, from which extend two widely 
separated ventral nerve cords connected by numer- 
ous transverse commissures. The nerve cells of the 
cords are not condensed into ganglia as they are in 
the arthropods, and the body nerves are given off 
directly from the cords. 

A pulsating dorsal blood vessel, or heart, keeps 
the blood in circulation. The blood enters the heart 
through lateral apertures and is discharged from 
the anterior end. to flow back through the body 
cavity. 

The reproductive organs, the testes of the male 
and ovaries ol the female, lie in the posterior part 
of the body above the intestine. The oviducts loop 
forward, and then turn backward, to come together 
in a common median opening near the end of the 
body. The oviducts of viviparous species are en- 
larged in a series of uterine chambers in which the 
embryos develop. In some species, the male in- 
seminates the female by attaehing numerous small 
sperm-containing capsules, called spermatophores, 
almost anywhere on the outside of her body. The 
integument beneath each spermatophore then dis- 
integrates. allowing the spermatozoa to enter the 
body cavity and swim to the ovaries, to penetrate 
and fertilize the eggs within. See Animal kingdom. 

[ K.K.S. | 

Onyx 

The name onyx is applied correctly to banded 
chalcedonic quartz, in which the bands are straight 
and parallel, rather than curved, as in agate. Un- 
fortunately, in the colored-stone trade, gray chal- 
cedony dyed in various solid colors such as black, 
blue, and green is called onyx, with the color used 
as a prefix. Because the color is permanent, the 
fact that it is the result of dyeing is seldom men- 
tioned. 

The natural colors of true onyx are usually red 
or brown with white, although /black is occasion- 
ally encountered as one of the colors. When the 
colors are red-brown with white or black, the ma- 
terial is known as sardonyx; this is the only kind 
commonly used as a gem stone. Its most familiar 
gem use is in cameos and intaglios, in which the 
figure is carved from one colored layer and the 
background in another. See Cameo; Chalcedony; 
Gem; Intaglio (gemology); Quartz. 

[r.t.l.] 


Oogenesis 

The processes of egg formation by which certain 
cells, the oogonia, of the ovary enlarge and mi- 
dergo meiosis (see Gam etogknesis ) . When the n u 
cleus of a terminal oogonium begins to undergo is 
meiotic changes, the cell is designated a primary 
oocyte. The nuclear changes proceed to the tetrad 
stage early and remain in that condition until tin* 
oocyte is fully grown. As the oocyte enlarges, thr 
nucleus also expands and is designated a germinal 
vesicle. The two meiotic divisions, however, do not 
occur until full growth is attained. In most species 
of animals these divisions are not completed until 
after both ovulation, which is the release of the 
oocyte from the ovary, and fertilization. In two 
groups of animals, coelenterates and erhiimids. 
meiosis is generally completed intra-ovariallv. In 
most mammals sperm entry occurs just after the 
first meiotic division, known as the seconder \ 
oocyte stage. 

The first meiotic division of the oocyte results in 
a large cell, the secondary oocyte, and a small 
structure called the first polar body. The second 
meiotic division again produces a large cell, tin* 
ootid, and a small second polar bodv. At the samr 
time, the first polar body divides, although some- 
times it fails to do so. The result is four c ells, carl, 
with the haploid number ol chromosomes, hut eml\ 
the ootid is functional, as the egg. while the polar 
bodies, degenerate. In species in which the sperma- 
tozoon enters a primary or a secondary oocvfe. it 
waits for completion of the meiotic divisions before* 
fusing with the egg nucleus. .See Embryology, EX- 
PERIMENTAL. 

Submerged meiosis. It is possible, by experimen- 
tal means such as heat-treatment, to induc e the 
oocyte to undergo submerged meiotic divisions *c- 
that two, three, or four haploid nuclei remain in the 
ootid, and two, one, or no polar bodies are fnrmea 
These egg nuclei can fuse with the haploid sperm 
nucleus and thus give rise to triploid, tetraploid. 
and pentaploid individuals. Such polyploid animal" 
have been produced and studied extensively in am- 
phibians. In general, their cells are of correspond- 
ingly large size, but since the animal is of normal 
size there are correspondingly fewer cells. The 
learning ability of a triploid salamander is found 
to be inferior to that of the normal diploid. This 
would seem to be related to its possessing about 
two-thirds of the normal number of neurons (see 
Cell constancy) . 

Production of oogonia occurs by mitotic cell divi- 
sions throughout life, in most species of animals- 
However, in mammals it generally ceases early. In 
humans this occurs shortly after birth, when there 
are some 100,000 oogonia present in the ovary. 
They do not proceed beyond an early oocyte si age 
until^ puberty. From then, for approximately 
years, a single fully formed egg, but occasionally 
2-5, is produced each month. Many more may start 
to grow and then degenerate. This process of 
gression is termed atresia, and atretic follicles con- 



taininfr degenerating oocytes are commonly seen in 
the human ovary at all times. 

Growth of the oocyte takes place, as noted above, 
j M ,fore it has undergone the first meiotic division 
and. therefore, while it is still under the influence 
of the diploid set of chromosomes. This influence 

sometimes manifest in the phenomenon of ma- 
larial inheritance (.see Gknkiics ) . An example is 
the inheritance of the direction of coiling of the 
.lii'll in certain fresh-water snails ( Lint mica pere- 
jtj-a i. which is determined b> the genes present in 
t(,r oocyte rather than by those provided to the 
Mjroti* by union of the haploid egg and sperm pro- 
nuclei upon fertilization. 

Kgg^ of all animals undergo a considerable en- 
largement during the transformation of the ter- 
minal oogonium into the fully formed oocyte. The 
increase in mass ranges from some thousandfold 
ho animals Mich as mammals, with small eggs, to 
mam billions of times for animals such as birds 
M\d sharks, that have large eggs. The inrrea«*e in 
Iliads represents accumulation of reserve food ma- 
terials. largely in the form of lipids and proteins, 
that are later utilized during development. This 
hind rcst-rxe is termed yolk and G mainly in the 
hum ol small, spheroidal bodies. It is olten thought 
that the deposition of yolk signifies considerable 
-Mitlieiic acti\it\ on the part of the growing oocyte. 
However, experiments designed to explore this, by 
u "C of radioactive tracers and tit her means, now 
-how that most of the accumulated materials are 
i ul I \ formed, or nearly so. when supplied to the 
(Kiev te. their synthesis having taken plaec in other 
tissues of the body . 

Gonadotrophic hormones. The horm-nes. pn>- 
flm ed bv tlie anterior lobe ol the pituitary gland in 
vertebrates control the ripening of the oocyte and 
ovulation. Removal of the anterior pituitary results 
m atrophy of the ovary. Atrophy ran be prevented 
b\ injection of extracts of the pituitary. In imma- 
ture animals the administration of pituitary extracts 
(, an induce precocious growth arid ripening of the 
one vies, and their ovulation. In mammals, there is 
good evidence for the existence of at least two dis- 
trict pituitary hormones that affect the ovaries. 
One. termed the follicle-stimulating hormone 
IFSHK causes ripening of the egg and its sur- 
rounding Graafian follicle. The other, the luteiniz- 
ing hormone (LH). induces ovulation and growth 
of the cells lining the empty follicle into a structure 
known as the corpus Interim. 

Periodicity of oogenesis. This is exhibited by 
niost animals, as represented by the occurrence of 
definite breeding seasons. In many animals, this 
s vnchronization of reproductive activity is achieved, 
as *n plants, by a physiological effect of increasing, 
or of decreasing, day-length. Experiments among 
v crtehrates have shown that the triggering action of 
^hanging day-length is mediated through the pitui- 
tar > gland. Many invertebrates, like certain an- 
Heiids and mollusks. and some vertebrates, such as 
grunion on the Pacific Coast, ripen and release 
foeir gametes at particular phases of the moon. 
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Others have internal “clocks” that control the time 
of oogenesis. In primates, including humans, the 
typical 28-day cycle of ovulation is independent of 
lunar phase hut may well have originated in ances- 
tral mammals whose reproductive activity was syn- 
chronized with particular phases of the moon. Srr 
Pr.Hionicm in organisms. | a.ty.J 

Oolite and pisolite 

Oolites are small, more or less spherical particles 
commonly found in limestones and dolomites. Most 
oolites are 0.5 -1.0 mm in diameter, but their size 
range is much greater. Pisolites are similar par- 
ticles that are greater than 2.0 mm in diameter. 
Oolites show varying degrees of departure from 
sphericity ; some may be ellipsoidal, others may be 
appreciable flattened or distorted. The term oolite 
has been used to denote both the small, spherical 
bodies and the rock composed of an aggregate ot 
these bodies. Some geologists prefer to call the par- 
ticles oolite and the rock by its common lithologic 
name, prefixed by the word oolitic, loY example, 
oolitic limestone. 

Sectioned oolite** show either radial or concentric 
structures or both. They commonly have cores that 
are of material other than the bulk of the oolite; 
frequently they are pieces of shell or detrital 



(a) (b) (c) 


Oolitic limestones, (a) Pleistocene oolites. Great Salt 
Lake, Utah. Diameter 3 mm. Oolites consist of suban- 
gular detrital quartz grains enclosed by carbonate 
having both concentric and radial fibrous structure. 
Radial fibrous carbonate is calcite; at least some of 
fhe concentric carbonate (right center and top) is 
aragonite. An incipient cement composed of finely 
granular calcite rims the oolit.es, but rock is very po- 
rous. (b) Oolitic limestone, Volksen, Deister Mountains, 
Germany. Diameter 3 mm. Oolites consisting of shell 
fragments encased by microcrystalline calcite (dark 
stippling) are firmly cemented by a matrix of fine- 
grained calcite having somewhat variable grain size, 
(c) Composite oolites (Pleistocene), Pyramid Lake, Ne- 
vada. Diameter 6 mm. Large calcareous oolites con- 
sisting of cryptocrystalline (stippled) and radial fibrous 
(clear) concentric layers. Fibrous layers are calcite; 
cryptocrystalline layers are at least partly aragonite. 
Nuclei are fragments of broken oolites, clusters of tiny 
oolites (right and center), and bits of granular car- 
bonate (lower right). Incipient cementation as in a. 
{From H. Williams , F. J. Turner, C. M. Gilbert, Petrog- 
raphy, An Introduction to the Study of Rocks in Thin 
Sections, Freeman, 7954) 
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quartz grains. The appearance of oolites suggests 
that they have grown outward from the core by 
successive precipitations of calcium carbonate in 
thin concentric shells. Although oolites may be 
composed of many materials, mainly calcite, arag- 
onite, silica, hematite, and dolomite, by far the 
most common in the geologic column are the cal- 
careous ones. Siliceous and dolomitic oolites are 
formed by the replacement of an original calcare- 
ous oolite. Phosphatic and hematitic oolites seem 
to have formed as primary oolites. The explanation 
for the origin of oolites generally given is that they 
represent inorganic precipitation in turbulent wa- 
ters, where the small grains roll with I he current 
as they gradually pick up more and more layers of 
precipitate. See Calcahenitk; Chert; Dolomite; 
Limestone; Sedimentary rocks. [r.si.J 

Opal 

A natural hydrated form of silica. There are many 
different varieties of opal, but the best known are 
those which are highly prized as gem stones. Pre- 
cious opal displays the property of opalescence, a 
fine play of spectral colors resulting from the 
interference of light rays within the stone. Fire 
opal shows intense orange-to-red reflections against 
a yellow-to-orange body color. Black opal has a 
black background against which the colors are dis- 
played. Common opal is milk-white, yellow, green, 
or red. but without opalescence. The variety hyalite 
is clear and colorless with a globular surface. Fine 
precious opals are found in Hungary, Mexico, Hon- 
duras, and New South Wales, Australia. In the 
United States opal has been found in Nevada and 
Idaho. 

Opal is amorphous and usually occurs in botryoi- 
dal or stalactitic masses. It has a conchoidal frac- 
ture and hurdness of 5-6 (Mohs scale). The specific 
gravity varies from 1.9 to 2.2, depending upon the 
water content. Opal is found in cavities in igneous 
and sedimentary rocks and in fossil wood in which 
it is the petrifying substance. As geyserite or 
siliceous sinter it is deposited from geysers in 
Yellowstone National Park. Its largest deposits 
are in sedimentary beds as diatornite which result 
from the accumulation of tiny opalean tests of 
diatoms. Such a deposit at Lompoc, California, is 
400 ft thick. See Diatomaceous earth; Gem; 
Silicate minerals; Siliceous sinter. fc.s.HU.] 

Opaque medium 

One which is impervious to rays of light, that is, 
not transparent to the human eye. By extension, a 
medium may be described as opaque if it does not 
transmit infrared waves or other regions of the 
electromagnetic spectrum, such as the x-ray, ultra- 
violet. and microwave regions. The property of zero 
transmittance does not necessarily imply total re- 
flectance; that is, opacity can result both from re- 
flection and from absorption of incident rays. See 
Absorption ( electromagnetic radiation ) . 

[m.g.m.] 


Open circuit 

A condition in an electric circuit in which there is 
no path for current between two points. Examples 
of open circuits are a broken wire and a switch in 
the open, or off, position. See Circuit, electric 

Open-circuit voltage is the potential difleren re* be- 
tween two points in a circuit when a branch (cur- 
rent path) between the points is open circuited. 
Open-circuit voltage is measured by a voltmeter 
which has a very high resistance ( theoretical] v 
infinite) , such as a vacuum-tube voltmeter. 

k.KC.j 

Open systems, thermodynamics of 
(biology) 

Thermodynamics is founded on the basis of twn 
postulates, the first and second laws. From thoc 
laws are derived the relations that may obtain 
among those macroscopic parameters necessan to 
describe a system. The parameters include en<*rg\ 
mass quantities, volume, pressure, temperature, 
electrical potential, and electrical charge. Thermo- 
dynamics is applied to discrete portions of the 
universe, termed the system, and hounded from the 
remainder of the universe, termed the environment, 
by definitive limits. The definitive boundaries nu\ 
have one or more of a number of spcciaf properties, 
for example, an isolated system may exchange 
neither energy nor mass with its environment, ami 
an adiabatic system may not exchange heat with 
its environment. An isolated system will ultimately 
approach a state of equilibrium. Thermodynamic 
deals only with such states of equilibrium. Fur 
thermodynamic purposes, changes in state of tin- 
system are conceived to he carried out reversihh 
in successive states of equilibrium. Any extension oi 
thermodynamics to nonequilibrium processes mid 
therefore invoke nonthermodynamic assumptions 
See Thermodynamic princiiu.es; Thermodynamu 
processes. 

Biological systems. Biological systems are 
open systems in the thermodynamic sense. Across- 
the boundaries of open systems both matter and 
energy may pass. Thus the biological system nia* 
take in certain matter as foodstuff which on under- 
going a series of chemical transformations is con- 
verted to matter and eliminated as waste product*- 
From such chemical reactions the biological sv*lem 
derives its energy, thus permitting it to perform it* 
internal functions of growth and maintenance and 
to perform work on the environment. For a rigorous 
application of thermodynamics to biological 
terns it is necessary that biological processes be 
carried out reversibly in successive states ot 
librium. This applies to the system in relation t° 
its environment as well as to all the processes 
within, namely, the scalar chemical reactions an 
vectorial transport reactions. See Biological oxi- 
dation; Cell (biological). 

Biological systems, however, are characterised 
by the fact that they are not equilibrium systems- 



j$ convenient, therefore, in treating biological 
, vste ins to apply that extension of classical thermo- 
,i\narnics known as the thermodynamics of irre- 
versible processes. As a theoretical basis for this 
extension, L. Onsager drew a parallel between the 
rate of regression of a statistical fluctuation of a 
variable about equilibrium and a macroscopic ir- 
reversible change in this variable. This established 
general validity for the theory when restricted to 
steins whose departure from equilibrium is small. 
Inherent in this extension is the implicit assump- 
tion that the laws of thermodynamics are valid out- 
-ide of equilibrium. 

Theory. The more cogent points, together with 
thr necessary assumptions involved in the therrno- 
ihnamich of irreversible processes, are here pre- 
sented. 

There exists a function, S. termed the entropy of 
a system, which is a function of the state of the 
This function is extensive in that the total 
entropy is a sum of the entropies of the parts of 
the svstem. The entropy of a system may change 
h\ interaction of the system with its environment 
IS and by internal changes in state of the system 
JS Thus 

dS = d,S f d,S (1) 

Hie entropy change d,S is related to the heat q 
.ih'orhed from the environment by 

d,S = i (2) 

wlierc T is the absolute temperature. Furthermore, 
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AS 
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where or, = A\ ~ A, 0 . Since the entropy is a maxi- 
mum at equilibrium, the first term on the right- 
hand side vanishes. If only quadratic terms are 
retained, the rate of entropy production in the 
system due to irreversible processes is 


d AS 
dt 


S(a t otj) 
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( 7 ) 


The rate of change with time of the variables a t 
is taken as the fluxes J, = on. The thermodynamic 
forces arc then 


-V, = -£ A r u«; 


Consequently, the rate of entropy production be- 
comes 

S(J,X,) = £ y,A\ > 0 (8) 

» 

and is seen to he a sum of products of forces and 
fluxes. The inequality is valid for all natural proc- 
esses occurring in the system, whereas the equality 
is valid for all reversible changes. 

For processes occurring near equilibrium, linear 
phenomenological equations may he assumed. Thus 
the set of equations 


d t S > 0 (3) 

t«»r all natural changes, and 

d x S * 0 (4) 

l»»r all reversible changes. It follows, therefore, that 


dS> 


T 


( 5 ) 


f°r all natural processes. Equations (1) through 
1,11 comprise a statement of the second law of ther- 
I nod>namies. See Entropy. 

h is assumed that the thermodynamic state of a 
^tem. and consequently the entropy, may be com- 
pletely described at any instant in lime by a set of 
•'xtciMve macroscopic variables. Such variables 
,T i‘ lude. for example, the mass quantities of each 
‘^'mical constituent, the volume of the system, thf 
Metrical charge, and the energy, and are her$ 
jl^ignated as Au with equilibrium values, /f,°. 
*bis implicitly assumes that the entropy is not 
^plicitly a function of time, and that the thermody- 
,lan dc relations arc applicable to systems departing 
horn equilibrium. It is further assumed that the 
Pnln >py of the system may he expressed in terms of 
l,Pst * variables by a Taylor’s series expansion about 
p(,l »iHbrium. 


L - £ Uj Xj (/ - 1. 2, . . .) (9) 

i 

may be written in which i = /, is the coefficient 
relaling the flux J, to its conjugate force Xj. 
whereas the coefficient L,j , i -/= j , describes a cou- 
pling of the flux J t to the force Xj. Onsager has 
given statistical validity to reciprocal relations 
among the /,s, = L valid for processes without 

significant inertial or magnetic forces. This type of 
!<»rce is excluded for systems herein discussed. 
Equations (8) and (9) may he combined to give 

S(XiXj) - £ L^XiX, £ 0 (10) 

o 

a form, quadratic in the forces, and positive definite. 
Thus the coefficients I, fJ are the elements of a 
symmetrical positive matrix. 

A dissipation function <f> may be defined as 

<t>(X{Xj) * ti £ LijXiXj (11) 

t; 

and is seen to be one-half the rate of entropy pro- 
duction given by Eq. (10). The expression S(JjXj) 
given in Eq. (8) is linear in the Xs and positive 
definite. The dissipation function is quadratic in 
the Xs and positive definite. The difference, 
S(J t X x ) — <f>(XiXj), is therefore a maximum if 
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one adopts the convention that only the As are to 
be varied. Thus 

]£ JiX t ~ Li,X t Xj = max (12) 

i ij 

and a variation gives 

$[X JtX> - '2E L t ,X t X~^ = 0 (13) 

£ [./. - £ L„Xj\ SX t = 0 (M) 

l 1 

Since the 8A,s are independent variations, the 
extremum condition demands t hat their coefficients 
vanish, thus giving the set of linear relations of 
Eq. (9). Embodied in this variation principle of 
Onsager are also the reciprocal relations L„ = L„. 
Onsager designates this variation principle as an 
extension of Rayleigh’s principle of least dissipa- 
tion. A system in undergoing change from one 
thermodynamic state to another does so along that 
path which involves the least dissipation of energy. 
It may be shown that this path in time is that de- 
scribed by a set of first-order differential equations. 
whi«di as a consequence of Eq. (14) represents a 
maximum rate of decrease in the rate of entropy 
production. 

From the definitions of the forces A', as first uti- 
lized in Eq. (8), the inverse relation 

«. = -£ f-W y (!•">) 

J 

may be obtained wherein the elements C, } are of 
a matrix inverse to that of [ g ]. Taking the time 
derivative of Eq. (lf> ) gives 

= = -£CiX do) 

1 

which in conjunction with Eq. (14) gives a deter- 
ministic set of first-order linear homogeneous dif- 
ferential equations in the As. Thus 

£ K-'.y*/ + l'nX,\ - 0 0 =1,2,...) (17) 

l 

The general solution is gi\en by 

A\ = -*!' ( 1 - 1 , 2 ,...) (18) 

1 

where the /? ; s are the characteristic roots of Eq. 
(17) and the A,j* are constants of integration de- 
termined hy the boundary conditions. 

In a system of n forces it is seen that, without any 
imposed external constraints, the approach to a 
state of equilibrium involves a time course com- 
posed of n exponential processes for each of the 
As. Similarly if, in a system of n forces, k con- 
straints are imposed, that is. if -ft of the forces are 
held constant bv having the system in contact with 
an infinite reservoir for such quantities as heat or 
a number of the chemical constituents, the ap- 
proach to the steady state for each unrestrained X 
will involve a time course composed of n — k ex- 
ponential processes. The resulting steady state is 
said to be of the Ath order and represents a state 
with a minimum rate of entropy production in which 
all fluxes whose con jugate forces are not subject to 


external constraint must vanish. With this design 
lion true equilibrium is that of a zeroth-order stp a d\ 
state. 

This completes the development of the more ge n . 
era! and significant aspects of the thermodynamic 
of irreversible processes, valid for all 
whose departure from equilibrium is not Jargr 
and for systems in which forces of inertial or niag 
netic origin are specifically excluded. Inclusion «,t 
such forces would requin* modification of the On- 
sager reciprocal relations. Fundamental to this the- 
ory is a variational principle which represents fJ 
principle of least dissipation. 

Application. Biological systems are cxti cinch 
complex as living hnils. and it is generally neces- 
sary in their study to introduee certain simplify, 
lions. For some purposes, it may he assumed or 
actually specified that the system be at constant 
temperature and pressure, whereupon it ma\ In- 
shown that the rate of entropy production U equal 
to the rate of decrease in the tiibbs free energy f<u 
the system. For other purposes it may be convenient 
to assume that the system is homogeneous in ii* 
extent, and thereby all processes may be concehni 
and written in terms of simple chemical reaction- 
Still, for other purposes, the boundaries of the 
trm may be so specified as to mlue^those consul 
erations involving the exchange of matter hetwm- 
system and surroundings to onlv a few chemical 
constituents. It N only with simplifications <>t tin- 
kindf'fhat thermodynamics of irreversible proee^e- 
as herein developed can be reasonably applied 
Many fields of application and investigation pir^mi 
themselves. A central problem is that of the trim- 
duction of energy in biological systems, when*!i\ 
via sequential reactions of a highly organized n.i 
tore chemical energy is transformed for use in ail 


cellular processes. 

In rather qualitative terms some of the above cm.- 
repts may be illustrated bv a living system in ran 
tact with its environment. It may be specified that 
heat and energy as well as certain matter may pa s “ 
across its boundary. Thus the cell is allowed to gam 
such chemical entities as glucose and oxygen and 
to eliminate others such as carbon dioxide and wa- 
ter. The complete oxidative metabolic conversion of 
glucose to carbon dioxide and water involves a 
large number of chemical reactions. The reaction** 
are sequential in extent with many subsidian 
branchings. Sequences may be cyclic with conse- 
quent regeneration of the intermediate constituent'* 
involved. They are subject to multiple regulator' 
restraints arising from internal mechanism* flI1 
also from environmental influences such a* h ,,r 
mones. Included in such a complex set of reaction!* 
are certain intermediates, the high-energy 
phates. These substances appear to be more direct ' 
utilized as energy sources for the many cellu aI 
processes, among which must be included the ninw 
tenance of cellular integrity and homeostasis- * ^ 
maintenance of the internal environment of the 
which ensures proper conditions for the many f j 
sential metabolip reactions requires specials 



trau s P° rt mechanisms at the cellular boundary. 

transport systems, operating in a selective 
manner, serve to bring about a controlled exchange 
„t matter with the environment. It may be assumed 
lhat the environment is subject to experimental ma- 
nipulation and control. If. then, at constant ternper- 
jture and pressure the potential of all those con- 
stituents with which the cellular system may ex- 
change is held constant in the environment, a steady 
state is ultimately approached. In this state the 
t on-rant rate of entropy production arising from 
irreversible processes occurring is at a mini- 
mum. The potentials of all constituents within the 
M-teni remain constant in time. Many cells, tissues, 
jml organisms in their relative!) dormant or rest- 
ing states approximate such steady behavior. Thus 
j muscle cell at rest exhibits relatively stationary 
liriiax ior. oxidizing glucose at a constant rate. All 
itl the energ> derived from this oxidation is dissi- 
pated at a constant rate. The transient or nonsteady 
*tale- are in many ways more interesting. These 
ma\ he conceived of as variations about some given 
-trad\ state. 'Thus certain stimuli, representing a 
.Infinite change in environmental conditions, may 
knl lo transient behavior. In a muscle cell, for in- 
-tjmre. ari appropriate single electrical stimulus 
'jiM** an excitation with a resultant contractile 
twitch. This is followed by a gradual return to the 
"Numal steady conditions. During such a transient 
Matf an inci eased rate of entropy production oc- 
* in and w ith proper mechanical linkage, therrno- 
(!\nami< work mav he performed by the system. 

\aJuc in the application of thermodynamic prin- 
«i|»lcs io biological systems lies in the fact lhal Mich 
fli'Mireiiral considerations serve as sound and fun- 
daniental guides in concept, approach, and conclu- 
d«»n in the search for greater understanding of liv- 
mu svsrems. .See Hioco’i kntials and ei.kctropiiys- 
i«M.f * i;y ; Muscle fmornYsirs). | f.m.s. | 

Rih/ingraphv: S. R. de (iioot. Thermodynamics of 
hrcvotsihle Processes, 1951; K. G. Denbigh, 77ier- 
mmiy n amirs of the St etui y State , 1952: .1. Z. Hea- 
r,m - Thermodynamic principles as applied to the 
•uialvsjs of biological systems. Fed. Proc ., 10(3) : 
M2 610. 1951 ; J. Z. Hearon. Rate behavior of meta- 
systems. Physiol . Rei ., 32< 4 ) :499 523. 1952; 
^ Onsager, Reciprocal relations in irreversible 
processes. Phys . Revs., 37 (4) :405-426, 1931; 

^ I J rigogine, Introduction to Thermodynamics of 
h reversible Processes, 1955. 

Open-loop control system 

' r,, ntroJ system in which the system outputs are 
,(, ntrolled by the system inputs only. In such sys- 
,l ° account is taken of the actual system out- 
P«u. This is in contrast to closed-loop control sys- 
j n which the system output is controlled by 
(, omhination of the system input and output. 
° r a discussion of all references to closed-loop 
Control systems, see Control systems. 

' block diagram of Fig. 1 shows the general 
"^figuration of an open-loop control system. A sim- 
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Fig. 1. Open-loop control system. 
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Fig. 2. Open-loop control system with power amplifi- 
cation. 

pie example of an open-loop control system is the 
electric-light control system in the home. In this 
svstem. the presence or absence of light from a 
lamp is control led by the position of an electrical 
switch. Using the terminology of Fig. 1. the posi- 
tion of the switch (whether it is on or off) is the 
controlling input, the light huth in the lamp is the 
controlled system, and the light produced by the 
light bulb is the controlled output. 

Classification. There are two classes of open-loop 
control system in use, systems without power ampli- 
fication and systems with power amplification. An 
open-loop control system without power amplifica- 
tion is one in which all the output power is supplied 
by the controlling input. The ordinary household 
thermometer is an example of an open-loop control 
system without power amplification. The control- 
ling input is the temperature of the surroundings, 
the controlled system is the mercury column, and 
the controlled output is the height of the mercury 
column. An increase of temperature causes the mer- 
cury column to increase its length. The power re- 
quired to lengthen the mercury column is directly 
obtained from the temperature of the surroundings. 
An example of a control system that employs power 
amplification is a grinding wheel driven by an elec- 
tric motor. In this system, the controlling input is 
the position of an on-off electrical switch that en- 
ergizes the motor, the controlled system is the 
grinding wheel, and the controlled output is the 
velocity of the surface of the grinding wheel. The 
power required to move the grinding wheel does 
not come directly from the controlling input but 
from some intermediate device ( the electric motor ) , 
which is directly controlled by the switch. Although 
the block diagram of Fig. 1 may he used lo repre- 
sent any open-loop control system, a more detailed 
block diagram (Fig. 2) is often used to indicate 
the existence of power amplification. If the termi- 
nology of Fig. 2 is applied to the grinding wheel 
control system, the switch position is the controlling 
input, the motor is the power amplifier, the torque 
developed by the motor is the intermediate variable, 
which, in turn, is the input to the controlled sys- 
tem (the grinding wheel), and the controlled out- 
put is the surface velocity of the grinding wheel. 
For additional examples of open-loop control, see 
Alarm systems; Clock control systems; Re- 
mote-control system; Repeater, synchro; Tel- 
emetering; Traffic control systems. 
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Advantages. Open-loop control systems are, in 
general, considerably simpler than closed-loop sys- 
tems. This simplicity usually results in a more 
economical control system. A more important ad- 
vantage of open-loop control is the elimination of 
stability problems, which exist in many closed- 
loop systems. 

Disadvantages. Ill open-loop systems, the con- 
trolled output is determined only by the controlling 
input and the dynamic characteristics of the con- 
trolled system. Therefore, the dynamic character- 
istics of the system must be accurately known if 
effective control is to be achieved. In an electrically- 
healed oven the amount of current passing through 
the heating coils is adjusted by means of a potenti- 
ometer. As the current is increased, the power sup- 
plied to the oven and the internal oven temperature 
are increased. It is possible to measure the oven 
temperature resulting from each dial setting of the 
potentiometer. Once this is done, it is no longer 
necessary to measure the oven temperature as long 
as all conditions remain unchanged. It is only neces- 
sary to set the potentiometer dial to the setting 
corresponding to the desired temperature. If, how- 
ever, the thermal properties of the oven are changed 
by leaving the oven door open, so that more heat is 
lost than when the potentiometer dial was cali- 
brated. then a particular potentiometer setting will 
no longer correspond to the same oven temperature 
and a new oven calibration must be made under 
these new conditions. Such continual recalibration 
is tedious and expensive. 

Closed-loop control systems exhibit the property 
of self-calibration; that is, there is automatic com- 
pensation for changes in system characteristics. It 
is also possible to minimize the effects of external 
disturbances in a closed-loop system, whereas in an 
open-loop system no account is taken of such dis- 
turbing inputs. An example of an external dis- 
turbance in the electric oven is a variable breeze 
passing over the surface of the oven. As the velocity 
of the breeze varies, more or less heat is carried 
away. This has an effect on the oven temperature, 
but is not taken account of at the input (the dial 
setting). It is primarily for the two reasons above 
that the majority of control systems in existence 
are closed-loop in nature. See Control systems. 

[ J.C.TR.] 

Bibliography : J. C. Gille, M. J. Pelegrin, and 
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Opera glasses 

Small binocular telescopes adapted for use where 
magnification and field of view are secondary to 
compactness and cost. The Galilean design is most 
often used in opera glasses because of its inherent 
shortness and simplicity of construction (see Tele- 
scope). The principal deficiency of this design is 
the location of its exit pupil forward of the eyepiece, 
which restricts the field of view to less than one-half 
of the field of a prism-erecting binocular of equal 
power. Because of this restriction, opera glasses 
are usually limited to magnifications under 5 power. 
See Binoculars; Magnification. [h.e.r.] 


Operations research 

An organized and systematized study of complex 
situations such as arise in the activities of risk 
taking organizations of people and resources. Bu.m- 
ness decisions and military activities are important 
examples of situations studied by operations r»*. 
search. Such study uses a specific disciplinary ap. 
proach. 

Objectives. The purpose of operations research 
is to provide, on a continuing and regenerative ha 
sis, more complete and explicit understanding 0 f 
complex situations and thus to supply knowledge 
for more rational and systematic objective-setting 
and decision-making and to lead toward more ef- 
fective joint performance of individuals in such 
organizations. Such understanding may include de 
script ion of six factors. 

Assumptions . Underlying one’s understanding 
of a situation are assumptions in respect to Imlii 
its external environment and its internal composi- 
tion. Other assumptions pertain to the objective* 
and purposes to he obtained in respect to the .sihiu 
tion. the description of the elements in the siiua 
lion or impinging upon it, and the interrelation i»i 
these elements. 

Results. 'I'he actions, the relationships required 
and the degree of commitment needed to iichirw 
theoretically the desired results need description 
together with the theoretical limits on such result* 

Dynamic range. Descriptions are required of the 
theoretical range of responses of Lhe situation to 
conceivable volitional actions of people, arfivitic- 
outsidc the situation but related to it, or inter .n 
tions within the situation. 

Critical j actors . In a situation, changes of some 
factors in magnitude, intensity, frequency, or con- 
figuration, dictate a need for change in the situa- 
tion itself (either in objectives and purposes or to 
maintain existing objectives and purposes). Meas- 
ures are required for such factors to observe Mg- 
nificant changes in them as compared with expec- 
tations. 

Classification of situations. Operations research 
classifies situations as to their importance to the 
achievement of the over-all objectives and purpose* 
of the total organization. 

Interrelations. The relation of individual situ a 
tions to each other and to the objectives and p« r ' 
poses of the whole organization needs description 
together with the impact of such situations on the 


performance of the whole. 

The type of situation in which operations re- 
search appears to be most useful is that where 
(1) sufficient elements, or elements of such char- 
acter, are found so that their relationship is not 
intuitively or easily discerned, (2) all of the ele- 
ments may not be known, or the elements may 
have in a not readily predictable manner, or, ,n 
general, knowledge is incomplete and judgment 
involved, (3) there can be alternatives for the all° 
cation of effort and related and resultant effects 
ness, (4) some or all elements impinging upon or 
within the situeftion are in a state of flux and hence 



a re subject to change for causes unknown, includ- 
ing from decisions made and actions taken by peo- 
£ within the situation itself, and (5) there is 
need fur joint performance among several or many 
individuals to obtain desired objectives that re- 
a degree of common vision or mutual un- 
Jcr-tanding of the situation to achieve the desired 

performance. 

Operations research frequently studies situa- 
tion.'* involving only some of these conditions. An 
example is a situation containing many elements, 
hit about which it is assumed that the properties 
of the elements are given or are predictable within 
stated and fixed limits. The purpose under these 
riirunWances may be to obtain an optimal alloca- 
tion of effort and related and resultant eflective- 
i,f^. In these cases it is either explicitly or tacitly 
j^iimed that the conditions exist in isolation or 
are maintained as a matter of policy from outside 
the situation so that the answers found are applica- 
ble nnl\ within the stated and fixed limits. 

Subjects. The subject matter of operations re- 
•riirrh includes, broadly, the activities of risk-tak- 
ing organizations of people and resources. Opera- 
tions research makes certain assumptions about 
these organizations and their activities. It assumes 
that the elements of such activities may be studied 
if thev were systems. Numerous and signifieant 
properties may be described concisely because, in 
j broad sense, they are capable of being arranged 
m an orderly fashion. The order rnav be repetitive, 
'tnnhjral. or on anv basis that is capable of for- 
mal description. Activities within such organiza- 
tion^ are basically rational in that thev contain 
i lioires. arc subject to logical treatment, and profit 
from the application of information and hypotlie- 
derived from theoretical and empirical study. 
Null organizations to which this discipline applies 
; * rf ’ not physical, but socioeconomic. Their purpose 
i" the commitment of present resources to future 
expectations. They exist principally to make and 
take risks and thereby to change the environment 
in which they exist and in turn to adapt themselves 
t‘» changes in the environment. 

In dealing with these organizations, operations 
research assumes further that all observable phe- 
nomena. their periodicity, regularity, and relations 
are knowledge at best about past or present condi- 
tion** and are subject to change by human action 
within or without the organization. Statements 
about this behavior, other than purely historical 
S tatements. are assumed to be statements of expec- 
tations. Therefore, valid statements must include 
statements of the assumptions underlying ex- 
Potations, (2) measurements needed to test the 
validity of these assumptions continuously or to 
detect changes that might invalidate them, and 
^ S tatements of what might be done to change 
l he regularity, periodicity, and relationship of phe- 
nomena. 


ht this reactive situation, operations research 
as both a narrower and a larger scope compared 
l j| Physics and biology. On the one hand, all that 
results can be are statements that give expecta- 
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tions an operational meaning. They are not state- 
ments of natural laws. 

On the other hand, knowledge, within this dis- 
cipline, includes identification of theoretical means 
to change the behavior and properties of the uni- 
verse of an organization, rather than merely means 
to exploit and manipulate observed regularities 
and relationships. 

Methodology. The basic methodology is that of 
modern s< ientific logic. It begins with the twofold 
hypothesizing or model-building stage. The first 
step is to make a general probabilistic statement 
about input and output phenomena defined in 
terms relevant to the situation. The second step is 
to make a general probabilistic statement about 
interrelations and interactions within the systems 
in respect to the input-output relationship. 

The second stage is the threefold one of valida- 
tion, exploration, and testing. In it, the first step is 
logical, analytical, or numerical exploration and 
testing of the hypothesis. Then comes experimental 
testing of the hypothesis as the action plan for 
achieving results. The final step is the regenerative 
one, which is the feedback from the validation and 
testing to the hypothesis for the purpose of refin- 
ing. niodif>ing. or ('hanging it. 

There are many techniques; some are general 
purpose (srr Aigkrka; Boolkan algebra; Came 
theory ; Logic; Matrix theory; Probability; 
Set theory; Statistics). Others are special pur- 
pose (.see Linear programming: Queuing the- 
ory) applicable within this discipline. 

Nature of results. The nature of expected results 
was described in listing the objectives of opera- 
tions research. The mode of explanation of a com- 
plex situation usually takes the form of classifica- 
tions, characterizations, structures, and models. 

The first three forms of results are most fre- 
(pientl) employed in describing phenomena; for 
example, historical demands for a product, or set- 
ting down in understandable form large masses of 
information, for example, the relation of parts and 
subassemblies to a line of finished products. 

The fourth form, the model, is usually employed 
as a systems representation of the relationships of 
phenomena to each other, their interactions on 
each other, and with decisions made by people in 
the real situation. The model displays the effect of 
these interactions or the changes in them, upon 
some desired total outcome or the actions needed 
to achieve theoretically some desired outcome. 

Scope. The exigencies of World War II brought 
attention to and evidence of the effectiveness of sys- 
tematic study of complex situations through the use 
of approaches similar to those used in the physical 
sciences. During this period the concept of a sepa- 
rate and distinct discipline with its accompanying 
professional work was not apparent. Teams, con- 
sisting of members trained in different scientific 
disciplines, were most frequently employed to ob- 
tain a balanced approach approximating that of a 
comprehensive discipline. Since then operations re- 
search has been extensively applied by business as 
well as by the military. 
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In the nonmilitary field, four types of activities 
are carried on: (1) development of special-pur- 
pose techniques such as queueing theory, allocation 
theory, or replacement theory, (2) application of 
the special-purpose techniques to specific situa- 
tions in business, (3) study of opportunities for 
and organizational placement of operations re- 
search to realize these opportunities, and (4) elab- 
oration of the discipline and its subject matter to 
learn the valid and most effective basis for its use 
in an organization having social and economic ob- 
jectives. 

Currently, greatest attention is to applications 
of special-purpose techniques. These applications 
are largely as adjuncts to functions already in ex- 
istence in business organizations such as industrial 
engineering. Operations research is graduallv be- 
ing recognized by business managers as a separate 
profession having unique and useful purposes. 

This slowness may be a natural development be- 
cause of (1) the instinctive desire to do small- 
scale testing first, (2) t he longer-term commit- 
ment of people and resources needed for the devel- 
opment of broader areas of understanding, and 

(3) the inevitable existence of problems which 
themselves are symptoms of larger challenges, but 
which are. nevertheless, tractable to the methods 
of operations research. 

These applications have the desirable result in 
showing the applicability and effectiveness of this 
approach. However, there is the danger that the 
larger implications for the work may he lost in the 
process. As an example, a frequent application is 
in the allocation of effort and resources for optimal 
production scheduling, applying the technique of 
linear programming. In this situation there are 
usually sufficient elements that the relationship 
among them is not intuitively discerned, or the na- 
ture of the actions to he taken to obtain an optimal 
solution is not apparent. 

To use the particular technique, it is usually as- 
sumed that (1) what is to he produced in a given 
period is known and can he held fixed, (2) judg- 
ment of merit is known and can he defined as a 
single-valued mathematical function. (3) the rela- 
tion of volume to cost is known and may he as- 
sumed as linear, at least over a known range, and 

(4) the production process can be adequately de- 
scribed by a set of mathematical equations (most 
usually linear) that tell how much of each resource 
involved in the process goes into each product. 
What is commonly sought is a specific answer to 
an aggravating problem. 

In this approach, the same fools are used that 
are being used in operations research. But in its 
purpose and basic assumptions, as well as in its 
results, this approach differs sharply from opera- 
tions research and should not be confused with it. 
In the first place, it assumes the reality of the 
symptom, whereas a basic assumption of opera- 
tions research is that a symptom only indicates 
where work is needed but does not, by itself, indi- 
cate the nature of the problem. Secondly, this com- 


mon approach assumes that problems in a business 
or in other risk-taking organizations can be treated 
in isolation, whereas operations research alwa\s 
assumes that its subject matter is an interrelated 
and interdependent system having problems which 
can only he treated effectively as systemic rather 
than mechanic. 

The distinction between problems treated within 
such limiting conditions and problems treated as 
symptomatic of underlying causes within a system 
may well delineate the approximate dividing line 
between the use of operations research for effi- 
ciency purposes, as in industrial engineering di 
reeled toward obtaining most efficient solutions <>i 
the designs under stated conditions (where the 
statements of conditions are obtained bv other 
means and from other sources), and operations re- 
search as a unique technique directed toward ob- 
taining and disclosing more explicit understand- 
ing. 

The increasing size and diversity of business op 
ganizations, the increasing scope and rapidity oi 
technological change, and the increasing social c\ 
pectution of society from such business organize 
tions pose new challenges and greater opportuni- 
ties. The need for more explicit understanding id 
these new situations and for appropriate in forma- 
tion with which to continue to acITievc effect i\t 
joint performance from business organization*, 
creates the opportunities for operations research 

It is from a perception of the new demands that 
imp<4iis to the development of operations research 
is likely to come. While the tools of operation 4 - re- 
search in their origin were not designed for prob- 
lems of this kind hut rather, as the name implies 
for the analysis of the complexities in immediate 
operations, the people who sense and anticipate 
these new basic needs for understanding increas- 
ingly see in operations research a promising ap- 
proach for the identification, description, and nn 
derstanding of the situations created by these need* 
and demands. .See Industrial engineering. 

[ M.L-tL 1 
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Operator theory 

At one level of abstraction an operator is siinph a 
function whose arguments and values are real* l (,r 
complex-) valued functions of one or more real 
variables; in more naive terms an operator i* ® 
rule for converting such real- (or complex-) valued 
functions into others. The following are simply ev 
am pies: (1) the operator which takes each differ- 
entiable real-valued function of one variable uit« ) 
its derivative; (2) the operator which takes e&c 1 
twitfe-differentiahle function f of one variable 




i3) the operator which takes each twice-differen- 
nabU* function / of three variables into 

a 2 / ay ay 

dx* + dr* + <5r 2 ' 

, p flu* operator which takes the continuous func- 
Mon / of one real variable into the function g where 

#(■*) = X* V a; f y /O') f/ r 

since an operator is a function, the usual func- 
tional notation is applicable. JAf) may be used to 
,| rn ote the result of operating on / with the opera- 
tor /.. The set of all functions / for which JAf) is 
defined is called the domain of /. and the set of all 
•unctions g such that L if) - g for some / in the 
domain of L is called the range of L. It is obvious 
th.il Miking u differential or integral equation is 
M|iiivrtlent (in many wavs) to solving an operator 
n|iiatinn L (/) =■ g where g and L are given and it 
mpiired to find /. Moreover the operator concept 
jn he verv useful both in theory and practice, pro- 
filing a great variety of illuminating insights. 

In large pa rt the fruitfulness of the operator con- 
01,1 1,111 he traced to two sources. One of the^e is 
flu possibility ol adding and tnultiplviiig operators 
in surli a wav that nianv. though not all. of the 
lav\ ^ of ordinary algebra hold. The other is the 
i.n-1 that the ranges and domains of operators be- 
lia\ r in iTianv respects like* ordinary space and in- 
<lml may be regarded as contained in infinite 
dimensional generalizations of the familiar three- 
dimensional space of solid geometry. This makes it 
! , "ssil»le to think of an operator as a g< “metrical 
'Miisloinialion and to exploit one's spatial intui- 

tinii. 

bet I) he a family of real-valued functions such 
lhai Xf 4 ng is in D whenever X and p arc real 
numbers and / and g are in Ih Let L and M he 
"perators with domain D and range included in D. 

I lien the operator which takes each / in D into 
l/l/f | is called the product of L and M and is 
denoted by LM . Moreover the operator which takes 
f ’ 1K b / in l) into /,(/) 4- M ( /) is called the sum 
b and M and denoted by L 4- M . In particular 

,MM1 nui\ form powers L“, L A polynomials 

n " m x L f a>L- 4- • • • + o,L r % and in suitably 
r^tricted contexts, power series. It is important to 
that while it is always true that L 4- M = 
^ f L it is not always true that LM ML. On 
other hand it is possible to show that 
= L(MN) and that (L + M) + N - L + 

1 ^ r A r ) for all L, Af, and N so that parentheses 
niilx he omitted just as in ordinary algebra, 
bi manv but not all cases the sets of functions 
which one deals derive their spacelike prop- 
^^irs from the possibility of assigning a distance 
to each pair / and g of members of the set 
,,r, der consideration. This is done in such a man- 
,ilat P(f'g) = p(g.f)> p(f’g) > 0 if f¥*g\ 
P A f) =0 and P(f •*) + pM for all 

’ a od h in D. When D is as described in the 
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preceding paragraph, p is often chosen so that 
= ||/ — A'(i where j:/ij = p (/.()). If jlA/|| 
“ |A| H/ll for all real numbers A then |!/|| is 
said to be a norm for I). There will usually he more 
than one way of norming a given /.). For example, 
if I) is the set of all real-valued continuous func- 
tions defined on the interval 0 * x ' 1. setting 

II/! 1 = max l/(.r) | 

05.1 0 1 

gives one value for /), and setting 

II/!! 1 - \/r !/(•' >i * ,lx 

gives another value for />. The analogy with the 
familiar space of experience is closest when the 
second norm is used, hut the first is useful also. 

The operator L is said to he linear if LiXf -f pg) 
is defined and equal to A JAf) p! A g I whenever 
/ and g are in the domain of X.. and A and p are 
numbers. Insofar as there is a general theory of 
operators, it is largely concerned with linear opera- 
tors. and this article will discuss linear operators 
exclusively. It is useful to develop this llieorv from 

axioms. 

Axioms. Let F denote either I he field of all real 
numbers or the field of all complex numbers. \ vec- 
tor space over F is « set or collection V whose 
members arc of an unspecified character except 
1 fiat they may he added together and multiplied by 
the members of F in such a wav that the following 
formal laws are satisfied: 

1. if I g ) f h = f I (g~\h) and f + g ~ g 4 
/ for all /, g , and h in A. 

2. There is a unique zero vector 0 in A’ such that 
/ -f 0 - / for ally in A . 

3. A inf) = ( Xp ) /, < A 4 p ) f = Xf 4- pi . and 
A ( / 3 £) “A/ I A g for all / and g in V and all 
A and p in F . 

L W / for all / in A . 

llv generalizing the more special and concrete 
definition in the obvious fashion a linear operator 
is defined to he a function L whose domain is a 
vector .-pace .V. whose range is in a vector space Y , 
and tor which it is true that lAXf 4 pg) ~ 
XI A! ) 4- pL(g) whenever / and g are in X and A 
and p are in F. 

Finite dimensional case. A vector space A' is said 
to he finite dimensional if it contains a finite subset 

V\ 9 v> v n spanning the space in the sepse 

that every element in the space may he written in 
the form At»i -f A^r- • ■ • -f- A„r l{ where the A ; - 
are in F. The representation / = Ai?*i 4- A^t-j 4 
* * • 4- X f ,v„ is unique if and only if no r, is in the 
span of the rest. In this case v\. r-j, .... is said 
to form a basis for X and the A ; are said to he the 
coordinates of f with respect to this basis. It is not 
hard to show that any two bases for the same space 
have the same number of elements. This number is 
called the dimension of the space. Let L he a lin- 
ear operator whose domain X is finite dimensional. 
It follows immediately that the range is also finite 
dimensional and that the dimension d,R of the range 
is less than or equal to the dimension d x of the do- 



940 Operator theory 

main. Let Y be the vector space containing the 
range of L and let dy denote the dimension of Y. 
This gives dn ~ dy and da dx • The differences 
dy — dx and dx — </« measure the extent to which 
the operator equation L(f) 5=8 g fails to have a 
unique solution for all g. In fact if X\ and X 2 are 
finite-dimensional subvector spaces of a vector 
space and Xi C^ 2 then X\ = X 2 if and only if Xi 
and X 2 have the same dimension. Thus L(f) = g is 
always solvable if and only if dy = dn and dy — 
d& is a measure of the size of the set of gs for 
which no solution exists. On the other hand it is 
easily seen that if /<> is a particular solution of 
/„(/) — g then the general solution is /<> + h where 
h is any element of X such that L (h) - 0. The set 
of all such h is a vector space /V, called the null 
space of L whose dimension d y measures the ex- 
tent to which the equation L(f) — g has multiple 
solutions. It is not hard to show that d\ -4 dn = 
d x so that d\ = d\ — d / £ . In the special but im- 
portant case in which X = V, dx — dn = dy — 
dn. Thus either /,(/) - g has a unique solution for 
all g ( nonsingular case) or else for many values 
of g , L{f) * g has no solutions, and whenever it 
has any nonzero solutions it has many (singular 
case). There is a certain sense in which most op- 
erators are nonsingular. Let / denote the identity 
operator which takes every vector into itself. Then 
it can be shown that L - ■ XI is nonsingular for all 
but a finite number of values of X. Indeed L — XI 
will be singular if and only if there exists a non- 
zero vector / such that L(l) — A/ - 0; that is, 
L(f) = A/. Such ail / is ('ailed a proper vector (or 
eigenvector) belonging to the proper value (or 
eigenvalue) A. It is easy to show that proper vec- 
tors belonging to distinct proper values are linearly 
independent in the sense that no one is in the span 
of the rest. Thus the number of distinct proper 
values cannot exceed the dimension of the space. 
See Differential equation. 

Knowledge of the proper values of an operator L 
yields a great deal of information about the nature 
of /„ especially in the important case in which the 
domain X admits a basis made up of proper vec- 
tors. Let V \ , i )•> v n he a basis for X and let 

L ( Vj ) = A jVj where the A, are (not necessarily dis- 
tinct) members of F. Very simple computations 
lead to the following observations. 

1. Every proper value of L is equal to some Xj. 

2. L is nonsingular if and only if no A; is zero. 

3. ML is nonsingular, the inverse operator car- 
ries /m?;i 4- /A 2 V 2 + ■ ■ • + g-nVn into (jm /X\)v\ 4 
( g-2 /Xo ) V 2 + • * • 4" (/Afi /Ah ) Vt\. 

4. If P is any polynomial with coefficients in F 
then P(L) carries g x v\ 4- g 2 v 2 4- ■ * ■ 4“ gnV n into 
/ J (jtll)l>1 4 P(g. 2 )V 2 4“ * • * 4- P ( jU.n ) 

The structure of P(L) revealed by (4) suggests 
a definition of F(L) where F instead of being 
a polynomial is an arbitrary function with do- 
main and range in F. To wit: F(L) (ju.it;i 4 /x 2 v 2 4 
* * ' 4 g-nVn) = F(g-l)V\ 4 F(fL\)v 2 4 " * * 4 
F(fi n )v n . A similar, but of course more subtle, 
definition in certain infinite-dimensional cases is 


the source of the modern rigorization of the < e | p 
hrated operational calculus of O. Heaviside 

Returning to the case in which X need not equal 

Y,lelv u vz, . . . . v n and w u be bases 

for X and Y respectively. Let L(vj) « « , u . ^ 
a j2 w 2 4- • • • 4 otjnWn where each a Jt is in F. Th^ 
L(x tl>i 4 ■ • • 4 x n Vn) * X\L(V\) 4 X 2 L[y lt) t 
• ■ • 4 x n L(v n ) = yiw>i 4 y 2 w 2 4 * • ■ 4~y, lW , 
where y,- = otuXi 4 ot 2i x 2 4 . . . ot ni x n . The rectan- 
gular array in which is in the ith row and yi|, 
column is called the matrix of L with respect to 
the basis in question. It is clear that solving the op. 
erator equation /.(/) = g in the finite-dimensional 
case is equivalent to solving m linear algehran 
equations in n unknowns. The theory sketched 
above is the theory of such equations couched in 
the language of operator theory. When X - Y and 
Vj = Wj for all j then the condition a Jt = (wheic 
the overbar denotes complex conjugate) implies 
that there exists a basis for X made up of propei 
vectors of L. However this condition is by no means 
a necessary one. 

Infinite dimensional case. When X is not a- 

sinned to be finite dimensional, such simple and 
general theorems as those described above arc im 
longer available. In certain contexts, however, moo* 
complicated and less complete analogs of them nun 
he proved. It is with these that the general llieurv 
of linear operators is mainly concerned. 

Let V he a vector space which is not neressirih 
finite dimensional but instead is equipped with 
norifS -defined in the abstract case as suggested h\ 
the definition given above for real functions span** 
Such a normed vector space is said to he complete 
if each sequence f\ . /j, ... of members of A width 
is convergent in the sense that 

lim \\f„ -/ m || - 0 

Ti- 

nt 

is also convergent in the sense that 

lim || /„ -/|| = 0 

n -*«» 

lor some f in X. This f is easily seen to he unique and 
is called the limit of the sequence \f n \- A complri*' 
normed vector space is called a Banach space. ^ 
normed vector space X is said to be separable if then* 

exists a sequence f\,f 2 , . . . , f n of elements of A 

that every clement of X is the limit of some subse- 
quence. The space of continuous functions defined ear- 
lier is a separable Banach space. Now let X = J and Id 
AT be a Banach space. Let L he completely continm’ii' 
in the sense that whenever /i, / 2 , ... is a sequence 
of elements such that ||/ w || ^ 1 for all n there b J 
subsequence / np f nv . . . such that L(fn\)* Wj' 
... is convergent in the first of the two senses 
fined above. Then the following theorem can 
proved. For each A in F with X r* 0 there is a p a j r ' ° 
vector suhspaces M\ and N\ of X such that: (1) UP 
is in Mx for all /in Afx and L(f) is in /Vx for all/ J 
/Vx; (2) every f in X can be written uniquely in 1 
form /i 4 fc where f\ € M\ and /*■€ N\\ (3) for ea ^ 
g\ e M\ there is one and only one element f\ * 



, lU .|, that L(f\) - X/i * (4) A\ is finite dimen- 

sional. It follows easily that existence and uniqueness 
'^tinns for the operator equation L(f) - \f = g 
reduce to the corresponding questions for the re- 
striction of L to the finite-dimensional space N\ and 
, ier „. r that the simple analysis given earlier applies. 
|t mav he proved further that M\ coincides with X 
for all values of X except those in a sequence Xi, 
^ such that lim X n = 0. 

f rt K he a continuous real-valued function de- 
ll nP <l on the unit square 0 g x : L 0 ^ y ^ 1. Let 
\ hr the Banach space of all continuous real-valued 
I, Mid ions defined on the interval 0 f x 1 with 
/" =- max | /(at) 1 . Then it can he proved that 
1 

tin* operator Lk which takes / into g where 
Z(x) « J 0 ' K(x,y)f(y) dy 

i* ii ( iimpletel} continuous linear operator. Applica- 
tion ol the theorems cpioled above vields most of 
the icMilts of the Fredholm theory «>f integral equa- 
tions. Such integral operators occur in inverting 
tin member* of a large class of lineal differential 
i.[H*rators. There are similar results for integral op- 
rrnlors in 9.n variables, it being possible to estab- 
lish complete continuity whenever the region of in- 
ti •nation is hounded. 

Infinite-dimensional versions of theorems about 
liases of proper vectors and functions of operators 
lake their simplest and most complete form when 
the uridcrlving Banach space is a Hilbert space: 
that is. when there is defined an F-valued “inner 
product’' / • g for each / and g in X which satis- 
fies the following conditions: (1) (A/ + < •$) ' h — 
*W * h\ f pAg ■ h) ; (2) (f’g) ~ (g ■ /) ; nnd 
(31 (f • f) = I !/j |- for all /, g , and h in X and all 
A and // in F. The simplest (and original) example 
•d a Hilbert space is the vector space of all se- 
'jucTices ci, c-j, ... of complex numbers such that 
( i J -| !c«i[ a -f- • • • < oc, based on the definition 
■ • • ) * (c/.c/, . . .) = Ci C\ f CoC*/ + * * * 
Xow let L be a completely continuous linear 
delator the domain of which is a separable 
Hillurl space H and whose range is contained in H. 
I^t /. he self adjoint in the sense that L(f) m g = 
I>tg) for all / and g in H. Then it is a theo- 
rn!1 that there exists a sequence v-i.. ?’j, of members 
// which has the following properties: (l) each 
r ’ a proper vector for L ; (2) if / is any element 
* n H and r,- = / • Vj then / ~ c\V\ -f c-ji’-j A • • • in 
the sense that the partial sums of this series have 
/ as a limit; (3) v t • uj = 0 if i ¥> j and v k • v x = 1. 

h a sequence is said to be an orthonormal basis 
|" r Just as in the finite-dimensional case one can 

° r,n more or less arbitrary functions of the opera- 
tor /,. 

. r «ugh terms the celebrated spectral theorem 
h ? generalization of the preceding theorem in 
the operator L, though self-adjoint, is not 
Inquired to be completely continuous. Instead of a 
terete basis of proper vectors one finds a sort of 
c ° n tin lions basis. More precisely it is possible to 
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map H onto a Hilbert space H ' whose elements 
are complex-valued functions in such a manner that 
the norms and the vector space operations are pre- 
served and so that L becomes the operator of multi- 
plying the elements of H' by a fixed real-valued 
function. 

In addition to the abstract theory there are many 
detailed studies of particular operators of impor- 
tance such as the I. a place and Fourier transforms 
and numerous applications to differentia] and inte- 
gral equations. Moreover in addition to the theory 
of single operators there are extensive theories of 
certain kinds of collections of operators. A ring of 
operators contains the sum, product, and difference 
of any two of its members, and a group of operators 
contains the inverse of every operator in it and the 
product of each two operators in it. The theory of 
groups and rings of operators is related tr. the al- 
gebraic theory of groups and rings much as the 
theory of a single operator is related to systems of 
I ‘near algebraic equations. It has applications to 
harmonic analysis and to the conceptual founda- 
tions of quantum mechanics. .Sec Complex nijm- 
nr.Ks and com cLhX \ ariaih.es: Croup theory; 
Inti. cave transform; Heal variable; Ring the- 
ory; Set theory; Topology. [g.w.m/] 

Bibliography'. A. E. Taylor, Introduction to Func- 
tional Analysis . 1058. 

Operator training 

reaching a factory or office worker to perform a 
job. Instruction ma\ he limited to the performance 
of one repetitive operation, or it may cover all 
skills required of a craftsman such as a pipefitter 
or toolmaker. 

Basically, operator training is the same as other 
training. In practice, operator training usually has 
more limited objectives and scope than training 
given in most schools. Factories and offices nor- 
mally train an operator to meet only their own 
specific needs. 

Operator training is done in two ways: entirely 
on the job. or by planned instruction. On-the-job 
training is comparatively unplanned. The operator 
learns from the foreman or group leader as circum- 
stances of the job permit. While this training has 
the advantage of low first cost, it usually produces 
long learning periods, low output, poor quality, 
misuse of tools and materials, and unsafe working 
habits. Planned training by a competent instructor, 
followed by guided, on-the-job practice has a rel- 
atively high initial cost but pays off rapidly in 
enhanced operator performance. 

Most courses arc prepared by the training de- 
partment, by the industrial engineering department 
of the company, or by an outside specialist. Sipali 
companies may appoint a supervisor or other per- 
son to organize a course in addition to his other 
duties. Instruction is usually given by a supervisor, 
experienced operator, or other person of recognized 
competence. Keys to good results are (1) to get 
participation from the trainee and the trainee’s 
supervisor from the outset and (2) to have the in* 
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struction Hone by experienced authorities on the 
subject. Operator training emphasizes the building 
of confident, adequate people rather than merely 
the training of technically competent workers. Phis 
tends to create a desire to do the job properly in 
addition to the ability to do it. See Mktiious i-.n<;i- 
Nhl.MNG. | H. T. sr:il\VA\ | 

Ophiocistioidea 

A small class uf extinct Fchinozou which ranged 
from Ordo\ician to Devonian times fsee illustra- 
tion). 'flic domed a bora I surface of the test was 
roofed by polygonal plates and carried ail anal 
pvnimid. Below, at die center ol the flat adoral 
sid<» lav the mouth, with interrad ini jaw r s sur- 
rounded bv a flexible peristome. From it radiated 
the f> ambulacra, each one* with 3 rows of amlni- 
lacral plates. About 8 pairs of large tube-feet 
emerged from each ambulacrum, by way of pores 



Volchovia volborthi (Ordovician, Russia). 



(a) Ophioglossum, or addei’s longue fern, with a 
single leaf, consisting of a petiole and simple, ova! 
blade, and a stalked, fertile spike with several larrp 
sporangia, (b) Botrychium, or grape fern, showing thr 
division of the leaf into a sterile foliage part and a 
fertile spike with many sporangia. (From H. J. Fuller 
and O. Tippo, College Botany , Ho/f, rev. ed., 19?4 


King between the median and the outer rows of 
plates. Kacli tube-foot was coated with small over- 
lapping scales. Tn each of the !"> adoral inlerradial 
areas lav a -ingle row of plates, and in one of them 
was the inadreporile. See FciiinozoA. 

| ji. it. !• n.i. | 


Ophioglossales 

An order of the class Filieineae cotmnonlv known 
as the adder's longue ferns. It is a small group with 
only 3 genera and about 80 species. Two of the 
genera. Ophioglossum and Hottwhium , are widelv 
distributed in tropical and temperate regions and 
have about the same number of species, while the 
third genus, Helminthost<rchvs % is represented by 
a single species confined to southeastern Asia and 
Polynesia. These are considered the most primitive 
of the present-day terns. No fossils have been re- 
ported lor this order. The plants are homosporoiis 
and eiisporangiato, that is. spore sacs develop from 
groups of epidermal cells. This group is distin- 
guished from other ferns by the arrangement of the 
sporogenous tissue in the characteristic ‘"fertile 
spike*’ of the sporophvte (spore-producing genera- 
tion). The leaves are erect and not circinate. See 
T.kat (botany). The gametophyte (gamete-pro- 
ducing generation) is a small colorless, fleshy, 
subterranean saprophyte (Jiving on dead organic 
matter) associated with an endophytic fungus (see 


Ft \<;i). The order appeals to he an evolutions 
dead-end. See Ft l.iriNKAi: ; P Tritorsii) v. 

| |». A. VI s I’M 

Hihliograph x : See Fll.lf.Al.t.s. 

Ophiurida 

An order of Ophiuroidca in which the vertebrae 
articulate by means of hall-and-soekel joints, ami 
the amis, which do not branch, move mainly h«»tn 
side to side and do not coil in the vertical plain* 
The disk and arms are usually sheathed in ' cgu- 
lurlv arranged [dates. These are disposed in ^ n,r 
series on the arms, namely one dorsal, one ' pn ‘ 
tral. and two lateral. There is a single niadrr- 
poritc. The order embraces most of the ku«* n 
genera of brittle stars and includes 13 family 
See Orim iioii)i;\. fn. b. n.ii-i 

Ophiuroidea 

\ subclass of the Asterozoa, known as the hrittk 
star-, in which the arms are usually clearly deinar 
ealed 'irom a central disk and perform whi|di' f 
locomotor movements, and the tube-feet are 
suctorial sensory tentacles. In all existing opniu 
roids the uinbulaeral plates fuse together in P a,r 
to form articulating joints termed vertebrae, an^ 
the anibulacral groove is converted into an interna 
epineural canal. 

As Fig. 1 shows, typical ophiuroids have a d ,s 



rinrtive shape unlike that of the other Asterozoa, 
, n( j {he vigorous lashing movements of the arms 
ili-tinguish them at onc e from asteroids. However. 
f„^j| ophiuroids are known which approach aster- 
rt! ,l* in structure, and the I wo groups are evidently 
j^Hv related. Sec Astkroiuka ; Astkkozoa. 

There are about 1900 extant species referred to 
■»{i) jjcnera. arranged to form 3 orders (.see Oik;o- 
iMll uunv: OiMiU KiDA ; Piikynophipriiiv). There is 
,| s( ,onc Paleozoic order, the Stenurida. 

Ophiuroids are usually 5-armed. w r ith 4- or 0- 
, rm ed individuals oceurring as abnormalities: but 
, tins species are regularly 0- or 7-armed. In some 
) ; nr\,iliie the arms ma\ braneh repeatedly: these 
.in* rhc '•o-eallcd basket fishes. fn the smallest spp- 
, i,.s the disk and arms together ma\ be no more 
iii.m .i few millimeters across. Large species ma> 
!u\e a disk 10 cm across and an armspread of 
Tn»pi, al species are often patterned in con- 
tusing '-olors. but most ophiuroids tend to match 
•lii'ii en\ ironment. Their biochromes do not include 



i®’ ^ ‘ Representative ophiuroids. (a) Pectinura cy/in- 

Inr.. .1 . r 

Astroporpa wilsoni. (c) Gorgonocepnalus 


dncci. t 


[ dm, 


b) 


'*nsis. 
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echinochromes. Some species are luminescent. al- 
though not constantly so: the light is emitted by 
cells at the bases of the arm spines, usually only on 
stimulation. Such species are known for the genera 
Amphiura. Amphipholis . and Qphiacantha . 

Relation to man. No ophiuroids are used as food 
bv man. and none are venomous. Ophiuroids must 
have a considerable indirect economic importance 
in view of their immense numbers and eonsecpient 
significance in natural food chains involving com- 
mercial I v sought species. 

Ecology. Ophiuroids occur in all the oceans from 
low-tide level downward, often in dense populations 
which number millions to the hectare. Six families 
range helow a depth of 2 miles; the genera Ophi- 
urn . * Imphinphiura , and Ophiurantha range below 
1 miles. The shallow-water forms hide among algae, 
under stones, or within sponges, or bury the disk in 
sand or mud. leaving only the arms protruding. 
Deep-water forms lie in or on the bottom material 
or adhere to corals or cidarids. 

Among their numerous parasites are Protozoa in 
the stomach nr genital organs; nematodes, trerna- 
lodes. and Crustacea: Myzostomida sometimes oc- 
cur (sec Ciunoiiu.a) . Parasitic algae such as Coc- 
cumvut ophiurae infest the spines and cause mal- 
loi mat ions; parasitic mnllusks are much rarer 
than is (hr case with starfishes and sea urchins. 

Skeleton. The Paleozoic families had open ambu- 
lacral grooves on the undersurface of the arms, hut 
in all extant forms the groove has sunk inward, and 
the ventral midline of the arm usually carries a 
median row of plates. In five Paleozoic families the 
amhulacral plates are paired, as in asteroids; in all 
other ophiuroids these plates fuse hi pairs to pro- 
duce jointed vertebrae, and the corresponding ad- 
amhulacral plates become the so-called lateral 
plates on either side of the arm. fn most extant 
forms tin arm comprises a series of jointed seg- 
ments. each one containing a vertebra, and each 
one covered externally by the ventral plate, light 
and left lateral plates, and a dorsal plate. These 
features are used in diagnosing the several orders. 
Spines are often carried b\ the skeletal plates, 
imperially where the lateral arm plates represent 
the adamhulacral spines of asteroids. In the 
order Ophiuridu they commonly form an erect 
fringe to the sides of the arms; in the suborder 
Luryalina they commonly are transformed into 
clubs or booklets, and hang downward. 

Muscular system. The arms ill extant ophiuroids 
are provided with well-developed longitudinal mus- 
cles linking the successive vertebrae. The two ex- 
tant suborders are each characterized by a distinc- 
tive arm movement, horizontal in 1 lit* Ophiurida. 
and vertical in the Euryalinu. This distinction , is 
related in eitliei case to the form of the vertebrae, 
which in turn arc defined in the taxonomic diag- 
noses. Ophiurida move rapidly when disturbed. One 
of the arms is either trailed or pushed ahead, 
whereas the other four arms operate as two op- 
posite pairs of levers, thrusting the body forward 
in a series of rapid jerks. Unlike asteroids, the 
tube-feet play little part in locomotion, or none at 
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Fig. 2. External features of the ophiuroid Amphiura. 
(a) Aboral. ( b ) Adoral. 

all. In very young stages, however, the tube-feet 
may be used as stilts, and seem to be weakly ad- 
hesive. Euryalina have bigger vertebrae and smaller 
musrles. and i heir movements are less spasmodic; 
but they are able to coil the arms very firmly 
around other objects, and retain their hold after- 
death. 

Alimentary system. The mouth, in the middle 
of the underside of the disk, serves for both inges- 
tion and egestion of food, because there is no anus 
in existing forms. The gut comprises only the sac- 
like stomach, in the walls of which are glandular 
hepatic cells. The stomach sends blind caeca into 
the arms in the Ophioeanopidae, a character re- 
calling the asteroids. 

Although many ophiuroids are predatory on small 
organisms when opportunity offers, most of them 
evidently spend most of their time scavenging in 
detritus, eating whatever they find. They are selec- 
tive. because their gut does not permit the gross 
mud swallowing practiced by asteroids in similar 
circumstances. Thus. Pertinura will feed selectively 
on beech pollen in season in the New’ Zealand 
fiords, where the trees overhang the water. Among 
the more consistently predatory ophiuroids are cer- 
tain Euryalina which cling to the branches of black 
corals and brow’se upon the polyps. Ophiuroids 
which live in lurge. dense populations evidently 
rely upon a steady flow of suspended matter, and 
there is evidence that sea-floor currents supply 
this, according to H. Vevers (1952) and D. Hurley 
(1959). Basket fishes sometimes live in these con- 
ditions rhythmically sweeping the branched arms 
toward the mouth (H. L. Clark, 1946). 
Water-vascular system. This system is typical 


for the phylum, but the tube-feet lack ampullae and 
suckers, and can be retracted into so-called tenta 
rlo pores. The madreporite normally lies in one 
interradius of the adoral surface, but some Eurv 
alina have a madreporite in each interradius. 

Nervous system. This system is also typical f„, 
the phylum. No organs of special sense are known 
and it may he inferred that photoreceptor* an( j 
chcmoreceptors are distributed on the ectoderm of 
the ambulacra] tube-feet. See Nervous system 
(invertebrate). 

Reproduction. Ophiuroids may take up to 2 year* 
to reach sexual maturity, and full growth may n*- 
quire 3 or 4 years. The life span is unknown but 
may he estimated at about 5 years. Large Eunalinu 
such as Gorgonocephalus , may well live mwli 
longer. The sexes arc usually separate, but n fi*w 
species such as Amphiphofis squamuta arc her 
maphmditic. In a few species tin* female carries 
dwarf male clinging to the disk. The ovaries and 
tester are confined to the disk, and open indinvth 
to the exterior by way of interradial pouches in tlu 
integument, termed genital bursae. Tn the Ophi..- 
canopidae. however, the gonads arc seriallv paiit-d 
in the basal arm joints, and do not open into huisir 
Those species producing ophiophiteus larva** .in- 
apparently fewer than those with direct develop- 
ment. hi viviparous species the young are retained 
in the bursae. Regeneration of lost organs is wide 
spread Aiitotomv (shedding of the arms) is prac- 
ticed liy most species when interfered with: the 
disk alone regenerates the lost members. The \ai- 
phiuridae can also regenerate the gut and gnn.uk 
which may he east off in autotomy. Specie** < 1 
Ophiactidae regularly reproduce In transverse n- 
sion. so that the arms (usually 6 in such form-' 
occur in 2 -cts. of 3 large arms and 3 small arm-* 
fn no ease have discarded arms been observed t" 
regenerate. .See Stenurida. 

| II. B. H'.l ' ' 

Bibliography: H. H. Fell, Phylogeny of sea stai*. 
Phil. Trans. Roy. Soc. London , Ser. B, 246:«W1 NU 
1963; T. Lyman. Report on tlie Ophiumidea. in 
Report of the Scientific Results of HMS (JuiUer^ 
Zoology, vol. 5. 1882. 

Opiates 

Drugs derived from opium, the dried juice of tj 1 * 
Oriental poppy seed. The active principles are * 
kaloids; three are in common use, morphine, ( » 
deine. and papaverine. Earlier crude extra*’* 8 ^ 
opium, like laudanum, have been largely rep 
by newer, more predictable, synthetic compo un 
See Alkaloid. , e 

Opium and many of its derivatives are * na ^ 
sics; that is, they relieve pain; morphine is tic ^ 
present-day example. It achieves its effect ^ 
pression of the cerebral cortex so that sensatioi^ 
dulled, anxiety is lessened, and a somnolent 
is induced. Other effects include depression o ^ 
centers, reduction of gastrointestinal 
production of a mildly euphoric styUe ^ esC p Al x, 
therapeutic uses ih certain conditions, ^ec 
deep; Sensation. 



Codeine has an effect similar to but less powerful 
than morphine and is used for relief of moderate 
,ain. It ah* 0 has a rather selective suppressive ef- 
fect on the cough center of the brain stem so it is a 
common ingredient in cough medicines. 

papaverine is primarily an antispasmodic which 
to relieve unwanted contraction of smooth 
nmoles, particularly of the gastrointestinal tract, 
bronchi, and blood vessels. 

The most undesirable side effect of continued 
l|SP rt f opiates is addiction. Immediate side effects 
which have dangerous possibilities are depression 
„t respiratory centers, the decrease of body tem- 
perature. and a decrease in motor coordination. See 
Papaverales; Poppy. | e. g. stuart] 

Opisthobranchia 

\ Mibclass in the class Gastropoda containing 
ihesca hares such as Aplysia , the pteropods or sea 
butterflies, and the nudibranchs or sea slugs. 

Respiration is usually by means of gills which, 
when present, are posterior to the heart. Respira- 
tion can he maintained, however, by the external 
-urlace of the body. The visceral loop is not twisted 
into a figure 8 and the nervous system is concen- 
trated around the esophagus. A shell, when pres- 
ent. is general 1> small and may he external or in- 
ternal. There are usually two pairs of tentacles; 
•lie operculum is absent except in the families 
Vnieonidae and Pyramidellidae; and the sexes 
»•' united l hermaphroditic* ) . 

Sea hares and their relatives are widely distrib- 
uted in most tropical and temperate seas. The shell 
ma\ he partially covered, internal, or even absent. 
There are crawling and swimming forms. 

The pteropods are pelagic animals in which the 
!"ut has become modified into a pair of large fins, 
flic "hells are thin and glasslike and are absent in 
dip adults of certain families. 

In the nudibranchs the shell is usually absent 
and the gills are variable in size and in position. 
Vr tibranciiia; see also Nudibranchia. 

r w. J. CLENCH 1 

Opisthocoela 

^ suborder of the Salientia in which the trunk 
'ertehrae arc convex anteriorly and concave poste- 
norh* tree r jb s are p resen t in the larva or adult of 



t 0 Qc k‘ ^ Xeno pus miilleri . (b) Pipa pipa, female 
ul..* 8 ®*' ^om G. K. Noble, The Biology of the Am - 
Ph ' h ' 0 ' Dover, 1954) 
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these frogs. The typical opisthocoelous families are 
the Discoglossidae with three genera, Bombina, 
Alyrtes, and Discoglossus , in Europe, North Africa, 
and the Orient, and a fourth, Barbourula , endemic 
to a single island in the Philippines, and the 
Pipidae of South America and Africa. A South 
American genus is Pipa , noted for its peculiar 
breeding habits. The male deposits the eggs on the 
back of the female. They become embedded and 
enclosed in the soft skin in individual pouches. 
Protected, they develop and rupture through the 
skin pouches as miniature toads. The important 
African genus is Xenopus , the clawed frog (see il- 
lustration). widely used in human pregnancy tests. 
Included within the Opisthocoela at times, but of 
obscure relationship, is the monotypic Mexican 
family Rhynophrynidae. See Amphibia; Salientia. 

[r. c. zweifel] 


Opossum 

A name given to any of several American marsu- 
pial mammals of the family Didelphidae. but usu- 
ally applied to the common opossum, Didelphis 
marsupialis , of the United States and Mexico. The 
United States form is sometimes considered a dis- 
tinct species, D. virginiana. 



Female opossum and young, Didelphis virginiana ; 
length to 21 in. ( Courtesy Lynwood M . Chace, Na- 
tional Audubon Society ) 


Opossums occur over most of the United States 
east of the Rocky Mountains, and have thrived 
after introduction in southern . California ; there 
are also populations in the Northwest. 

Opossums are prolific, tough animals that will . 
eat anything and live anywhere, with a great ca- 
pacity to survive injuries and adversity. They are 
among the most common fur-bearing animals and 
produce a beautiful silky gray fur; the pelts bring 
* a low price, however. Opossums are hunted with 
dogs at night for sport and for food, and are 
trapped for their fur. See Marstjpialia. 

[j. d. black] 


Opsonin 

A term used in serology and immunology to refer 
to a substance that enhances the phagocytosis of 
bacteria by leukocytes. As originally proposed by 
A. E. Wright and E. R. Douglas (1903-1904), the 
term denoted a thermolabile, relatively nonspecific 
substance present in normal sera. In modern usage. 


opsonin is more generally synonymous with the 
bacteriotropin of F. Neufeld and eoworkers (1904- 
1905 ) , a relatively thermostable antibody, increased 
in amount during specific immunization, that ren- 
ders the corresponding bacterium more susceptible 
to phagocytosis. There is evidence that this action 
can he promoted to some extent by antibody alone, 
but that it is substantially increased by the further 
addition of the therrnolabile complement system. 
Opsonic activity can be displayed by antibodies 
that also give precipitation, agglutination, lytic, 
and neutralization reactions. 

The opsonic index is a numerical measure of the 
opsonic activity of sera, found by dividing the 
average number of bacteria per phagocytic cell, as 
determined in the presence of an immune serum, 
by the corresponding value obtained in tbe pres- 
ence of normal scrum. See Aggletination reac- 
tion; Antibody; Bacteria; Lytic reaction; 

\l!I IR \l I/ATION REACTION ( AVI I BODY ) ; PHAGOCY- 
TOSIS; Precipitin iest; Serum (anatomical). 

I H. I\ TKKI tens'] 

Bibliography: (I. S. Wilson and A. A. Miles. 
Topfey and ITU son's Principles of Bacteriology 
and Inununit \\ 2 voK, 4th ed., 1955. 

Optical activity 

Opticallv active substances are capable of rotating 
the plane of polarization as plane-polarized light 
passes through them. There are three types of op- 
tical activitv : that exhibited by substances in the 
crystal slate only ; that exhibited by substances in 
unv physical state; and that exhibited l»\ any sub- 
stance. whatever its physical state, when placed in 
an intense magnetic field (Faraday effect). Since 
the last of these is not an intiinsic property of mo- 
lecular or crystal structure alone, but must be in- 
duced by an external magnetic field, it will not be 
considered in this discussion. See Faraday ei- 
ii:<T; M \(.\eiooi»ti<:s; Polarized eight. 

Optical activity may be observed by means of a 
pularimeler, which is an instrument with a fixed 
polarizing device (nicol prism) al one end of a 
tube and a rotatable polarizer at the other (ob- 
server's end). If the two polarizers originally are 
adjusted to exclude passage of all light and an op- 
tically active substance; is interposed between 
them, light will he observed. The angle through 
which the movable polarizer must be rotated in or- 
der once more to exclude the passage of light is a 
measure of the optical activity, the observed rota- 
tion a. Experimentally, the specific rotation 
| a ] for a pure substance is given by 


wherein T is the temperature (°C). \ the wave- 
length of monochromatic light used (usually the 
sodium D line or mercury F line), / the distance 
through the sample (in decimeters), and d the 
density of the sample. When the sample is a solu- 
tion of an optically active substance, d is replaced 
hv the concentration c expressed in grams per 100 
ml of solution : 



Frequently, it is of interest to compare the rclat* 
optical activities of different substances, and T 
this purpose the molecular rotation \M I 

. .r 1 *nore 

significant : 

[Mil - [a] T • MW 

wherein MW is molecular weight. Since the ni«l«r 
ular rotation may he a very large value, ii 
reported as one one-hundredth of the value 0 |,. 
tained from the equation. 

As the foregoing equations implv, optical rota- 
tory power is a function not only of the substanu 
but also of the solvent (if any), the wavelength nj 
light used, and the hemperature; also, it is dirtM tl\ 
proportional to the distance the light travel, 
through the substance or its solution. 

Since plane-polarized light comprises a ridit 
and a left circularly polarized beam, any factor 
which retards one of these beams more than tin- 
other will effect rotation of the original plane oj 
polarization. Also, since it has boon shown that tin 
absorption coefficients of right and left circuhirK 
polarized light are different for either the drxtm- 
or levorotatory member of a pair of euanliuinnrplh 
provided the strucliuc irsponsible lor the alNoip 
tion is intimately associated with the opticallv at 
live center (circular dichroism. GotUfn efTcitl. ii 
follows that the underlying source of optical ,n- 
tivily interacts differently with a right or Irtt rii 
cularly polarized beam. Similar evidence is *cm in 
the anomalous rotatory dispersion encounlcinl 
when plane-polarized light, of wavelength appu* 
priate to absorption by a structure mtimatelv 
soeiated with the optically active* center, is pas-ci 
through an optically active substance, furth-i 
more, the emergent beam under such circum- 
stances is elliptieallv polarized, indicating J 
change of the 90° phase difference between tin* 
original right and left circularly polarized com- 
ponent beams. 

The reason for such anomalous phenomena, in- 
cluding optical rotation, is attributable to passage 
of the light through an unsymmetrical electrical 
field within the crystal or molecule. See Rotato'O 

DISPERSION. 

Optical activity in crystals. Many inorganic crys- 
tals (notably quartz) and some organic crystal" 
are optically active. Quartz crystals are n)<> c t in ' 
teresting as optically active solids. Well-form'* 
crystals exhibit the phenomenon of enantiornorpn- 
ism (heinihedry) ; that is, pairs of crystals ma} * ie 
found which are nonsuperimposable mirror inrt£ e " 
of each other, one of which is dextro- and the oila r 
levorotatory (Fig. 1 ). Both of these lose their np ,! 
cal activity on fusion. Clearly, then, the ensw 
structure lacks a certain element of syinm^O 
which may he described as an n-fold alternating 
axis of symmetry (where n = 1, 2, or 4). 5 llC 
dissymmetric crystal structure constitutes an ol1 , 
wardly observable symptom of internal electron^ 
dissymmetry. That is, the valence electrons bon 
ing the elements of the crystal are not symmet r 




Fig. 1. Left- and right-hand quartz crystals. 


, 1 1 1 v disposed in the c rystalline aggregate. Hence 

J.ram of plane-polarized light passing through 
,,„-|i ;i rrystal will encounter an electrical field 
l.iek ifiii in the same symmetry elements as the er\s- 
tal 

In a rigid system such as a rrystal. a simple dia- 
uramniiitio picture for optical activity is possible. 
hiMU'c - leprcsrnts the variation with time of the 
rh'i 1 1 i< a I field in a beam of plane-polarized light 
ulumr direction at H is perpendicular to the paper. 
I’lie electric forces of the light act upon the elec- 
tron- within the crystal along the line AH and ini- 
|urt to them a period ie motion. However, if the 
I'ii'i t roii- are me-\ mmetrieallv arranged, the direc- 
tion of imparted motion ( polarizabilit \ ) av ill not 
he along tlm lino AH lint along another line CH 
“tig. .‘H. Such a periodic motion of electrically 
iliarged particles must produce plane-polari/ed 
radiation whose direction is perpendicular to the 
papei. and the emergent beam will consist of two 
I'hinc-polari/.ed components of the same fre- 
ijiifncv, original (AH) and induced ( CD ) . which 
"•inhinc to produce a beam whose plane of polari- 
Minnt falls between those of its components (h b ). 
Ilia- t lif' original plane of polarization has been ro- 
tated through 0° as it passed through the rigidlv 
fived urisyinmetrical electrical field of the ervstai. 

Although enuntioinorphism may not he observ- 
able in all crystalline substances, nevertheless un- 
s \tmuetrical electrical fields may exist in the ervs- 
l ab. In enantioinorphous crystals of relatively sim- 
ple inorganic substances, molecular structure and 
‘ r\ -sial structure frequently may be considered 
kV nnmmo„ s> the crystal being regarded as a mac- 
ruinolecule the constituent atomic groupings of 
which are specifically oriented and rigidlv held by 
hitracrvsialline forces. 

/i- H 

i 

fl 9 2. Plane-polarized light in a symmetrical medium.. 



fi 9- 3. Plane-polarized light in an unsymmetrical 
Medium. 


Optical activity ai# 

Optically active crystals, comprising isotropic 
(sodium hromate and chlorate), uniaxial (quartz, 
hcnzil). and biaxial (zinc sulfate, barium formate) 
crystals, lose their optical activity upon fusion, 
solution, or vaporization, since the unsymmetrical 
field present in the crystal is lost when a c hange of 
state occurs, permitting completely random orien- 
tation of the constituent symmetrical molecules or 
inns. 

Optical activity of organic compounds. Any col- 
lection of molecules which individually possess 
structural dissymmetry (and therefore unsynmiet- 
rical electrical fields within them) may he treated, 
on a time-average basis, as a macromolecule with 
the symmetry properties of its components, regard- 
less of the instantaneous orientations of the indi- 
vidual molecules. Accordingly liquids, vapors, and 
solutions of organic molecules of dissymmetrical 
structure will exhibit the same optical properties 
expected of the discrete molecules themselves. 
Thus, us for crystals, molecules possessing an 
//-fold alternating axis of symmetry in any freely 
attainable conformation will fail to exhibit optical 
activity in the liquid, solution, or vaporized state, 
and tho-e lacking such symmetry will exhibit opti- 
cal activity, unless structural features permit lac- 
ilc interconversion of one dissymmetric conforma- 
tion into its mirror image, either with or without 
passing through a symmetrical intermediate con- 
formation. For purposes ol the ensuing discussion, 
onlv //-fold alternating axes of symmetry, where 
// = 1 or 2 (plane or center of symmetry ), will he 
considered. 

Tlte simplest criterion for niolot ular dissymme- 
try is the presence in a molecule of an asymmetric 
■arbon atom, that is. a carbon atom carrying four 
different substituents (T) and ( 11 ). Where only one 
such asy mnicti ic center is present, two lionsuper- 
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im posable mirror-image configurations are possi- 
ble, one rotating the plane of polarized light to the 
right and the other equally to the left. However, 
when more than one such center is present, all cqji- 
figurations are not necessarily nonsuperimposable 
on their 'mirror images, for if pairs of identical 
asymmetric centers are present, at least one (for a 
single pair of identical centers) configuration will 
he identical with its mirror image; that is. it will 
possess cither a plane or center of symmetry and 
thus he optically inactive. Such a substance, is 
called a meso compound and is said to be optically 
inactive because of internal compensation. 

Molecular dissymmetry also derives from struc- 
tural rigidity, as in the terminally disubstituted 
allenes (VI) and spirancs (VII), and from the re- 
striction of free rotation about single bonds, as 
in the o,o,o',o'-tetrasiibstituted biphenyls (VIII). 
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Biphenyl type of asymmetric molecule 



4,5-Disubstituted phenanthrene Hexahalicene 

Sterically induced types of asymmetric molecule 

Sterio interference with a normally coplunar struc- 
ture may also produce molecular dissymmetry, for 
example, phenanthrene with bulky substituents in 
the 4 and 5> positions (IX) and hexahalicene (X). 
No asymmetric centers are needed in these t\ pes 
of systems. See Asymmetric synthesis. 

When the asymmetric atom is other than carbon, 
the same general principles apply. In the nitrogen 
family, optical activity is not observed in tertiary 
ammonium salts of the type RR'R"NH + X . since 
they readily dissociate to the tertiary amine which 
undergoes rapid inversions characteristic of am- 
monia itself. However, in a rigidly bonded system, 
inversion of tertiary nitrogen may be prevented 
and the nitrogen may then constitute an asymmet- 
ric center. Thus Troger’s base (XI) has two such 
asymmetric nitrogens and has been isolated in both 
optically active configurations. 



It is unnecessary to describe in detail the opti- 
cally active metal-ion complexes, for if the struc- 


ture of the complex as a whole lacks an n-fold al 
ternating axis of symmetry, it will be optical]^ 
active regardless of the nature of the metal ion ' 
the center, which is sometimes said to be asyinmet 
ric. The complex would remain optically active i n 
many (but not all) instances even if t} lt , 
inetal ion could he removed; only where the p 0 *j. 
tion of the central metal ion produces molecular 
dissymmetry is its presence essential to optical 
activity. See Coordination chemistry; Stkrhi 
CHEMISTRY. [w. K. VAt'MMNj 

Bibliography: F. A. Jenkins and H. K. White, 
Fundamentals of Optics , 3d ed., 1957. 

Optical fibers 

Transparent fibers used to conduct light along se- 
lected paths. With one fiber provided for each small 
element of an image, a bundle of fibers wih trans- 
mil a complete image in a manner that is free of 
many of the restrictions characteristic of conven- 
tional optical systems. 

For instance, a fiber bundle may he quite flexible 
and thus able to convey images around corners nr 
through tortuous channels. This capability make*, 
it well suited to instruments such as the ga^tro- 
scope that are designed for the viewing^of inure ri- 
sible places. A further unique characteristic i*. that 
within the resolving power of the bundle then* 
need be no imaging errors and. by proper arrange- 
ment o^the fibers, rotation, magnification, distor- 
tion, and field curvature can he completed con- 
trolled. 

The image transformations thus made possible 
are useful, for instance, in stellar spectroscope 
where it is desirable to transform a disk-shaped 
image into a slit-shaped one. Another important 
class of applications of optical fibers utilizes their 
relative compactness and light-transfer efficiency 
For example, in oscilloscope photography u short, 
solid, fiber bundle used as the tube fare can con- 
duct images from the phosphor layer inside the 
cathode-ray tube to a photosensitive film in contact 
with it on the outside. Optical fibers require le? 1 * 
space and operate at higher light-transfer efh 
cieney than conventional imaging systems. 

For effective light conduction the fibers must be 
highly transparent with smooth reflective surface?*- 
Under these conditions light entering one end is 
transmitted to the other end by repeated reflection?, 
as shown in the illustration. For conduction over 
distances that are long compared to the fiber diam- 
eter, the large number of reflections makes nece?* 
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can a reflection efficiency so high that even well- 
polished metal surfaces are not satisfactory, and 
the phenomenon of total internal reflection is nor- 
a llj used. To accomplish this, optical fibers are 
made of any highly transparent material, usually 
g j ;1 ^ nr clear plastic, surrounded by another trans- 
ient material of lower refractive index, which 
max be simply air. 

Fiber dimensions are not critical provided the 
diameters are large compared to the wavelength of 
|,jrht and provided the fibers in a bundle are spaced 
it least a wavelength apart to prevent light leak- 
jpp fmiri one to another. Fiber diameters of the 
i»rdei of 0.0005 in. are quite feasible, thus making 
l„,^ibk* the transmission of a standard 525-line 
i»*le\ision image through a bundle only about in. 
illicit. See Reflection (electromagnetic uadia- 

I ioN ). | S. M. MAC NKILl.h | 

Bibliography: John Strong. Concepts of Classi- 
cal Optics , 1958. 

Optical flat 

\ <lisk of high-grade quartz glass approximately 
i in. thick, having at least one side ground and 
jioli'dird with a deviation in flatness usually nnt 
•■Mrrding 0.000002 in. all over, and a surface qual- 
ih ol 5 microfiiiish or less. When two surfaces of 
tin-' <(u«ilit\ aie placed lightly together m» that the 
.hi k not wrung out from between them, they will 
he separated by a film of air anti actually touch at 
»nl\ one point. This point will then he the vertex of 
i wnlgc of air separating the two pieces. 

If parallel beams of light pass through the flat. 
Part w ill he reflected against the surface being in- 
pivtcd. while part will he reflected directly hack 
through the flat. Because the distance between the 
■airfares is constantly increasing along the angle, 
‘lie beams reflected from the flat and the beams re- 
! h«tcd from the workpiece will alternately rein- 
farce and interfere with each other, producing a 



'9* 1. Optical flat being used ta determine flatness 
*al ring. Interference bands on seal ring face show 
* nes constant depth. (The Van Keuren Co.) 
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Fig. 2. Measurement of height of sphere by means of 
gage blocks and optical fiat. 


pattern of alternate light and dark hands (Fig. 1). 
Each succeeding full hand from a point of contact 
means the distance between surfaces is one wave- 
length thicker. If the light is relatively monochro- 
matic, the wavelength is known. Red with a wave- 
length of 0.0000116 in. is commonly used. Thus a 
definite relationship is established between lineal 
measurement and light waves. Optical flats are used 
for two general purposes. 

Determination of surface contour. If the surface 
being inspected is flat, the light bands arc parallel. 
\ny deviation from flatness shows as curvature of 
ihe lines. The principle in interpreting a pattern 
is almost identical with the principle in interpret- 
ing a topographical map in that the bands connect 
points of equal distance from the master surface of 
the optical flat. Deviation from flatness can be re- 
duced to rational figures. 

Comparison of lineal measurement. When an 

optical flat is placed across a gage block or a build- 
up of blocks and another object, as an end stand- 
ard, a cylinder or a sphere, both of which are rest- 
ing on a precisely flat surface, then the angle be- 
tween the blocks and the flat can be measured and* 
consequently the difference in length between the 
gage blocks and the length or height or diameter of 
the unknown can be determined (Fig. 2). With the 
* high degree of accuracy available in electrical and 
pneumatic comparators, optical flats are seldom 
used in this way except for spheres or irregular sur- 
faces where point contact by the comparator is im- 
practical. 

The principle of interferometry is the standard 
method for measurement of gage blocks. However, 
an interferometer and not the optical flat itself is 
used. The wavelength of light is the present stand- 
ard of all lineal measurements. See Cages; Inter- 
ferometry. [r- a. bowman] 

Bibliography: F. H. Rolt, Gauges and Fine Meas- 
urements, 2 vote., 1929. 
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The materials used for optical purposes are chiefly 
glasses, but to a small extent crystalline sub- 
itances, usually grown for the purpose, are used, 
n the selection of materials for most uses, the 
troperty of being transparent to light is para- 
notint. Glasses transparent to x-rays and to infra- 
ed and ultraviolet radiation as well as those 
tpaque to these wavelengths are articles of com- 
nerce. Many crystalline materials are transparent 
o wavelengths to which glass is opaque, as are 
some plastic materials such as methacrylate (Lu- 
•ife and Plexiglas) and polystyrene. 

Refractive index and dispersion. When radiant 
jnergy reaches a boundary between one substance 
>r medium and another, some of it is reflected and 
he rest passes into the second substance where 
;ome of it is absorbed, some transmitted. The veloc- 
ty of transmitted radiation is generally different 
or different substances. For glass and other iso- 
ropic materials, the ratio of the velocity in vacuum 
(t;o) to that in the given substance (r) is (’ailed the 
•efractive index of that substance: n — Vo /v. See 
Refraction of waves. 

The absorption of energy in the medium may he 
•ubst antially uniformly distributed throughout the 
/isible spectrum, in which case the substance ap- 
pears colorless or gray; or there may be a more or 
less pronounced maximum of absorption in the visi- 
ble region, resulting in colored glass. The change 
in the velocity with frequency of the radiant energy 
nay he represented by a dispersion curve in which 
he refractive index n is plotted against the wave- 
ength \. 

In principle, the shape of the dispersion curve is 
letermined by the quantitative form of the absorp- 
!ion curves in the ultraviolet and the infrared. In 
no case, however, not even for silica glass, has the 
lispersion curve been completely correlated with 
<nown absorptions, and for all practical purposes, 
the dispersion formulas may he regarded as em- 
:»irical equations, the constants of which arc to he 
evaluated from measurements of refractive index. 
See Absorption (electromagnetic radiation). 

The refractive index is usually designated by the 
letter n, followed by a subscript indicating the 
wavelength of the light in vacuum; n r> indicates 
the refractive index for the mean D line of sodium, 
\ * 589.3 m/i.. In optical glass catalogs, it is cus- 
tomary to give the refractive indices for a group of 
spectral lines chosen by E. Abbe for the conven- 
ience with which they could he obtained for spec- 
trometric work. The source, designation, and wave- 


length in vacuum of these lines are given i n 
Table 1, together with some other lines which arc 
being used to an increasing extent because of their 
present greater convenience. 

Optical glass catalogs also give the mean disper- 
sion, commonly designated by (C — F) and other 
partial dispersions, as well as the dispersion ratios 
(D — C)/(F — C), and so forth, in which the sym- 
bols C, D, and F refer to the refractive indices for 
the spectral lines as designated in Table ]. An- 
other number given under various names is the nu 
value, v — (riD — l)/(n F — no) . 

Optical glass. The optical material most wideh 
used is optical glass. Optical glass, available in a 
wide range of refractive indices and dispersions 
differs from ordinary glass in its freedom from im- 
perfections. It must he free from unmelted parti 
cles or “stones,” from hubbies, and from chemical 
inhomogeneity, which gives rise to regions of van 
able refractivity known as cords or striae. Chemi- 
cal homogeneity is obtained by stirring the molten 
glass, a process discovered about 1790 by a Swi«* 
watchmaker, P.-L. Guinand. 

Class types. The early optical glasses were 
crowns and flints. The crown glasses were e«sen 
tially of the same type as wdndow glj^s, with low 
index and dispersion; the flint glasses contained 
lead oxide and had higher index and di«pei 
sion. These glasses, roughly indicated by the full 
line o^Fig. 1, did not have sufficient range in opti- 
cal properties to enable desirable corrections i< 
he made in optical systems. A great step foiwjiH 
was made by O. Schott in the introduction of tin 
barium crown and flint types, and a second advance 
was made by C. W. Morev in the rare-earth gla^e^. 
also indicated in Fig. 1. The range of available 
glass types and their optical properties are shown 
in Table 2, which includes wavelengths up to 2.5 " 
in the infrared. 

Variation of n with temperature. The tempera- 
ture coefficient of the refractive index is small, 
ranging from —3 X 10“ 6 for a fluor crown glass 
and 9 X 10° for silica glass up to 14 X 10 r * f«» r 
heavy flint glass. The refractive index of silica 
glass, for example, at 501.6 m/x (He green linel. 
increases from 1.4617 at — 160°C to 1.4772 at 
1000°C. 

Effect of absorption. When the absorption r, f 
light in glass is fairly uniformly distributed 
throughout the visible spectrum, and the amount 
of absorption is small, the glass appears coiorle* 6 
and limpid as viewed in white light; when the 
amount of uniform absorption increases, the gl^ 
takes on a grayish hue. Tf the absorption is srgni 


Table 1. Designation, source, and wavelength of spectral lines used in spectrometrlc measurements* 


Source 

Hg 

Hg 

H 

11 

He 

Hg 

Designation 

li 

8 

G' 

F 


e 

Wavelength, m#i 

404.7 

435.8 

434.1 

486.1 

492.2 

546.1 

Source 

Na (mean) 

He 

H 

He 

K (mean) 


Designation 

D 

d 

C 

b 

A' 


Wavelength, mju 

589.3 

587.6 

656.3 

706.5 

- 768.2 



* From G. W. Morey, Properties of Glass , 2d ed.. Reinhold, 1954, 
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2.4 


2.3 


2.2 


2 1 


2.0 


1.9 


x 

a) 

"0 


0 

ce 


I 8 


1.7 


1.6 


1.5 


1.4 


O liquids 
crystals 

• • • conventional glasses 
-0“, Kodak and other special glasses 


diamond 


♦ZnS 


/♦Agl 


♦AgCI 


, MgO 
zinc boratei 


Bo NO, 


Z- 


• ♦ 
SiO., ° 


'./rrri 



^■Pb(NO.;).. 


Br.. 


Plexiglas 




CaFo'* 
" LiF 


* (NH,)jSiF f; 


J CSCI, 

♦ Lucite +KCI 
’NoH, 
r NH.jO 

H Q., SO_. iCoHr,).^ 

" isobutyi acetate 
acetic acid 

acetone 


NH.CI 1 CS. 
t (> H,l 

° Fe(CO)r, 

. >".VI “SbCI;, 

;! ' + KCI° C»,Hi;Br 

PA; 


- SO , Cl.. 


1 


HNO ;t 


»H..O 


_L_ 




100 


90 


80 


70 


60 

nu 


40 


30 


20 


10 


,Q ' ^ Refractive index and nu values of some liquids, 
Cr ystals, conventional glasses, and Kodak and other 
s P®cial glasses. Glasses are grouped into types: below 
r e line (right to loft) are heavy flints, flints, light flints, 
e *l r a-light flints, short crowns, crowns, borosilicate 
jj r0Wlu ^angular area), and fluor crowns; above the 
,ne to right), phosphate crowns, heavy phosphate 
Cr °*ns, and barium crowns (triangular area); above 


50 

value 

them heavy barium crowns and light barium flints; 
above them extra-heavy barium crowns and similiar 
glasses, barium flints, and heavy barium flints; broad 
field above and to right of heavy barium flints is oc- 
cupied by Kodak and similar glasses. (From G. W. 
Morey, The Properties of Glass, 2d ed.. Reinhold, 
1954) 
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Fig. 2. Transmission curves of glasses for controlling 
the ultraviolet portion of the spectrum, made by Corn- 
ing Glass Works, and identified by Coming's color 
specification number. Number 0—53 is standard chem- 



ical Pyrex brand glass; 0-54 shows a blue fluores- 
cence when excited by wavelength of 254 m/i; 7-59 
shows 15% transmittance of 499 mfj.. ( Corning Glass 
Works) 


cantly greater for light of any particular color, the 
transmitted light will appear of a complimentary 
color; since the absorption is never monochro- 
matic, the color will depend on the thickness of the 
sample. Comparisons are best made by means of 
curves showing the change of absorption with wave- 
length for sumplcs of standard thickness. 

Silica glass, in thicknesses such as are used in 
cameras and optical instruments, transmits all the 
radiation to which ordinary photographic plates 
are sensitive, that is, down to a wavelength of 220 
m jul, but wavelengths of 193 m/t and less are almost 
completely absorbed. The transmission of the usual 
colorless glass is limited chiefly by absorptive 


bands, as is indicated by the dispersion curve. The 
limit of transmission in ultraviolet light is dctei- 
mined largely by the content of Fe^O^, which 
shows strong absorption in the near ultraviolet. The 
limit of transmission in the very near infrared 
determined largely by the content of FeO, whirli 
shows strong absorption at about 1 ji. The best 
optical glasses have a transparency of over 99 r ; 
throughout the visible spectrum (380 780 in/i I , a 
result achieved only by using the greatest care in 
excluding impurities, especially iron. Ordinary win- 
dow glass removes the 313-m/i line of mercun 
vapor and shorter wavelengths. Typical trunsn.U 
sion curves of glasses are shown in Fig. 2. 


Table 2. Refractive indices of some optical glasses* 


Glam no. 

1 

2 

3 

4 

5 

6 

7 

8 

9 

10 

11 

Maker 

B-Lf 

B-L 

PM* 

B-L 

B-L 

PM 

B-L 

PM 

B-L 

Schott 

B-L 

Type no. 

70 

20-2 

5951 

160-1 

110-1 

6581 

120-1 

4887 

120-2 

F2 

220 3 

Name < 

Hard 

Boro- 

silicate 

Kxtra- 

liglit 

Tele- 

scope 

Dense 

barium 

Light 

Dense 

barium 

Light 

barium 

I >cnse 
barium 

Dense 

Kxtra- 

dense 

1 

crown 

crown 

Hint 

flint 

crown 

flint 

crown 

flint 

crown 

flint 

flint 


1.51166 

1.51666 

1.52390 

1.52970 

1.57136 

1.57348 

1.61173 

1.60535 

1.61703 

1.62082 

1.71968 

— nc 

0.00845 

.00802 

.01039 

.01028 

.00995 

.01338 

.01037 

.01381 

.01141 

.01707 

.02454 

V 

60.6 

64.4 

50.4 

51.5 

57.4 

42.9 

59.0 

43.8 

54.1 

36.4 

29.4 

Wavelength: 

0.3650 a* 

1.53245 

(?) 

1 .55052 

1.55555 

1.59610 

1.60880 

1.63738 

1 64171 

1.64570 

1.66714 

(absorbed) 

h .4046 

1.52597 

1.53013 

1.54192 

1.54736 

1.58837 

1.59718 

1.62935 

1.62975 

1.63666 

1.65163 

1.76506 

G' .4340 

1.52239 

1.52676 

1.53728 

1.54286 

1.58407 

1.59098 

1.62491 

1.62338 

1.63164 

1.64346 

1.75270 

g .4358 

1.52217 

1.52657 

1.53703 

1.54262 

1.58382 

1.59064 

1.62467 

1.62300 

1.63138 

1.64300 

1.75205 

F .4861 

1.51760 

1.52227 

1.53125 

1.53695 

1.57838 

1.58300 

1.61903 

1.61516 

1.62508 

1.63307 

1.73732 

e .5461 

1.51375 

1.51864 

1.52645 

1.53224 

1.57380 

1.57678 

1.61429 

1.60870 

1.61982 

1.62503 

1.72569 

l> .5893 

1.51166 

1.51666 

1.52390 

1.52970 

1.57136 

1.57348 

1.61173 

1.60535 

1.61703 

1.62082 

1.71968 

C .6563 

1.50915 

1.51425 

1.52086 

1.52667 

1.56843 

1.56962 

1.60866 

1.60135 

1.61367 

1.61600 

1.71278 

.60 

1.51123 

1.51623 

1.52336 

1.52913 

1.57081 

1.57280 

1.61118 

1.60456 

1.61638 

1.62005 

1.71842 

.65 

1.50937 

1.51447 

1.52112 

1.52688 

1.56867 

1.56997 

1.60891 

1.60163 

1.61394 

1.61632 

1.71330 

.70 

1.50789 

1.51302 

1.51934 

1.52507 

1.56690 

1.56764 

1.60709 

1.59930 

1.61196 

1.61358 

1.70935 

.75 

1.50659 

1.51179 

1,51788 

1.52357 

1.56542 

1.56583 

1.60557 

1.59740 

1.61030 

1.61126 

1.70608 

.80 

1.50548 

1.51070 

1.51658 

1.52230 

1.56420 

1.56422 

1.60423 

1.59581 

1.60890 

1.60936 

1.70358 

.85 

1.50458 

1.50978 

1.51548 

1.52117 

1.56314 

1.56290 

1.60312 

1.59445 

1.60773 

1.60780 

1.70140 

.90 

1.50373 

1.50893 

1.51454 

1.52015 

1.56217 

1.56172 

1.60212 

1.59324 

1.60668 

1.60635 

1.69956 

.95 

1.50299 

1.50818 

1.51367 

1.51927 

1.56137 

1.56066 

1.60123 

1.59222 

1.60576 

1.60517 

1.69794 

LOO 

1.50229 

1.50745 

1.51289 

1.51844 

1.56063 

1.55975 

1.60039 

1.59128 

1.60493 

1.60408 

1.69651 

1.5 

1.49665 

1.50114 

1.50677 

1.51158 

1.55465 

1.55282 

1.59380 

1.58*64 

1.59854 

1.59652 

1.68725 

2.0 

1.49094 

1.49446 

1.50096 

1.50460 

1.54896 

1.54647 

1.58732 

1.57887 

1.59268 

1.59026 

1.68040 

2.5 

1.48394 

1.48597 

1.49393 

1.49588 

1.54197 

1.53901 

1.57931 

1.57218 

1.58566 

1.58314 

1.67315 


* From G. W Morey. Properties o/ Glass . 2d ed., Rein hold. 1954; prepared from data by R. Kingslake and H. G. Conrady. 
t Banach and Lamb. t Parra-Mantou. 





Colored glass. The coloring agent or colorant in 
r | asM usually is considered to be produced by 
"ll substances dissolved in the glass which absorb 
characteristic frequencies, (2) particles of submi- 
rpwfopic dimensions, colloidally dispersed in the 
L'jass, such as gold or copper in ruby glass, or 
particles of microscopic or larger dimensions, 
either themselves colored, as in the aventurine 
or colorless, as in opal glass. The coloring 
prints which act by virtue of characteristic ab- 
.nrption spectra are all elements belonging to the 
transition rows of the periodic system, and espe- 
cially to the first of these rows, to which belong 
titanium, vanadium, chromium, manganese, iron, 
fuliult. nickel, and copper, the commonest and most 
,-ffcctive colorants of glass. 

Crystalline materials. A number of crystalline 
materials are available for use as optical mate- 
Ma ls. The mineral Iceland spar, a well-crystallized 
(!,i CO is used as a polarizing material because 
„f its high birefringence (double refraction). It is 
,i uniaxial mineral, and is used only fnr special 
pulpits. See Birefringence; Crystal optics. 

A number of manufactured isotropic crystalline 
substances have become available. These are note- 
worthy for their high transmissions in the ultra- 
violet and infrared. 

Sodium chloride, NaCI. is the same as the min- 
nal halite or rock salt. It is used in ultraviolet. 

\ i-ihle. and infrared spectroscopy, in infrared mi- 
rro-pectrography, and for lens elements in micro- 
-rope objectives for use in the infrared or in the 
ultra\ inlet. Potassium chloride, KC1 (sylvite), is 
aKo used for windows and prisms in ultraviolet and 
infrared spectroscopy. 

Other crystals especially useful at high or low 
frequencies are CaFa- MgO, LiF, KBr. CsBr, Csl. 
V r CI. and a solid solution of 50 mole r r TIBr and 
>» mole rf Til, usually called KRS-5. Silver chlo- 
1 |( Je (AgCl) is insoluble in water and may be used 
b>r windows of cells containing aqueous solutions. 
W Optic a i. fibers. [ e „ w. murky | 

^ihliography. G. W. Morey, The Properties of 
t'hiss. 2d ed., 1954; R. B. Sosman. The Properties 
ff l Si/i-a , 1927; W. A. Weyl, Coloured Classes , 
1951. 

Optical methods of chemical analysis 

These methods deal with the measurement of the 
extent of the interaction of light (electromagnetic 
radial ion ) with matter. Both the manner of inter- 
:l(, don and the type of electromagnetic radiation 
utilized vary widely. The common wavelength units 
drti the angstrom (A), millimicron (m/x), and' 

mb ron (/a). 

1 A 10- 8 cm 

1 m/x ]0” 7 cm 

T 1 g - 10” 4 cm 

lhus 1 p - 1000 mp « 10,000 A 

^ re quency units are usually given in cm -1 , called 
v ' dve numbers or kaysers, so that the frequency 
^responding to 1 p is 10,000 cm” 1 . 

A broader interpretation of optical methods also 
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includes the corresponding techniques using higher- 
energy x-rays and lower-energy microwaves. For 
discussions of the principal methods see Colori- 
metric analysis; Flame photometry; Fluori- 
metric analysis; Infrared spectroscopy; Micro- 
wave spectroscopy; Nephelometric analysis; 
Polar r metric analysis; Refractometric analy- 
sis; Spectrochemicai. analysis; Spectrophoto- 
metric analysis; Turbidimetric analysis; X-ray 

FLUORESCENCE ANALYSIS. | R. F. GODDU] 

Bibliography. H. H. Willard, l. L. Merritt, Jr., 
and J. A. Dean, Instrumental Methods of Analysis , 
3d ed.. 1958. 

Optical recording 

The process of recording sound signals on photo- 
graphic film so that they may he reproduced at a 
subsequent time. Optical recording is also termed 
motion -picture recording or photographic record- 
ing. The narrow hands on motion-picture film used 
for the sound record are called sound tracks. This 
article discusses the important systems, including 
stereophonic systems, used in the recording and 
reproducing of sound in the motion-picture in- 
dustry. 

Monophonic system. A monophonic sound mo- 
tion -picture recording system consists basically of 
a modulator for producing a modulated light beam 
and a mechanism for moving a light-sensitive photo- 
studio 



reel reel room 

Fig. 1. Schematic arrangement of apparatus in a 
complete optical sound . motion-picture recording sys- 
tem. 
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negative sound track 



positive sound track 


magnet 



Fig. 2. Elements of a variable-area sound motion- 
picture film recording system. In this system, transmitted 
light amplitude is a function of the amount of un- 
exposed area in the positive print. 

miiMiiiiiiimiii 
negative sound track 


iimiinii iiiiin 



Fig. 3. Elements of a variable-density sound motion- 
picture film recording system. 


graphic film relative to the light beam and thereto 
recording signals on the film corresponding to the 
electrical signals. A monophonic sound motion-pi r 
ture reproducing system is basically a combination 
of a light source, optical system, photoelectric cell 
and a mechanism for moving a film carrying aii 
optical record by means of which the recorded pho- 
tographic variations are converted into electrical 
signals of approximately like form. 

Recording system . The elements in a complete 
monophonic sound motion-picture recording system 
are shown in Fig. 1. The output of each microphone 
is amplified and fed to a mixer, a device ha\ing 
two or more inputs ?uid a common output. If more 
than one microphone is used, as for example when 
there are two actors, one microphone for each, 
the outputs of the two microphones may be adjusted 
for the proper balance by means of the mixers. An 
electronic compressor is used to reduce tli° ampli- 
tude range to that suitable for reproduction in the 
home. An equalizer provides the standard motion- 
picture recording characteristic [see Eqiiaj.ha- 
tion, frequency-response). The gain control pro- 
vides means for controlling the over-all signal level 
fed to the power amplifier. The light modulator, 
actuated by the amplifier, records a photographic 
image upon the film corresponding to the electrical 
input. A monitoring system consisting of a volunv 
indicator, a complementary equalizer, gain control 
power amplifier, and loudspeaker or headphone e 
used telecontrol the recording operation. 

Modulator. Tn the variable-area recording .system 
the transmitted light amplitude is a function of the 
amount of unexposed area in the positive print 
This type of sound track is produced by means ol 
a mirror galvanometer which varies the width of 
the light slit under which the film passes. The ele 
merits of a variable-area recording system arc 
shown in Fig. 2. The triangular aperture is uni- 
formly illuminated by means of a lamp and ton- 
system. The image of this triangular aperture e 
reflected by the galvanometer mirror focused on the 
mechanical slit, which in turn is focused on the 
film. The galvanometer mirror swings about qT ' 
axis parallel to the plane of the paper. The 
triangular light image on the mechanical slit move* 
up and down on the mechanical slit. The result 
that the width of the exposed portion of the nega- 
tive sound track corresponds to the rotation# 
vibrations of the galvanometer. In the posits 
record, the width of the unexposed portion cor- 
responds to the signal. 

In the variable-density system the transmit 16 ” 
light amplitude is an inverse function of -to* 
amount of exposure in the positive print. Th^ 
type of sound track is produced by means of a hg” 
valve which varies the amount of light falling ,] P° n 
the moving film. The elements of a variable-den*!!' 
recording system are shown in Fig. 3. The ribbon 1 - 
of the light valve are illuminated by means of * 
lamp and lens system. The image of the illuminate 
slit produced by the ribbons of the light valve 






to payoff reel . to takeup reel 



fig. 4. Schematic view of the photographic film-trans- 
port mechanism in a motion-picture film sound re- 
corder. ( After H. F. Olson , Acoustical Engineering , 3d 
ed , Van Nostrand, 1957 ) 


soundtrack sprocket holes soundtrack 



variable area variable density 


Fig. 5. Position of the picture and sound track in a 
35-mm sound motion-picture film. Two types of sound 
track, variable-area and variable-density, are shown. 
After H. F. Olson , Acoustical Engineering, 3d ed., 
Nostrand, 1957) 

housed on the film. The amount of exposure on the 
negative film varies with the aperture at the ribbons, 
whereas in the positive record the amount of ex- 
posure is an inverse function of the input to the 
light valve. 

Recording film transport . The film-transport 
mechanism used in recording sound on film con- 
sists of a positive drive of the perforated film and a 
r on8t«inr-speed drive of the film where the modu- 
lated light beam strikes the film. A film-transport 
mechanism of this type is shown in Fig. 4. Positive 
drive of the film is obtained by the sprocket drive, 
which is interlocked with the camera drive so that 
synchronism of picture and sound will be obtained, 
^hen the film passes over the sprocket drive, 
Va riari 0 ns in the motion of the film at the 
sprocket-hole frequency are produced. These varia- 
rions j n ibe film speed must be removed at the re- 
ding point to eliminate spurious frequency 
modulation of the image on the film. Uniform speed 
at the recording point is provided by a mechanical 
^ntrivance called a filter. It is located between 
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the sprocket drive and recording point and consists 
of the inertia of the recording drum and the com- 
pliance of the film between the recording drum and 
the sprocket drive. The recording drum is driven 
by a magnetic system from the motor which drives 
the sprocket and thereby imparts a slight amount of 
drive to the film. The magnetic drive isolates the 



(e) 


Fig. 6. The steps in the process for the production of 
motion-picture positive fiim from the negative film, (£») 
Undeveloped negative record on film, (b) Negative 
developer, (c) Developed negative record on film 
printer. Printed positive record on film, (d) Positive de- 
veloper. (e) Positive film records on reels. (After H. F. 
Olson, Acoustical Engineering, 3d ed.. Van Nostrand, 
1957) 
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Fig. 7. Schematic arrangement of apparatus in a 
complete optical sound motion-picture reproducing 
system. 

variations in the rotational speed of the motor drive 
from the rotating drum. The combination of the 
isolating filter and magnetic drive provides a sys- 
tem with very uniform motion of the surface of the 
drum. The image of the modulator is focused on 
the film while it is in contact with the drum. 

Film and sound track. In the recording of sound 
motion pictures, the picture and sound are recorded 
on separate photographic films. Therefore, the 
camera and sound recorder must be synchronized. 
This is accomplished by the use of an interlock 
system between the camera and sound recorder and 
the use of perforated film in the form of sprocket 
holes along the two edges of the film for both the 
camera and sound recorder. 

The sound track on 35-mm film occupies a space 
about 0.1 in. wide just inside the sprocket holes, as 
shown in Fig. 5. There are two types of sound track 
in general U9e today, variable-area and variable- 
density. The type of variable-area sound track 
shown in Fig. 5 is termed bilateral variable-area. 

Film developing and printing . The processes 
used in the film laboratory for the mass production 
of motion-picture positive prints are shown in 
Fig. 6. The negative record of Fig. 6a is developed 


as shown in Fig. 66. Then the required number 0 f 
positive prints of both picture and sound is 
printed from the negative record as shown in Fi 
6c. These positive records are developed as shown 
in Fig. 6 d. The positive records of Fig. 6e are used 
for sound reproduction and picture projection in 
the theater. 

Reproducing system. The elements in a complete 
monophonic sound motion-picture reproducing sys- 
tem are shown in Fig. 7. The first element is the 
optical system consisting of a lamp and a lens 
arrangement which produces an illuminated slit of 
light upon the film. The light beam passes through 
the film and falls upon the photoelectric cell. When 
the film is pulled past the slit the variations i n 
light, which are due to the variable-density or 
variable-area recording on the film, fall upon the 
photoelectric cell and are converted into the cor- 
responding electrical variations. The output of the 
photoelectric cell is fed to an amplifier followed In 
a filter, which is used to cut the ground noise 
(residual noise in the absence of the signal) due to 
the film above the upper limit of reproduction, and 
by equalizers, which are used to adjust the fre 
quency characteristic to that suitable for the bcM 
sound reproduction in the theater. The volunie con- 
trol (gain control) is used for adjusting the level oi 
sound output. The output of the power amplifier 
feeds the stage loudspeakers, located behind tin 
screen, and the monitoring loudspeaker. Except for 
the stflge loudspeakers, the entire equipment in 
eluding the monitoring loudspeaker is located in 
the projection booth. 

Optical electronic reproducer. The elements of n 
motion-picture film sound reproducing system arc 
shown in Fig. 8. The light source, in the form of an 
incandescent lamp, is focused upon a mechanical 
slit by means of a condensing lens. The mechanical 
slit in turn is focused on the negative film- The 
height of the image on the film is usually about 
0.00075 in. Under these conditions the amount of 
light which impinges upon the photocell is pro- 
portional to the unexposed portion of the sound 
track in variable-area recording or to the invert 
function of the density in variable-density record- 
ing. When the film is in motion, the resultant light 



Fig. 8. Elements of a motion-picture film sound re * 
producing system. 




Fig. 9. Schematic view of photographic film transport 
mechanism of a motion-picture film sound reproducer. 
(A her H. F. Olson , Acoustical Engineering, 3d ed.. 
Van Nostrand, 1957) 

undulations which fall upon the photocell corre- 
spond to the voltage variations applied to the re- 
cording galvanometer. The voltage output of the 
photocell is proportional to the amount of light 
which falls upon the cathode. 

Reproducing film transport. The film transport 
used in reproducing sound on photographic film 
consists of a positive drive of the perforated film 
and a constant-speed drive where the light passes 
through the film to the photoelectric cell. A film- 
transport mechanism of this type is shown in 
Fig. 9. Positive drive of the film is obtained by 
means of the two sprocket drives. The sprocket 
drives are geared with the positive picture drive so 
that a constant loop of film is maintained between 
the sound head and the picture head. The positive 
drive also ensures that the film speed in reproduc- 
tion will be the same as that in recording. There is 
a loose loop of film between the picture head and 
sound head, and for this reason variations in the 
picture drive will not be imparted to the sound 
head. 

After the film enters the sound head it passes 
over a drum. The light beam of the reproducing 
system passes through the film to the photocell 
located inside the drum while the film is on the 
drum. The drum is driven by the first sprocket 
drive. The compliance of the film between the filiri 
an <l the sprocket provides a mechanical filter sys- 
tem and thereby reduces the sprocket-hole ripple 
41 the drum. Under these conditions, the drum is 
rotated at a constant speed, and as a consequence 
the film will move past the light beam at a constant 
speed. The second sprocket isolates the takeup 
r *®l from the reproducing system. 

Distortion arid noise in reproduction . Most com- 
monly, distortion in an optical reproducing system 
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is due to the inherent nonlinear characteristics^ 
the photographic process. This type of distortion 
can be reduced to a low value by the use of proper 
illumination in the recording or duplicating proc- 
ess. The developing processes must also be ac- 
curately controlled in order to achieve a low value 
of nonlinear distortion. 

Noise in clean film is due to the inherent grain 
structure of the photographic medium. Scratches 
and foreign particles on the film add additional 
noise. 

Another source of distortion is a nonuniform mo- 
tion of the film in the recording and reproducing 
process. This is manifested as a frequency modula- 
tion of the reproduced signal and is termed flutter 
and wow. See Flutter and wow. 

Stereophonic system. Stereophonic sound re- 
production employing multiple channels has been 
introduced on a wide scale in connection with wide- 
screen motion pictures. In one system, three sepa- 
rate magnetic-tape channels are used for the re- 
production of stereophonic sound. The three-chan- 
nel stereophonic sound system for recording the 
sound on magnetic tape in auditory perspective is 
shown in Fig. 10. The output of each microphone is 
fed to a separate voltage amplifier. The gain con- 
trols of the three channels are ganged so that the 
same amplification is maintained in all channels, 
and an equalizer provides the desired recording 
characteristic. The output of the power amplifier 
is fed to the recording head. Positive drive of the 
film is obtained by the sprocket drive, which is 

studio 


channel A channel B channel C 



Fig. 10. Schematic arrangement of apparatus in a 
complete three-channel stereophonic magnetic-tape 
sound motion-picture recording system. 
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auxiliary magnetic track, 0.030 in. wide 



Fig. 11. Magnetic strips on a motion-picture positive 
film. The auxiliary channel is sometimes used to carry 
control information. 



stage loudspeakers 

ABC 

theater 


Fig. 12. Schematic arrangement of apparatus in a 
complete three-channel stereophonic magnetic-tape 
sound motion-picture reproducing system. 

interlocked with the camera drive so that synchro- 
nism of the picture and sound will be obtained. 

In the release film prints, the information is 
recorded on magnetic-tape strips cemented to the 


positive film (Fig. 11). Note that there are f 0nr 
strips. In some instances the fourth channel reprj 
senting the information on the fourth strip j s 
used for control or auxiliary information. 

The elements of a three-channel magnetic-tape 
stereophonic sound motion-picture reproducing 
system are shown in Fig. 12. The output of the 
three-channel magnetic head is fed to three separate 
voltage amplifiers. The volume controls of the three 
channels are ganged so that the same amplification 
is maintained in the three channels. The equalizers 
are used to adjust the frequency characteristics to 
those suitable for the best reproduction in the 
theater. 

The output of the power amplifiers feeds the 
three sets of stage loudspeakers, which are located 
behind the screen. See Cinematography; Mag- 
netic RECORDING. [ H .l- <).! 

Bibliography: Academy of Motion Picture Arts 
and Sciences Research Council, Motion Picture 
Sound Engineering , 1938; J. G. Frayne arid 
II. Wolff, Elements of Sound Recording , 1949; H. F 
Olson, Acoustical Engineerings 3d ed., 1957. 

Optical tracking instruments 

A family of optical instruments used Jor precise 
time-correlated observation of distant airplanes, 
missiles, and artificial satellites, all of which travel 
at apparent velocities much greater than those of 
most astronomical objects. The instruments supph 
permanent engineering records for the determina- 
tion of spatial position, missile attitude, structural 
behavior, and performance of specific mechanism 1 * 
during test flights. These observations enable engi- 
neers to correct design, improve performance, and 
collect scientific data from missiles at extreme dis- 
tances and altitudes. 



Fig. 1. Bodenseewerk cinetheodolite with 100-cm ob- 
jective. Operators are tracking the missile with 10 j 
power sighting telescope. Geared handwheels are use 
to control instrument motion. Electronically aided true - 
ing drives have been developed which allow more 
precise control of the cinetheodolite motion. (Boden* 
seewerk Perkin-Elmer and Co.) 




The instruments used fall by function into two 
, la^es. those which determine spatial position and 
thu.se which record engineering events. Tracking 
irlescopes are the basic engineering-event re- 
ading systems, while cinetheodolites and ballis- 
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tic cameras are used for the precise determination 
of spatial position. 

Spatial position determination. This can be 
considered the triangulation of a moving target 
using the methods of the civil surveyor. The target 



Fi 9. 2. Cinetheodolite triangulation. The cinetheodo- tical axis. Angles E and A must be corrected for this 

litos are on a precisely surveyed base line. The missile offset before triangulating for position of missile. 

s ^°wn in the typical frame is not precisely on the op- 
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motion requires that a minimum of two instru- 
ments separated by a base line be used. Each in- 
strument records the data for computing the direc- 
tion of the line of sight to the target for each 
instant of time. This information, in the form of 
elevation and azimuth angles, the times of observa- 
tion, and the known location of each instrument, is 
used to triangulate for the location of the missile 
as a function of time. 

Most of the spatial position work is performed 
by cinetheodolites (Fig. 1), which are surveying 
theodolites having 35-mm motion-picture cameras 
with 60- to 200-cm focal-length lenses substituted 
for the surveyor’s eye and telescope. The system of 
cameras is pulsed up to a maximum of 10 frames/- 
sec from a master control station for simultaneous 
exposure as the cinetheodolites follow the moving 
missile. Each 29 X 36.5-mm photograph records 
the elevation angle E, the azimuth angle A % the mis- 
sile image, and the reticle lines which define the 
instrumental axis (Fig. 2). The angles are meas- 
ured with optically graduated circles accurate to 2 
seconds of arc. The tracking error (the difference 
between the instrumental line of sight and the line 
of sight to the missile) is determined from the mis- 
sile photograph. The tracking error is then used to 
determine the missile line of sight from the re- 
corded instrumental angles. Photography of known 
targets and precise leveling are used to establish 
the relationship between the instrument angles and 
the test coordinate system. 

During the procedure, two operators follow the 
missile visually through two 10- to 30- power sight- 
ing telescopes, guiding the cinetheodolite by turn- 
ing geared handwheels as required to keep the 
cinetheodolite axis pointed at the missile. 

A minimum of three cinetheodolites is used to 
ensure optimum triangulation as the missile-in- 
strument geometry changes with missile motion. 
The accuracy of cinetheodolite systems under field 
conditions is 15-30 sec of arc. The degradation of 
the 5-sec laboratory accuracy is the result of ther- 
mal and dynamic deformation under field-tracking 
conditions. 

The requirement for cinetheodolites capable of 
smoother, more precise tracking of missiles at in- 
creased altitudes and velocities has led to the de- 
velopment of massive, electrohydraulic, servo- 
driven cinetheodolites such as the 70-mm 
Recording Optical Tracking Instrument (ROTI) 
Mk I which mounts two 16-in.-aperture telescopes, 
one a Newtonian of 500-in. maximum focal length, 
the other a Schmidt of 50-in. minimum focal length 
for wide-angle coverage. See 'Photography; 
Schmidt camera; Telescope, astronomical. 

Ballistic cameras. These are fixed-axis, wide- 
angle, photographic-plate cameras, capable of 
more precise spatial position determination by re- 
cording on one plate multiple exposures of the mis- 
sile against a stellar background (Fig. 3). The use 
of a static system and precisely cataloged star posi- 
tions decreases the necessity for long-term mechan- 



Fig. 3. Ballistic camera. Wild BC-4, with 30.5-mm # 
// 2.6 1 4ns and 18 X 18-cm picture size. Graduated 
circles and level vials are used to orient camera prior 
to test. During night photography of missile, shutter 
remains open with camera locked at one position 
( Wild Heerbrugg Instruments , Inc.) 



Fig. 4. Tracking telescope, ROTI Mk II. During P° r ‘ 
tially overcast conditions, the telescope can be slaved 
to follow the parallax-converted data from a ro da r 
unit. ( Perkin-Elmer Corporation) 
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Fig. 5. Tracking telescope tower with telescope and 
dome in operating position. The interior of the tower 
Houses the electronic control room, photographic dark- 


room, and maintenance work area. ( Perkin-Elmer Cor- 
poration) 


inil stability and accuracy, allowing ballb-'ic' cam- 
era* to achieve 2 5 sec angular accuracy. 

Pyrotechnic flares or electronic stroboscopic 
lam ps at the missile are used to indicate the missile 
positions against the night sky. The image of each 
flare is measured with respect to the surrounding 
stars. The use of lenses of less than 10-micron dis- 
tortion allows the lines of sight from camera to 
missile to be determined with 25 reference stars. 
The lines of sight are used to determine the missile 
positions by methods similar to those used with 
rinetheodolites. 

The high accuracy of ballistic cameras is the re- 
sult of the static mode of operation. The camera 
s hutter remains open for the entire time of passage 
°f the missile across the field of view. The photog- 
raphing on a single plate of more than 100 missile 
Points against the star field permits precise posi- 
hon, velocity, and acceleration measurements with- 
out degradation by the flexure, mislevel, and vibra- 
tion of tracking motion. The location of both the 
8lar s and missile outside the earth’s atmosphere 
decreases the effect of geometric distortion caused 
by the uncertainty of atmospheric refraction cor- 
re ctions. 

The disadvantages of ballistic cameras are the 
requirement for night operation, the dependence 
°u missile-borne flares or lamps, and the compara- 
hve difficulty of reducing the data. 


The ballistic camera most commonly used at 
test ranges is the Wild BC-4 with an 18 X 18-cm 
field size and lenses from 30.5-mm focal length at 
// 2.6, to 11.5-cm focal length at // 5.6. The camera 
and support system are equipped with vertical and 
horizontal optically graduated circles for the pre- 
cise orientation of the camera prior to operation. 
A camera capping shutter is supplied for I he time 
cori elation of the stellar calibration exposures. 

For daytime operation without stellar calibra- 
tion, the camera is equipped with a between-the- 
lens shutter for 6 to 30 exposures of 0.004 sec. To 
prevent overexposure during the multiple expo- 
sures, a focal-plane sky screen is incorporated. 
It can be controlled by a master tracking in- 
strument. The result is that each exposure il- 
luminates only the small area of the plate which 
includes the missile. The final daytime plate is a 
series of small exposed areas, each including an 
image of the missile. The daytime mode of opera- 
tion is sensitive to the same field effects as cine- 
theodolites, since the camera orientation is estab- 
lished by level vials and optically graduated 
circles. 

Ballistic camera planning for the future is cen- 
tered about the use of larger-aperture systems to 
increase the operating range of the cameras while 
simultaneously decreasing the intensity of the elec- 
tronic or pyrotechnic missile-borne sources. The 



362 Optics 



Fig. 6. Thor missile photographed at 35 miles using 
24-in.-diameter, 500-in. -focal-length tracking telescope. 
( U.S . Air Force ) 

use of larger-aperture cameras will also decrease 
the atmospheric refraction errors which presently 
limit ballistic camera accuracy to 2 sec of arc. 

The largest refracting lens being considered is 
of 600-min focal length, /,' 2.0 relative aperture. 
This lens is considered the largest refracting sys- 
tem feasible for use in a ballistic camera. It is ex- 
pected that for apertures greater than this there 
will he increasing use of reflecting systems similar 
to the // 0.67, 8-in. focal length, Baker-Super- 
Schmidt meteor camera and the 20-in. // 1.0 satel- 
lite tracking camera. A system of 40-in. focal 
length at // 0.9 is being considered. The systems are 
distortionless hut do not have a flat focal plane. 
Projectors can he constructed to project accu- 
rately the curved plates onto flat glass prints for 
convenient, precise measurement. 

Tracking telescopes. These are long- focal -length 
telescopes mounted to track missiles in flight, pre- 
cisely while collecting missile performance data. 
The first systems were crude attempts to track man- 
ually with 35-mm cameras of 12- to 24-inch focal 
length. Increased focal length led to the use of 
geared, manually driven, naval gun mounts and 
variable-speed, belt-driven, machine gun mounts 
with the telescopes substituted for the armament. 
In all such systems, the tracking operator observes 
the missile through an optical sight while control- 
ling the orientation of the telescope to ensure that 
the missile remains within its field (Fig. 4). 

The requirements for precise tracking by 
heavy, long-focal-length telescopes led to the de- 
velopment of complex telescope mounts such as the 
ROTI Mk II, a 24-in. aperture, 100- to 500-in. focal- 
length telescope with automatic focus, automatic 


exposure control, and a 10- to 60-frame/sec Photo 
sonics 70-mm camera for missile photography. Th e 
3000-lb telescope, carried by a 9000-lb mount. j v 
driven by an clectrohydraulic servo system, in the 
normal aided-tracking mode of operation, the op. 
erator observes the missile through a 20-. 30-, or 
40-power tracking sight (see Fig. 5). He controls 
the motion of the telescope by exerting light finger 
pressure on a control knob. The system must track 
at rales up to 10°/sec with a precision of 1 2 min 
of arc if the system resolution of Vl» sec is not to he 
lost because of relative motion of the image during 
the exposure. 

The telescope and tnount are shielded from the 
thermally disturbing sunlight by a dome. The as- 
sent bled mount is located on a 20- ft tower to pre- 
vent degradation of the resolution by the thermally 
disturbed air immediately over the terrain under 
the line of sight (Fig. 6) . 

The precise tracking of modern tracking tele- 
scopes has permitted the use of slit spectrograph* 
for infrared and visible-light spectroscopy. 

The consistent performance of the 24-iu. tele 
scopes has led to the preliminary design of 40-in.- 
aperture telescopes for photographic, spedm 
graphic, and television uses. 

The instruments of increased tracking^-angc un- 
der development will he general-purpose instru- 
ments of 36- to 48-in. aperture with photoelectric 
or television image detectors mounted on precise 
mounts vrflh automatic theodolite capability. These 
instruments will supply both engineering data and 
spatial position for greater portions of the trajec- 
tory. See Astronomical photography ; Camikn. 
Lens, optical; Satelute, artiiiual. |g.a.i..] 


Optics 


Narrowly, the science of light and vision; more 
broadly, the studv of the phenomena associated 
witli the generation, transmission, and detection of 
electromagnetic radiation in the spectral range 
extending from the long-wave edge of the x-ray re- 
gion to the short-wave edge of the radio region. 
This range, often called the optical region or tip* 
optical spectrum, extends in wavelength from about 
10 angstroms to about 1 mm. Optics has various 
branches: see Meteorological optics; Optics, 
geometrical; Optics, physical; Vision. 

In ancient times there was some isolated ele- 


mentary knowledge of optics, but it was the di?- 
coveries of the experimentalists of the early seven- 
teenth century which formed the basis of the science 
of optics. The statement of the law of refraction 
by W. Snell, Galileo Galilei’s development of th‘ : 
astronomical telescope and his discoveries with it- 
F. M. Grimaldi’s observations of diffraction, and 
the principles of the propagation of light enun- 
ciated by C. Huygens and P. de Fermat all came in 
this relatively short period. The publication of S ir 
Isaac Newton’s Opticks in 1704. with its comp rt *' 
hensive and original studies of refraction, di?P er ’ 
sion, interference, diffraction, and polarization- 


established the science* 
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So great were the contributions of Newton to 
,,ptk> that a hundred years went by before further 
Outstanding discoveries were made. In the early 
nineteenth century many productive investigators, 
toreniost among them Thomas Young and A. J. 
frfj-nel, established the transverse-wave nature of 
l^hr. The relationship between optical and mag- 
phenomena, discovered by M. Faraday in the 
1840s. led to the crowning achievement of classical 
i)|)tic s - the electromagnetic theory of J. C. Max- 
wrll isee Electromagnetic radiation; Light; 
Maxwell’s equations). Maxwell’s theory, which 
hoM< that light consists of electric and magnetic 
( M .](|s propagated together through space as trans- 
u .r-t* waves, provided a general basis for the treat- 
iwMii of optical phenomena. In particular, it served 
the basis for understanding the interaction of 
lijrht with matter, and hence as the basis for treat- 
nir-nt of the phenomena of physical optics. In the 
hands of H. A. Lorentz, this treatment led. at the 
( j nd of the last century and the beginning of the 
(irrsrnt. to an explanation of many optical phe- 
nomena. sueli as the Zeeman effect, in terms of 
atomic and molecular structure. The theories of 
Maxwell and Lorentz are regarded as the culmina- 
tion of classical optics. 

In the present century optics has been in the 
loiHront of the revolution in physical thinking 
allied hv the theory of relativity and especially by 
the quantum theory. To explain the wavelength 
ilcpcmlence of heat radiation, the photoelectric 
■ ifcct. the spectra of monatomic gases, and many 
oilier phenomena of physical optics, radical depar- 
tin' from the ideas of Lorentz and Maxweii about 
'be mechanism of the interaction of radiation and 
nutter and about the nature of radiation itself has 
found necessary. The chief early quantum 
•hemists were M. Planck, A. Einstein, and N. Bohr; 
•ater runic L. de Broglie. W. Heisenberg, P. A. M. 
Ihrar. K. Sell rod inger, and others. 

Vt present the science of optics finds itself in a 
petition that is satisfactory for practical purposes 
'nil less so from a theoretical standpoint. The 
dioorv of Maxwell is sufficiently valid for treating 
tie interaction of high-intensity radiation with 
"terns considerably larger than those of atomic 
dimensions. The modern quantum theory is ade- 
quaft- for an understanding of the spectra of atoms 
j, k 1 molecules, and for the interpretation of phe- 
r,( »nirna involving low-intensity radiation, provided 
"te o'oes not insist on a very detailed description of 
f le process of emission or absorption of radiation. 
However, a general theory of relativistic quantum 
det irodynatnicN valid for all conditions and sys- 
,PnVs has not yet been worked out. 

[R.C.L.] 
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heoty^ 1941 ; J. Strong, Concepts of Classical 
' bUr ^ 1958 ; R. w. Wood. Physical Optics , 3d ed., 


Optics, geometrical 

The geometry of light rays and their imagery 
through optical systems. The phenomena of dif- 
fraction due to the finite apertures of the lens sys- 
tems are neglected in geometrical optics. 

Reflection and refraction laws. Light moves in 
straight lines through homogeneous media and 
changes its direction at the surface separating two 
such media, for instance, air and glass. An incident 
ray at the bounding surface is divided into two; 
one is reflected hack into the first medium and the 
other penetrates the second medium after being 
bent or refracted. The incident, reflected, and re- 
fracted rays all lie in one plane containing the sur- 
face normal and form angles /, / r , and i' with the 
surface normal such that 

i» = 7T — i (1) 

and n sin i = n' sin i' (2) 

where n and n' are the refractive indices of the 
media separated bv the refracting surface. Tn order 
to obtain a solution of Eq. (2). i and i' must be 
chosen so that they are in the same quadrant. See 
Reflection (elecihom agnetic radiation); Re- 
fraction of waves; see also Light. 

These formulas together with pure geometry 
make it possible tr trace a ray through a system 
of lenses. The specific form of the ray-tracing 
formula should he adapted to the tools of the lens 
designer; that is. it will he different for a person 
using logarithm tables and for one using an electric- 
desk machine or an electronic computer. 

Point source. A point source is either an artifi- 
cial light source which is so small that it appears 
ro a given optical system as a point, or a luminous 
object, such as a star, which is so far away that it 
sends out coherent light. • 

All physical objects have finite areas. How- 
ever, because of diffraction at the aperture of an 
optical system, or of the eye, an object which is 
small compared with the Airy disk will be imaged 
a an Airy disk; that is, it will be indistinguishable 
from the theoretical image of a mathematical point. 
Such an object can be given as the definition of a 
physical point. For a discussion of the Airy disk 
see Diffraction. 

Characteristic function. The aim of the opti- 
cal designer is to see what happens to all the rays 
corning from every point of the object to be imaged. 
Moreover, he wants to direct the rays so that all of 
them coming from a fixed object point are collected 
at a fixed image point (freedom from aberration). 
Mostly, he wants all these image points to lie on a 
plane (freedom from field curvature), and he wants 
the image to be similar in shape to the object 
(freedom from distortion). Finally, correction 
should be achieved for light of different wave- 
lengths (freedom from chromatic aberrations). See 
Aberration, optical; Chromatic aberration. 

The basic tool for investigating all these prob- 
lems is the characteristic function. If a coordinate 
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system is chosen (origin O and x , y, z axes in object 
space and origin O' and x', /, z' axes in image 
space), a ray in object space is specified by the co- 
ordinates x, y, 0 of its intersection point with the 
plane z = 0 and by the optical direction cosines 
£ and 17 formed by the ray with the x and y 
axes. The ray in image space is specified in the 
same way with primed coordinates. (An optical 
direction cosine is a direction cosine multiplied by 
the refractive index of the respective medium.) 

The eight quantities x, y, x 7 , /, £, 77, £\ and 1/ 
are, however, not independent. There exists a char- 
acteristic function E of, for instance, x, y, x', and 
y ', from which the other four, £, 77, £', and 77', can 
be computed. 

It is found that 
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where are introduced as abbreviations 

for dE/dx, .... 

The characteristic function has a physical mean- 
ing. It is the optical path — the sum of the paths in 
each medium multiplied by the corresponding re- 
fractive indices — from starting point (coordinates 
x, y, 0) to final point (coordinates x\ 0). The 
validity of Eq. (2) presupposes that x, y, x', and y' 
determine a single ray, that is, that no two rays 
from a point in the plane z = 0 go through the same 
point in the plane z' = 0. 

In case the optical system has an axis of rotation, 
as do most optical systems, the origins O and O' 
are best chosen on the axis of rotation, which will 
be the z ( z ') axis. Then the x' axis may he chosen 
parallel to the x axis and in the same direction, 
and the y' axis parallel to the y axis. In this case, 
the characteristic function depends only on three 
parameters, for instance 

«i = l i(x 2 4 y 2 ) 

€2 = xx' 4- yy' (4) 

e 3 ~ M*' 2 4-/ 2 ) 

and Eqs. ( 3 ) transform to 

« Eix 4- E 2 x' £' = E 2 X 4- E&' ,rv 

-77 * E\y 4- feVv' 77' - E 2 y 4- Ezy’ ' 

where E t = dE/det is introduced as an abbrevia- 
tion. 

When £' and 77' as well as x / and Y are known, 
the intersection point of the rays with an arbitrary 
plane at the distance z' from the iVnage origin can 
be computed and thus the image formation on any 
plane or curved surface investigated. 

The characteristic function for any special image 
formation can he given in explicit form. For in- 
stance, the characteristic function for imaging the 
plane z * 0 onto a plane at the distance zo from the 
origin with constant magnification but without 
distortion is 


[ 2 * 11/2 
1 + (^» (el + moeI+m ° 2c,) J 

+/(<•■ l) (61 

where / is an arbitrary function of ei. The char- 
acteristic function for imaging the plane z * 0 
onto the surface 

/ = 4>(x 2 + y 2 ) 

Y — my x? = mx ’ 7 1 

with m and therefore z' being given functions of 
e\ leads to 

t 2 1 */* 

1 + ( mz'J 2 * 61 + + J (8) 

This leads to a sharp image of the points of a plane 
with field curvature and distortion present. 

The existence of the characteristic function can 
be used to prove that it is impossible to image 
sharply more than one plane except in a trivial 
case. The only such image formation possible would 
he an image comparable to that formed by a plane 
mirror, in which each object is imaged sharplv and 
undistorted with a magnification which is equal to 
the ratio n/n' of object and image space. See Mih- 
ror optics. » 

Two surfaces can be imaged sharply only if the 
object and image surfaces are specific second-order 
surfaces which are imaged undistorted. The niagni* 
ficatioiy mi and m 2 of the first and of the second 
surface respectively must obey the condition 

mim 2 = n 2 /n'~ 

Gaussian optics. The first approximation to op- 
tical image formation is called Gaussian optics. It 
describes the rays which are so near the axis that 
one can assume x, y, £, 77, x', y\ £\ and 77' to be 
so small that only linear terms of their Taylor 
series need he considered. This gives the position 
and magnification of the image for small apertures 
and, if the image is fairly sharp, plane, and un- 
distorted. it also gives, at least approximately, the 
corresponding data for the image of a finite objeti 
with finite field. 

The equations 

x' — ax 4" fix' £' = yx 4- 8y' 

y' = ay + ftY y' = 77 4 * 8/ 

describe the image formation if a, /? , y, and 8 are 
assumed to be constant and connected by the rela- 
tion 

a8- /Jy-1 ( in 

Equations ( 10 ) and (11) give the image coordi- 
nates as functions of the object coordinates. Equa- 
tions of this type, which correspond to the ray-trac- 
ing formula, are called direct equations. Shifting 
the origin on object and image side by the amounts 
z and z' respectively changes the coefficients a, P* V* 
and 8 as follows: 



a-0+7^ 

n n 

y - 7 

5=6-7- 

n 

The quantity y, which is independent of the 
shifi {invariant ), is called the power of the system. 
\ system for which y is zero is called an a focal 

Conjugate points . Shifting the image origin so 
that (3 vanishes leads to 

x' = nx £ = y* + 5| 

0 _ / I A V 1 ^ / 

3 = ay 7) ~ yy + ot] 


zz 

- y nn' 


( 12 ) 


The rays from the object origin x = y = z - 0 
meet at the image origin x' - y' = z' = 0. The 
image origin thus obtained is said to be conjugate 
to the object origin. All the rays from a point 
i * to. r - y<) meet at a point x\, = ax (l , y'u = <iyo. 
ThU means that an object in the plane z = 0 is, 
within the limits of validity of Gaussian optics, 
imaged sharply with a magnification m — T\ in the 
pi, me z ' = 0. In the special case that rn = « *= 1, 
the two conjugate points are called principal 
points. If rn = a = n/n', the points are called 
nodal points. In case the object is at one of the 
principal points, it is imaged at the other principal 
point with unit magnification; in case the ray from 
the object origin (x ' = y = z = 0) passes through 
one of the nodal points, it leaves the system parallel 
to it- original direction, or £ = n£'/n\ t; “ nrj'/n'. 

Focal point and focal plane. Shifting the image 
origin the distance z'/n ' = — a/y makes a = 0; 
that is, since (3y = — 1, it follows that 


x' = —f/y $' = yx + Si 

Y = —7]/y r)' - yy + 


(14) 


In this case a system of parallel rays (coming from 
an “infinite axis point,” in the language of optics) 
meets at the image origin. This point is called the 
image focal point. A system of parallel rays (direc- 
tion fo, 770 ) is imaged sharply at a point of the focal 
Plane ( \' {) = — io /y, y'o = — 170/y). 

^hifting the object origin the distance z/n = 8/y 
makes 6 — 0; that is, since py = — 1, it follows 
that 


x / = ax i/y i' = yx ^5). 

Y = ay- 7f/y r/ = yy 

The rays from the object origin (which is called 
the object focal point) emerge parallel to the axis. 
The rays from an arbitrary point Xo, yo of the object 
focal plane z * 0 emerge parallel to one another 
* y*o» if = yyo). 

A focal systems. The power y is invariant against 
J shift of object and image origin. Until now y v* 0 
had t.o be assumed. The case in which y = 0 leads 
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to a system which is called afocal, since it has no 
finite focal point. When object or image is shifted 
so that p vanishes the following are obtained, since 
atS = 1 : 


x' = ax £' = i/a 
Y = ay = rf/i\ 


(16) 


Any object is imaged with the constant magnifi- 
cation «, and a parallel bundle of object rays 
emerges as a parallel bundle with an angular 
magnification n'a/n for all rays. 

Types of optical systems . It is customary to say 
that an object-side parallel bundle is a bundle 
that comes from an object point at infinity, and 
a parallel emerging bundle is a bundle that is said 
to be focused at an infinite image point. There- 
fore, there are four kinds of optical systems cor- 
responding to the four choices of origins just con- 
sidered : ( 1 ) enlarging systems, object and image 
are at finite conjugates; (2) photographic objec- 
tives. a distant object is imaged in the fdcal plane 
of the optical system (see Lens, optical) ; 
(3) eyepieces and microscope objectives, a near 
ohject i« imaged at infinity to be seen by the re- 
laxed eye (sec Eyepiece; Microscope, optical); 
and (4) telescopes, a distant ohject is imaged at 
infinity to be seen by the relaxed eye (.see Tele- 
scope ). 

In an afocal system, the magnification remains 
constant for all object distances. When the origin is 
chosen at conjugate points, p = y = 0, S = 1/a, 
and the distances of z and z' of ohject and image 
respectively from the origin and the magnification 
m are given by 

7f/n r = aH/n 

m = a K 


On the other hand, in a system of finite power, 
the magnification changes from object point to 
ohject point. 

When the origin is chosen at the two focal points. 
a = S *=■ 0 and the distances z and z' of object and 
image and their magnification m are given by 


zz' “ — nn'y 2 
m ~ z'y/n' = —n/zy 


(18) 


The distance from the principal point (m = 1) 
to the focal point is given by 


= n'/y = f 
-z = n/y = / 


(19) 


The quantity f is called the focal length of the 
optical system. See Focal length. 

The distance from the nodal point to the focal 
point is found, by setting m = n/n ' in Eqs. (18), 
to be 


z f - -n/y « -f 
- n'/y ~ -/' 


The nodal points and the principal points coin- 
cide for n = n\ For a single refracting spherical 
surface, the nodal points coincide with the center 
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of the refracting surface and the principal points 
coincide with the vertex of the refracting surface. 

When the origins are chosen at the principal 
points (5 = 8 = 1, ft = 0), Eqs. (12) give the fol- 
lowing for the distances 5 and s' of conjugate 
points and their magnification : 


n n n n 

, - , _ ^ — L . . _ i 

f i-s,r 


( 21 ) 


When the origins are chosen at the nodal points 
(a = n/n\ 8 = n' fi = 0). the distances r, r' 
of conjugate points and their magnifications are 
given by 


11 7 1 1 

W nr “ nn' ~ n'f~ nf 9 


( 22 ) 


Off-axis points, Gaussiun optics considers only 
rays near the axis, but it is used as an approxima- 
tion for the trace of finite rays, especially to com- 
pute the amount of light which the optical system 
transmits. Most optical systems, especially photo- 
graphic lenses, contain a diaphragm which can be 
stopped down. In general the diaphragm is the 
smallest aperture for the object point on the axis, 
since the other lenses ran be made big enough to 
avoid cutting out any light. However, for off-axis 
points, the first and last surfaces may cut off some 
light. They are then said to vignette. To obtain an 
idea of the amount of light going through the sys- 
tem (Fig. 1), one must construct in object ( or 
image) space the Gaussian image of the first lens 
(«), the last lens (r), and the diaphragm (//). con- 
sidering not only the position of each but also its 
magnification. 

When these three apertures are projected from 
the object point onto a plane ( for instance, the 
image of the diaphragm in object or image space, 
called the entrance pupil or the exit pupil), three 
eccentric circles in the plane of the entrance (exit ) 


P 



Fig. 1 . Projection of apertures from finite point P onto 
entrance pupil. (From M. Herzberger, Modern Geo- 
metrical Optics, Interscience, 1958) 



Fig. 2. Change in vignetting diagram as point moves 
off axis. (From M. Herzberger, Modern Geometrical 
Optics, Interscience, 1958) 


pupil are obtained. The rays from the object point 
through the region common to the three circles givr 
a measure for the vignetting of the light if the ob- 
ject point moves away from the axis (Fig. 2*. 

Image-error theory. For a system with finite ap- 
erture and field (beyond the Gaussian domain i. all 
the rays from a given object point do not generally 
meet at the Gaussian image point. Such a s\slt*m h 
said to have image errors. 

Let the object and image origins he chosen at 
the axis point of the object to he imaged and at flu 
axis point of the exit pupil (the Gaussian image o! 
the aperture stop) respectively. Then t\ the clmi- 
acterislic path between the two planes z - 0 ami 
z' = 0, is a tu net ion of • 

ci = x '2(x } Y-) 

c. - .o' 4 >>' (Z \ i 

^ Ca = MdV-' 4 V“) 

The quantity ci depends only on the position «*t ibr 
object point (is a field coordinate) and « > a depend* 
on the aperture in which the ray intersects the exi' 
pupil (is an aperture coordinate), while c- is a 
mixed coordinate (linear in both field and aper- 
ture ) . 

The image errors are then given by two functions 
M and N having the property that the intersection 
point (coordinates x\ y') of the rays with a plane 
at the distance z ' from the exit pupil is designated 
by 

x' = (14- Nz')x' 4 Mz'x , 0 i 

y' — (1 4 A J z')y' 4 Mz'y 

MM and N are constant and z' is chosen equal 
to — 1//V 0 , Eqs. (24) give 


x 9 



Mo 

/Vo 7 


(25) 


S' = 


1 

/Vo 


That is, the points of the object plane are imaged 
sharply and without distortion onto the points of 
the plane at the distance z' = — 1/No from the 
exit point. The coefficients of the Taylor series ex- 
pansion of M and N can therefore be considered 
as image errors. 

Functions M and N can be computed from the 
characteristic function E and are found to be 



w-ft/r .v-fii/r 

f = »' [l - -1 (ire, + + tv,,)]" 2 (26) 

There is a differential relation between M and /V, 

namely 

l/ { - ..V, = (2A/e, + /Ve 2 ) (/VuM - Ml# 2 ) 

+ + 2/V#\- t ) (MiV., - N ) (27) 

!l E, /l/. and /V are developed in a Taylor series 
with respect to the e t 

E ■= lE>. h Yj&Etke.eu f MOLE.u ^e,e lc e x -}-••• 

1 / = lM t r, f- Vii ^LM t ue,eu 

+ \i\ZM tk ,e,r k <\ H • • • ( 28 ) 

V- X A>, 1 Yj£LN ltx PiPu + WiSA/^v^PfrCx +- • • • 

it / an be shown that 

1 /,; ... - £-jw n ... I lower-order terms ^ 

Vi . . . — E]\,us . . . T lower-order terms 

wherebv the lower-order terms of M\\ a* . . . and 
' •), . . in general will not be the same though 

ilu*\ both *tarl with E^ak^ whieh has led to ron- 
ir i\er-ies about the number of image errors. The 
independent image errors are given by the deriva- 
tors of E,t and Thus, if object and aperture or- 
der are considered to be equivalent, that is, if a 
linger and larger area surrounding the axis is 
iMiisidered. there are five errors of the first order 
i lieijiienlly called third order) given hy the so- 
« ailed error coefficients 

E\L 1 . £•-, £-3. £■„. Ea, 

and nine errors of the second order (frequently 
• ailed fifth order ) 

^-ii- A hi 2, E> in, E %2 i», kz 2 .ii Ezxu E-a l i , E\ n.i, E:\aa 

In short, there are ^ — 1 image-error coelfi- 

cients of order n corresponding to 2 ("t 2 ) not 

necessarily independent image errors of order n ; 
namely 

Mu Mi, M 3 NuN*Nn 

h»r first-order errors and 

A/ll. A/12, Muu A 7 , 2 , Mz:u M * 3 
/Vn, /V i3, tf 23 . JV M 

for second-order errors. 

When a system with sharp image formation for 
e\evy point is investigated, it is found that M and N 
and therefore £2 and £3 are functions of ei alone. 
The coefficients /Vi, /Vi 1, . . . , or 

£ 31 . £:m, £3111 

^ermine the curvature of the image and M 1, 

*"■ , or 

E211» £2111* £21111» * - * 
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determine the change of magnification or the errors 
of distortion. These errors may exist even if every 
point is sharply imaged. 

For an axis point ( x = y = 0), N becomes a 
function of e ;i alone. Then the rays through a set of 
concent rie circles in the exit pupil go through a set 
of concentric circles in the image plane, and the 
image of the object point is concentric. It has been 
suggested that these errors he called aperture 
errors. The name spherical aberration is used in the 
literature. 

A point on the axis of a cylindrical torus or an 
ellipsoid has two planes of symmetry. Thus the rays 
through a set of concentric circles in the exit pupil 
go through a set of curves with two axes of sym- 
metry and the same center of symmetry in the image 
plane. The corresponding configuration in the 
image plane is a set of deformed circles. The cor- 
responding errors may he called deformation 
e> rors. 

The rays from an ofT-axis point have a plane of 
symmetry, the meridional plane, through the object 
point and the axis. The image in the plane at the 
distance z f from the exit pupil thus has only one 
symmetry axis. The deviation from double sym- 
metry is caused hy the coefficients which have odd 
powers in c L ,. These errors may he called asym- 
metry or coma errors. 

Thus a specific error coefficient may he said to 
have an order with respect to aperture and field, a 
field rank and an aperture rank, and a degree of 
deformation, of coma, or of both. For instance, the 
coefficient 

k 1:222333 . . 

has order 8 . field rank 7 . aperture rank 11 , and 
coma degree 3 (ox/7011 fa). 

In this case the image-error coefficients (and the 
corresponding image errors of first order or third 
order in common practice) can he characterized as 


£1 *:-Vi 

<>\ f:\ct\Ci 

(Distortion) 

En'.iSi 

Oifod'i 

(Curvature, sagittal) 


Olf&i'U 

(Astigmatism) 

A' m :A/ 3 ,.V 2 


(Coma) 

En ■ A'a 

OifrUi 

(Spherical aberration) 

The error usually called 

astigmatism is in this 

nomenclature 

a deformation error; the rays through 

an aperture 

circle go through an ellipse in the 

image plane. 



The fifth-order errors 

can correspondingly be 

characterized 

as 


£112 : A/11 

02/6*21 

(Field coefficient of 



distortion) 

Enz'Nn 

02/402 

(Field coefficient of 



curvature) 

£122 • A/12 

02/402^1 

(Field coefficient of 



first-order coma) 

£123 • A/l3,/Vi2 OzftfLzCi 

(Field coefficient of 



aperture error) 

£l 33 • /V 13 

02/204- 

(Field coefficient of 


aperture error) 
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£222 : M*n (Third-order coma) 

E'm’.N'nMn oz/friix (Aperture coefficient 

of astigmatism) 

£233-^23,^33 otfxCLffii (Aperture coefficient 

of first-order coma) 

£331^33 oza& (Aperture coefficient 

of aperture error) 

If the image errors of a curved object are con- 
sidered, the error coefficients vary. However, it can 
be shown that the errors not containing the index 1 
are unchanged. They are invariant with respect 
to curvature of object and image surface. In case 
they are zero, there can exist an object that is 
sharply imaged. 

Since £ gives the coordination for any object and 
image ray, a knowledge of £ must suffice to give the 
image errors for any object. If the coefficients 

£1, £n, £m, . . . 

which are the aperture errors of the stop, are 
added to the image-error coefficients, formulas can 
he obtained for investigating the image errors that 
arise when object and stop arc moved. Here another 
division of errors is suitable. It is obvious that the 
errors containing 2,2 and 1.3 have the same rank 
with respect to aperture and field. Combinations of 
these errors can designate the degree of skewness 
of the errors, which can be divided into meridional 
errors and skew errors of first, second, etc. types. 
The third- and fifth-order errors are then given by 
the following: 

Zero type: 

First order: £ l2 , 2 £ia + £22, £23. £33 

Second order: £n2, £113 4 * 4 £ 122. 3 £i 2 :* -f 2 £ 2 22 , 

£133 + 4£ 22 3 

First type: 

First order: £22 — £ 12 

Second order: £113 — £122, £123 — £222, 

£133 — £223 

The coefficients of zero order are the meridional 
coefficients, which transform by themselves, and 
the coefficients of each order can then be chosen 
so that they transform by themselves if the object 
(or stop ) position is changed. This means that, for 
each type, there exists a coefficient which is in- 
variant against the position of both the object 
and the stop. The first such invariant was found by 
Josef Petzval and equals £22 — £13, the Petzval 
condition; the next would be £2222 — 2£ 22 i3 4 - 
£iai3, and so on. 

Another analysis of the image errors can be 
made by considering the diapoint configuration. 
The diapoint of the object point for a ray is defined 
as the point where the ray intersects the meridional 
plane. The coordinates xf p% y p , and z' p of this 
point are given by 

s' p - - (M/N)x 

y'p - -(M/N)y ( 30 ) 


Thus the three-dimensional problem is tran*. 
formed into a plane problem because one can set 
x = 0 without loss of generality. The coefficient of 
the development of M/N can be considered 
lateral errors and those of i/N as longitudinal 
errors. 

Interpolation theory. In analyzing an optical 
system, it is not appropriate to develop E into a 
Taylor series since such a series converges slowh 
and does not give a good enough approximation for 
the rays from an object point that is distant from 
the axis or for a system having a large aperture. It 
is, however, possible to derive an interpolation for- 
mula which gives a very good approximation. A 
number of rays, for instance nine, are traced from 
a point x — 0 , y = y 0 (for an axis point y f . = ()} 
through the optical system, and the intersection 
points x\ y with a plane at the fixed distance z' (l 
from the exit pupil are determined. From 

(1 + Nz'q)x / 

y = (1 + /Vz' 0 )/ + Mz'oyo M 

a series of values for M and A as functions of e- : 
and c'3 is obtained. These values are fitted by least 
squares with the formulus 


M == M 2 i ‘2 ~4 Mnen -I ViM 2 2 '*2 2 * 

-f A/23C2C3 f MlMy.iC'A* 

N = A^ 2^2 * 4 " f- 

* + A 23C2C3 + Vj/V.ac.r’ 



Having found the coefficients of Eqs. ( 32 ). it is 
possible to compute M and IV and therefore and 
y for a large number of rays from the object poinl 
going through the vignetted exit pupil. If the exit 
pupil is uniformly illuminated, these points should 
he chosen so that they uniformly fill the (vignetted : 
exit pupil. The plot of the intersecting points 
x ', y with the plane at the distance z' then give** a 
measure of the intensity of the light distribution 
in the image. 

As a measure of the quality of the image, the 
reciprocal of the radius of the circle that contain* 
a certain percentage of the rays (for instance. »o. 
80 , or 90 % ) may be taken. The image also can be 
dissected into its aperture, comatic, and deforma- 
tion errors with respect to aperture (keeping the 
object point, that is, the field, constant). This 
assists the designer in comparing different design 
stages since the corresponding figures are easy to 
analyze, in contrast to the complicated image 
figures. 

Moreover, by integrating in the x or y direction, 
the spread function can he obtained; that is, the 
image of a line in the meridional direction or the 


sagittal direction can be investigated. 

A simple mathematical consideration shows that 
a small sinusoidal test object at the object point i- 
imaged sinusoidally but with a different amplitude 


and phase. (A sinusoidal test object is a pattern m 
which the intensity varies like a sine wave in tftf 
lateral direction, being kept constant in ihe longi- 
tudinal direction.) • A series of sinusoidal tesl 



objects varying in the number of “waves” per milli- 
meter is imaged. 

The variation in amplitude gives a measure of 
the deterioration of the image with respect to 
resolution of gratings, and the change of phase 
tfjves information about the asymmetry of the image 
of the sinusoidal test object. 

The plot of the sine-wave response as a function 
of the frequency is regarded as giving information 
sufficient to compare objectives of similar con- 
struction. 

Diffraction. It is possible to compute diffraction 
for an off-axis point from geometrical optics. If 
M and V are known, it is possible to compute 


j'o - M /£l 4- ~ (Af^i + MNe 2 4- A/V 3 )J 
-■ v/^1 -I- (M 2 e i 4- MNe 2 4- V 2 c 3 )J 


In view of the intcgrability condition, Eq. (27), 
these equations when integrated give E as a function 
of c-z and e.\ and thus give the phase difference at 
every point of the exit pupil. Integration of the 
exponential e ikH , where s is the sum of E and the 
distance to a fixed point over the exit pupil, enables 
the (relative) light intensity at the point in ques- 
tion to be computed. Tm.ii.] 

Bibliography: H. Chretien, Cours de calc ul des 
combi naisons optiques , 1938; M. Herzberger, 

Modern Geometrical Optics, 1958; A. Kerber, 
Beit rage zur Dioptrik , 1896-1899; O. Schade, 
Optical Image Evaluation , Nat. Bur. Standards 
Circ. 526, 1954. 


Optics, physical 

The study of the interaction of electromagnetic 
waves in the optical range with material systems is 
•ailed physical optics. The optical range of wave- 
lengths may be taken as the range from about 10 
angstroms (10 mm) to about 1 mm. More nar- 
rowly, physical optics deals with the relationship 
between the atomic structure of a system and the 
manner in which the system affects light sent into 
it- The chief founder of this branch of science was 
Michael Faraday, who in 1845 provided the first 
• lue to the electromagnetic nature of light by show- 
big that the optical properties of glass could be 
altered by a magnetic field (see Faraday effect). 

The explanation of the absorption, reflection, 
mattering, polarization, and dispersion of light by 
a material medium in terms of the properties of the 
atoms and molecules making lip the medium is the 
objective of physical optics. In the course of seek-. 
lr ‘g this objective, physicists have found that opti- 
( al investigations are powerful methods of deter- 
ging the structures of atoms and molecules and 
°f larger systems composed thereof. Sec Absorp- 
Tr0N (electromagnetic radiation); Crystal op- 
tics; Diffraction; Dispersion (radiation); 
elp.ctrom agn etic radiation ; Electrooptics; 
Jieorescence; Interference of waves; Light; 
Magnetooptics; Polarized light; Reflection 
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(electromagnetic radiation); Refraction of 
waves; Scattering (electromagnetic radia- 
tion) ; Spectroscopy. See also Atomic structure 
and spectra; Molecular structure and spectra. 

f R.C.L.] 

Bibliography : M. Born and E. Wolf, Principles 
of Optics , 1959; F. A. Jenkins and H. E. White, 
Fundamentals of Optics , 3d ed., 1957; R. W. Wood, 
Physical Optics , 3d ed., 1934. 

Opuntiales 

An order of the plant subclass Dicotyledoneae with 
a single family (Cactaeeae) having 120 genera and 
perhaps 1700 species, all probably indigenous to 
America. These are unique xerophytic (of dry 
habitats) plants usually bearing spines or bristles. 
The stems are modified for water storage and photo- 
synthesis (sugar manufacture). The leaves are usu- 
ally small and scalelike, rarely well developed, gen- 
erally early deciduous (dropping off). The flowers 
are mostly large and brilliantly colored. Sepals, 
petals, and stamens are indefinite in number. 
Among the species of cactus are many unusual 
plants grown in gardens as oddities, and a number 
are cultivated for their beautiful flowers, such as 
the Christmas cactus and the night-blooming cereus. 
The giant cactus (Cereus giganteus) , or sagqaro of 
Arizona, is the largest of the cacti, occasionally 
reaching a height of 70 ft. See Cactus; see also 
Dicotyledoneae; Emrryophyta; Plant kingdom. 

[p.d.s.J 

Oral gland 

This gland, located in the mouth, secretes fluids 
that moisten and lubricate the mouth and food and 
may initiate digestive activity. Fishes and aquatic 
amphibians have only solitary mucus-secreting cells 
in the epithelium of the mouth cavity. Multicellular 
glands first appeared in land animals to keep the 
mouth moist and make food easier to swallow. 
These glands occur in definite regions and bear dis- 
tinctive names. Some glands of terrestrial amphib- 
ians have a lubricative secretion; others serve to 
make the tongue sticky for use in catching insects. 
>ome frogs secrete a serous fluid that contains 
ptyalin, a digestive enzyme. The oral glands of rep- 
tiles are much the same, blit are more distinctly 
grouped. In poisonous snakes and the single poison- 
ous lizard, the Gila monster, certain oral glands "of 
the serous type are modified to form venom. Also 
many of the lizards have glands that are mixed in 
character, containing both mucous and serous cells. 
Oral glands are poorly developed in crocodilians 
and sea turtles. Birds bolt their food, yet grain-eat- 
ers have numerous glands, some of which secrete 
ptyalin. 

Oral glands in mammals. All mammals, except 
aquatic forms, are well supplied with oral glands. 
There are numerous small glands, such as the labial 
glands of the lips, buccal glands of the cheeks, 
lingual glands of the tongue, and palatine glands 
of the palate. Besides these, there are larger paired 
sets in mammals that are quite constant from spe- 
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The salivary glands, shown by a partial dissection of 
the head. ( After J . C. Brash, ed., Cunningham's Text- 
book of Anatomy, 9th ed., Oxford, 1951) 


cies to species and are commonly designated as 
salivary glands. The parotid gland, near each ear, 
discharges into the vestibule. The suhmaxillary or 
submandibular gland lies along the posterior part 
of the lower jaw; its duct opens well forward 
under the tongue. The sublingual gland lies in the 
floor of the mouth. It is really a group of glands, 
each with its duct. Although not present in man, 
the retrolinguul gland, situated near the submaxil- 
lary, is found in many mammals; its duct takes 
a course similar to that of the suhmaxillary. Other 
occasional types are the molar gland of the hoofed 
mammals and the orbital gland of the dog family. 

Development. All of the oral glands develop from 
the epithelial lining as branching buds. Each gland 
is organized somewhat after the pattern of a bush 
that bears berries on the ends of its twigs. The main 
stem and all branches of the bush correspond to u 
system of branching glandular ducts of various 
sizes; the terminal berries correspond to the secre- 
tory end pieces. Actually these end pieces are more 
or less elongate, like the catkins of the willow or 
birch. The ducts are simple epithelial tubes. The 
end pieces specialize in different ways. Some 
elaborate a serous secretion that typically contains 
an enzyme; others secrete a mucou9 fluid; still 
others contain both types of secretory cells. In 
man and most other mammals the parotid gland 
produces a purely serous secretion. The submaxil- 
lary and sublingual glands of man and most mam- 
mals are mixed, or seromucous. The secretion of 
the sublingual gland tends to be more highly mu- 
cous in composition than that of the suhmaxillary. 

Secretions. Saliva is a viscid fluid containing a 
mixture of all of the oral secretions. It contains mu- 
cus, proteins, salts, and the enzymes ptyalin and 
maltase. Most of the ptyalin in human saliva is fur- 
nished by the parotid gland. The digestive action 
of saliva is limited to starchy food. Other uses of 
saliva include the moistening of food for easier 
manipulation by the tongue, the consequent facili- 


tation of swallowing, and a lubrication by mucus 
that ensures a smoother passage of food down the 
esophagus to the stomach. The daily amount of 
saliva produced by man is about 1.5 quarts, by the 
cow, 65 quarts. See Gland. [i-.B a • 

Orange 

The orange is the most widely used species of citrus 
fruit and commercially is the most important. The 
sweet orange. Citrus sinensis , is a native of China, 
but it has spread to other tropical and .subtropical 
regions of the world. The sour or bitter oranges, of 
lesser importance, are quite different from the 
sweet oranges and belong in a separate species, 
C. aurantium . This article deals only with the sweet 
orange which includes certain abnormal types such 
as the navel and blood oranges. 

The sweet orange tree is a moderately vigorous 
evergreen with a rounded, densely foliated Lop is re 
Everorkf.n plants). The fruits arc round or some- 
what elongated and orange-colored when ripe. De- 
pending on variety, they may he either seedv or 
seedless, sometimes with navels or with streaks of 
red in the flesh. There are many varieties, covering 
a wide range of ripening time from early to late, 
thus providing fresh fruit throughout most of the 
calendar year. 

In 1959-1960 the United States procured 33 r , 
of the world supply of oranges. Florida, with 5()fL- 
400 acres, leads production, followed by California 
with l.^S.OOO acres. Texas. Arizona, and Louisiana 
also grow oranges but with much smaller acreage'*. 
From 1948 to 1958 the average annual value of the 
orange crop of the United Stales, delivered at the 
packing house or processing plant, was approxi- 
mately $223,000,000. 

Sweet orange fruit is consumed fresh, canned, or 
as frozen juices; oils from the peel are used in per- 
fumes and flavoring; after the juice is extracted, 
the rind and flesh are dried and ground for cattle 



Foliage, flowers, and fruit of sweet orange. Citrus si 
nensis. (From L H. Bailey, ed.. The Standard Y 
elopedia of Horticulture, vo /. 1, Macmillan, 1937) 
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feed; citrus molasses is also used as a livestock 
feed supplement. Since about 1945 an increas- 
ing proportion of the orange crop has been used in 
frozen concentrate which can be marketed the 
vear around. In 1955-1956 orange concentrate uti- 
lized 44% of the entire crop in the United States. 
\bout 10% was also used in canned single-strength 
juice. See Fruit (botany); Fruit (tree); Fruit 
(trek) diseases. [f.e.g.] 

Orangutan 

\ primate, Pongo pygmaeus , a member of the ape 
familv Pongidae, found on the islands of Sumatra 
and Borneo. The orangutan is about 4 ft tall, some- 
time** slightly taller. A large male will weigh 200 lb; 
females are somewhat smaller. This ape has weak 
jegs hut strong, long arms which it uses in swing- 
ing through the treetops. It is covered with long, 
loose, reddish-brown hair. The skin is bluish-gray. 



The orangutan, Pongo pygmaeus; height to 50 in. 
Arthur W. Ambler , National Audubon Society ) 


Orangutans live almost entirely in treetops, 
nesting and sleeping on platforms built in trees. 
They travel in family groups. Their food is varied, 
but a favorite item is the fruit of the durian. The 
name orangutan means man-of-the-woods. See 
Primates. [j.d.b.] 

Orbital motion 

In astronomy the motion of a material body through' 
s Pace under the influence of its own inertia, a cen- 
tal force, and other forces. Johann Kepler found 
empirically that the orbital motions of the planets 
fbout the Sun are ellipses. Sir Isaac Newton, start- 
from his laws of motion, proved that an inverse- 
square gravitational field of force requires a body 
to move in an orbit that is a circle, ellipse, parab- 
°la, or hyperbola. 

Elliptical orbit. Two bodies revolving under their 
Mutual gravitational attraction, but otherwise un- 



Parameters of an elliptical orbit, (a) The relative orbit, 
(b) The orbit in space. 

disturbed, describe orbits of the same shape about 
a common center of mass. The less massive body 
has the larger orbit. In the solar system. Sun and 
Jupiter have a center of mass just outside the visi- 
ble disk of the Sun. For each of the other planets, 
the center of mass of Sun and planet lies within 
the Sun. 

For this reason, it is convenient to consider only 
the relative motion of a planet of mass m about 
Sun of mass M as though the planet had no mass 
and moved about a center of mass M m. The or- 
bit so determined is exactly the same shape as the 
true orbits of planet and Sun about their common 
center of mass, but it is enlarged in the ratio 
( M -f m)/M. See Center of mass; Planet. 
Parameters of elliptical orbit. The diagram 

shows the elements or parameters of an elliptic or- 
bit. Major axis AP intersects the ellipse AOP at 
the apsides; the extension of the major axis is the 
line of apsides. The body is nearest the center of 
mass at one apside, called perihelion P 9 and is far- 
thest away at the other, called aphelion A . 

Shape and size of an orbit are defined by two 
elements: length of semimajor axis, and departure 
of the orbit from a circle. Semimajor axis a equals 
CP; this length is expressed in units of the mean 
distance from Earth to Sun. Eccentricity e equals 
CS/CP where C is the center of the ellipse and S is 
a focus. For elliptical, orbits e is always less than 
unity. 
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Position of a body in its orbit at time t can be 
computed if a, e, and time of perihelion passage p 
and period of revolution T are known. Let 0 be the 
position of a planet at time t and OSP be the 
area swept out in time t — p (see Areal veloc- 
ity). From Kepler’s area law, area OSP equals 
(f — p)/T multiplied by the area of the full el- 
lipse. 

To describe the orientation of an orbit in space, 
several other parameters are required. All orbits 
in the solar system are referred to the plane of the 
ecliptic, this being the plane of the orbit of Earth 
about the Sun. The reference point for measure- 
ment of celestial longitude in the plane of the eclip- 
tic is the vernal equinox T, the First Point of 
Aries. This is the point where the apparent path of 
the Sun crosses the Earth’s Equator from south to 
north. The two points of intersection of the orbit 
plane with the plane of the ecliptic (W and /V') 
are called the nodes, and the line joining them is 
the line of nodes. Ascending node N is the one 
where the planet crosses the plane of the ecliptic 
in a northward direction; N' is the descending 
node. The angle as seen from Sun S measured in 
the plane of the ecliptic from the vernal equinox to 
the ascending node is T SN ; it is termed the longi- 
tude of the ascending node and fixes the orbit 
plane with respect to the zero point of longitude. 
The angle at the ascending node between the plane 
of the ecliptic and the orbit plane is called the in- 
clination i and defines the orientation of the orbit 
plane with respect to the fundamental plane. The 
angle as seen from the Sun, measured in the orbit 
plane from the ascending node to perihelion, is 
NSP f and is referred to as the argument of peri- 
helion; it defines the orientation of the ellipse 
within the orbit plane. The angle (NSP* + Q ), 
measured in two different planes, is called the lon- 
gitude of perihelion o>. Because dynamically the 
semimajor axis a and period T of a planet of mass 
m revolving under influence of gravitation G about 
Sun of mass M are related by the expression 

4ir 2 G(M + m) 
a* 

only six elements, a, e, i, Q , 5>, and p, are required 
to fix the position of a planet in space. Instead of 
these elements, however, a position vector (x 9 y 9 z) 
and the associated velocity vector (i,y,z) at a given 
instant of time would serve equally well to define 
the path of a planet in a rectangular coordinate 
system with origin at the Sun. 

Orbital velocity. Orbital velocity v of a planet 
moving in a relative orbit about the Sun may be ex- 
pressed by 

v % — G(M + m) ^ ^ 

where a is the semimajor axis, and r is the distance 
from the planet to the Sun. In the special case of a 
circular orbit, r « a 9 and the expression becomes 


G(M + m) 

When the eccentricity of an orbit is exactly unity 
the length of the major axis becomes infinite and 
the ellipse degenerates into a parabola. The ex- 
pression for the velocity then becomes 

G(M+m) (?) 

This parabolic velocity is referred to as the veloc- 
ity of escape, it being the minimum velocity re- 
quired for a particle to escape from the gravita- 
tional attraction of its parent body (see Escape 
velocity). 

Eccentricities greater than unity occur with 
hyperbolic orbits. Because in a hyperbola the semi 
major axis a is negative, hyperbolic velocities arc 
greater than the escape velocity. 

Parabolic and hyperbolic velocities seem to be 
observed in the motions of some comets and mete- 
ors. Aside from the periodic ones, most comets ap- 
pear to be visitors from cosmic distances, as An 
about two-thirds of the fainter meteors. For case 
of computation, the short arcs of these orbits that 
are observed near perihelion are represented by 
parabolas rather than ellipses. Although the ob- 
served deviation from parabolic motion is not sufti- 
cient to vitiate this computational procedure, it is 
possible that many of these “parabolic” comets arc 
actuary moving in elliptical orbits of extremels 
long period. The close approach of one of these 
visitors to a massive planet, such as Jupiter, could 
change the velocity from parabolic to elliptical it 
retarded, or from parabolic to hyperbolic if accel- 
erated. It is possible that many of the periodic 
comets, especially those with periods under 9 years, 
have been captured in this way. See Celestiaj 
mechanics; Comet; Gravitation; Perturbatio 
(astronomy). Ir.l.d.1 

Bibliography : P. Herget, The Computation oj 
Orbits , 1948; F. R. Moulton, Introduction to Celes • 
tial Mechanics , 2d ed., 1948; W. S. Smart, Spheri- 
cal Astronomy , 1931. 

Orchid 

Any member of the orchid family (Orchidaceae). 
one of the largest families of plants, with 450 gen- 
era and perhaps 15,000 species. Orchids have a 
wide distribution, being most abundant in tropical 
forests where the majority are epiphytes (l* v ^ 
perched on other plants). In the temperate an 
arctic regions, the genera are terrestrial. Unusua 
features of this group are the complex and highly 
specialized flowers, the minute microscopic see s 
having no endosperm, and the great number o 
seeds in an orchid capsule. The extraordinary 
beauty of the flowers makes orchids the basis of a 
multimillion-dollar floral industry. Otherwise- 
these plants have little economic importance. a 
nilla is obtained from the pods of Vanilla pl an * 
folia , and the tubers of some Asiatic species a 
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a) Aerial roots of an orchid epiphytic upon the bark 
of the branch of a tree {from A. J. Kerner von Mari - 
laun, The Natural History of Plants , Holt , 1895). ( b ) 
The two common floral types found in the orchids 
represented by C attleya and Cypripedium (F. Mc- 
Kee/ from D. fi. Swingle , A Textbook of Systematic 
botany, 3d ed McGraw-Hill , 1946). 


collected, dried, and marketed as salep. which is 
used both as a medicine and a food. See Orchi- 
dales ; Vanilla. [p.d.s.J 

Orchidales 

An order of the plant class Monocotyledoneae char- 
acterized by very minute seeds, each having an un- 
differentiated embryo and little or no endosperm. 
There are two families: the Burmanniaceae or 
hurmannia family, mainly nongreen saprophytes of 
tropical and subtropical regions, and the Orchi- 
daceae or orchid family, an enormous assemblage 
^ genera with perhaps 15,000 species, widely, 
distributed but most abundant in the tropics where 
the greatest number are epiphytes. The irregular 
j* ow ers of orchids, developed in connection with 
insect pollination, are often grotesque but beauti- 
“I- Orchids are highly valued as ornamentals of 
conservatory, but Vanilla jragrans, a Mexican 
® r chid, is the source of commercial vanilla. See 
wichid; Vanilla; see also Embryophyta; Mon- 
0 c otyledoneae; Plant kingdom. [p.d.s.] 


Ordovician 

The second period of the Paleozoic Era, and the 
system of rocks deposited during this time — the 
succession of rocks overlying the Cambrian system 
and underlying the Silurian system. The Ordovi- 
cian period had a duration of some 60,000,000 to 
80.000,000 years. 



The system of rocks was named by C. Lap worth, 
an English geologist, in 1879, for the Ordovices, an 
aboriginal tribe that occupied paits of Wales be- 
fore the coming of the Romans. The system in- 
cluded parts of the original Cambrian system of 
A. Sedgwick and of the Silurian system of R. Mur- 
chison, specifically those strata which succeeded 
the Tremadoc and underlay the Landovery beds, 
and were characterized by distinctive fo9sil grapto- 
lites. This nomenclature is followed in most of the 
world, but in some countries it is the practice to 
continue the Silurian in its original extended sense, 
assigning the Lower Silurian or Untersilur to the 
Ordovician, and the Upper Silurian to the Got- 
landian system, named from a Swedish island in 
the Baltic Sea. 

Rocks. The typical Ordovician rocks of Wales 
are extremely variable but generally consist of 
thousands of feet of graywacke and argillite with 
associated lavas and volcanic fragmental rocks. The 
sequence has been divided into several series; in 
ascending order they are the Arenigian, Llan- 
virnian, Llandeilan, Caradocian, and Ashgillian. 
Each is composed of one or more fossil zones, 
characterized by assemblages of graptolites. The 
sequence of graptolite zones established in Britain 
has been found to be generally adaptable to rocks 
of similar shaly facies throughout the world, as in 
Bohemia, Australia, and North America. A greater 
variety of fossils has been found in the sandy and 
calcareous rocks, the shelly facies. See Grapto- 

LITHINA. 

In North America, rocks having the character- 
istic Ordovician graptolites are found in many 
localities from northeast Newfoundland to eastern 
Tennessee and southeastern Oklahoma along the 
Atlantic and Gulf coasts, and from southeastern 
Alaska and eastern British Columbia to central 
Idaho and central Nevada along the Pacific aide of 
the continent. They are in sequences of graywackes, 
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Fig. 1. Section through the rocks of the Ordovician 
system from Pennsylvania northwestward at the close 
of the Ordovician period. The line of section is shown 
on the map with the lines of equal fhickness (iso* 
pachs) of the Cincinnatian series. The deposits ac 
cumulated in a subsiding basin on the margin of the 
more stable continental interior. Late in the period, 
the ec/rly stages of the Taconlan orogeny raised lands 
in the geosynclinal belt on the southeast, and ih* 
eroded sediments spread northwestward into the sub 
siding basin. 


argillites, and volcanic rocks as in Wales. On the 
other hand, graptolites are few or lacking in car- 
bonate rocks and associated shales and sandstones 
that are classified as Ordovician in the interior of 
the continent; however, these are placed in the 
Ordovician system because graptolites are occa- 
sionally found in association with the other fossils 
and some of the carbonate rocks can be traced 
stratigraphically into graptolite-bearing shales. 

The North American classification is based on 
the rocks of shelly facies, in which brachiopods 
and cephalopods are generally the most definitive 
fossils. The rocks have been divided into series 
such as the following in ascending order: Canadian, 
Chazyan, Blackriveran, Trentonian, and Cincinnat- 
ian (Fig. 1), though other terms have been applied. 
Mohawkian is used frequently for the Black- 
riveran and Trentonian, and Bolarian is a provin- 
cial series approximating the Blackriveran. Cham- 
plainian has been used for the whole system, and 
more recently it has been used for the three mid- 
dle series as listed above. The base of the Carado- 
cian of Britain is about the base of the Black- 


riveran, and the Ashgillian is about equivalent tn 
the Cincinnatian. 

Life. The Ordovician contrasts with the older and 
underlying Cambrian in having a greater abundance 
and variety of fossils. Trilobites and brachiopods 
are common in many Cambrian rocks, but other 
organisms are rarely found. In the Ordovician ruck* 
of shaly facies, graptolites are generally abundant 
only on occasional beds. But in the calcareous 
rocks or shelly facies, fossils abound in many 
places. Brachiopods are perhaps the most generall) 
present; they are of great variety and differ from 
stage to stage. Though less frequent, cephalopods 
and trilobites are quite useful in recognition 
ages of beds, particularly in the Canadian an 
Chazyan series. Corals became plentiful enough to 
form small patch reefs in the Chazyan; and bry° 
zoans first appeared in some abundance in tna 
series. Well-developed crinoids and cystids 
common in a few limited zones. Gastropods a" 
pelecypods are soihetimes abundant, particularly in 
argillaceous rocks, and ostracods are first 
in profusion and great variety in Chazyan sea 



me nte. The Ordovician rocks yield the first great 
variety of conodonts, forms that seem quite useful 
in classifying some rocks that are otherwise 
sparsely fossiliferous. Sponge fossils are occasion- 
ally common and distinctive; and there are repre- 
sentatives of other fossil invertebrate classes and 
orders. The advent of the first vertebrate may have 
preceded the Ordovician, but at least there are 
trales of primitive fishes in some abundance in 
rocks of about Blackriveran age. particularly in 
the Harding sandstone of Colorado. Calcareous 
algae are the only plant fossils of consequence. Of 
all the Ordovician animal life, graptolites are prob- 
ably the most distinctive, for though they lived 
from Cambrian to Carboniferous, they are almost 
entirely limited to the Ordovician and Silurian sys- 
tems. 

Tectonic provinces. The Ordovician rocks of 
North America fall into several tectonic provinces 
i Tig. 2l. The central part of the continent or 
hcdrrncrafon accumulated a few hundred feet to a 
thousand feet or so of sedimentary rocks, princi- 
pally limestone and dolomite; it was a relatively 
stable area. Along the eastern and western borders 
of the cruton. separated by /ones of crustal flexure, 
were belts having much thicker sections (a mile of 
morel of sedimentary rocks, again principally car- 
bonate rocks, but with terrigenous sediments locally 
prevalent; these are the miogcosynclines, belts of 
ui eater subsidence than the hedreoeraton. Hevond 
llinn to the edge of the continent. Ordovician rocks 
ire almost entirely terrigenous and volcanic, coll- 
ating of gravwackes and argillites with associated 
lava Hows and fragmental volcanic rocks; these 
belts of subsidence had associated islands that rose 
jud were eroded, as well as volcanic centers, and 
ire cugensynclinal belts. The rocks in these belts 
were greatly deformed by later mountain making, 
•uid in many cases were so invaded by plutonio 
ipmeons rocks and were so metamorphosed a.-> to be 
difti<-ulr to identify and date, or to arrange in strati- 
graphic order. The typical Ordovician of Great 
Britain is eugeosynclinal, as is that of coastal 
•Vandinavia; whereas that of Sweden, Estonia, and 
Roland is similar to that of interior north America. 
Gk.OSY INCLINE. 

Deformation in North America. The most strik- 
ln S structural changes in the continent were along 
die eastern margin, from Newfoundland to the 
v(,l, th Atlantic Coast. Initially, in the Canadian 
e Po<h. graptolite-bearing rocks of eugeosynclinal 
facies were laid in submerged troughs adjoining is- 
taods along the coast, while carbonates, which were, 
diick in the miogeosynclinul belt, thinned toward 
cratonal interior area. The interrelations of the 
l ' Vo fanes are obscured by later folding and thrust 
ai, lling along the zone of change: the carbonate 
r ^ks were laid in shallow water and probably 
graded into the argillites laid in deeper marginal 
^‘Ughs. In later epochs, at different times along 
. 1000-mile length of the belt in eastern United 

States, lands rose in the eugeosynclinal belt and 
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shed sediment into troughs extending ‘ into the 
margin of the hedreoeraton. The effect of the ris- 
ing lands became pronounced in the Cincinnatian 
epoch, when sands and muds spread inland as far 
as Ohio and Michigan in a great delta that filled an 
elongate basin centered in Pennsylvania to a depth 
of several thousand feet. The later Ordovician rocks 
were folded, and Silurian rocks lie unconformably 
on them at localities from Gaspe, Quebec, to Penn- 
sylvania. Moreover, there are great thrust faults 
attributed to this, the Taeonian orogeny, and in- 
trusions of granitic rocks in maritime Canada and 
New England that were unroofed (exposed by 
erosion) bv Silurian time; intrusions in the Caro- 
linas have also been dated as Ordovician by geo- 
chemical methods. .See Gkochkonomktry ; Uncon- 
formity. 

In western North America, there is similar con- 
trast between volcanic-bearing argillaceous ami 
graywacke sequences with graptolites as the most 
frequent fossils from southeastern Alaska and 
Yukon to central Nevada and the southern Sierra 
Nevada of California and carbonate rocks of a mile 
or so thickness extending eastward to the cratonal 
margin. Though the zone of contact between the 
facies is again obscure, in some areas the two facies 
are known to grade into each other, as though the 
carbonate rocks were laid in shallow water passing 
over a flexure into deeper sinking Troughs that re- 
ceived terrigenous sediment from lands raised in 
th<* eugeosynclinal belt to the west. Orogeny is not 
recognized in the west during this period. 

In the continental interior, carbonate rocks are 
prevalent, and in the bate Ordovician (late Tren- 
tonian and the Cincinnatian) seas covered all but 
a very small part of the continental interior from 
the Gulf of Mexico to the Arctic. During the Late 
Ordovician there were islands and volcanoes along 
the present borders of North America, but the 



Fig. 2. North American Ordovician tectonic provinces. 
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interior was largely beneath the sea. The interior, 
however, was not fully stable, for the thicknesses of 
rocks in the stages of the several series thicken into 
basins of greater subsidence and thin to disappear- 
ance along the margins of other areas that subsided 
little or not at all. At one stage in the Chazyan 
Epoch, sands from dunes in the northern interior 
drifted into shallow seas in the Mississippi Valley 
region, forming the few hundred feet of remarkably 
pure St. Peter sandstone, the source of silica for 
glass manufacture and other chemical industries. 

Other continents. Ordovician rocks are known 
from each of the continents, but knowledge of them 
comes principally from Europe and North America. 
In South America, Ordovician fossils have been 
described from areas scattered from Venezuela and 
Columbia to northwestern Argentina along the west 
slope of the Andes. In Asia, the Ordovician of 
Manchuria has been a source of faunas, but little 
is known of the paleogeography of the continent. 
In Australia, the best-known Ordovician is that in 
Victoria, having an excellent graptolite succession, 
and similar faunas are known in New Zealand. The 
principal Paleozoic sections in Africa are in the 
countries bordering the western Mediterranean. 

[m.k.1 

Bibliography : W. H. Twenhofel et al.. Correla- 
tion of the Ordovician formations of North Amer- 
ica, Bull Geol. Soc. Am ., 65(3) :247 298, 1954. 

Ore and mineral deposits 

Ore deposits are naturally occurring geologic bod- 
ies that may be worked for one or more metals. The 
metals may be present as native elements, or, more 
commonly, as oxides, sulfides, sulfates, silicates, or 
other compounds. The term ore is often used loosely 
to include such nonmetallic minerals as fluorite and 
gypsum. The broader term, mineral deposits, in- 
cludes, in addition to metalliferous minerals, any 
other useful minerals or rocks. Minerals of little 
or no value which occur with ore minerals are 
called gangue. Some gangue minerals may not be 
worthless in that they are used as by-products; for 
instance, limestone for fertilizer or flux, pyrite for 
making sulfuric acid, and rock for road material. 

Mineral deposits that are essentially as origi- 
nally formed are called primary or hypogene. The 


Table 1. Elemental composition of earth’s crust 
based on Igneous and sedimentary rocks* 



Weight, % 

Atom, % 

Volume, % 

Oxygen 

46.71 

60.5 

94.24 

Silicon 

27.69 

20.5 

0.51 

Titanium 

0.62 

^0.3 

0.03 

Aluminum 

8.07 

6.2 

0.44 

Iron 

5.05 

1.9 

0.37 

Magnesium 

2.08 

1.8 

0.28 

Calcium 

3.65 

1.9 

1.04 

Sodium 

2.75 

2.5 

1.21 

Potassium 

2.58 

1.4 

1.88 

Hydrogen 

0.14 

3.0 



* From T. F. W. Barth, Theoretical Petrology , Wiley, 
1952 ('recalculated from F. W. Clarke and H. S. Washing- 
ton, 1924). 


Table 2. Abundance of metals in Igneous rocks 


Element 

% 

Element 

% 

Aluminum 

8.13 

Cobalt 

0.0023 ~ 

Iron 

5.00 

Lead 

0.0016 

Magnesium 

2.09 

Arsenic 

0.0005 

Titanium 

0.44 

Uranium 

0.0004 

Manganese 

0.10 

Molybdenum 

0.00023 

Chromium 

0.02 

Tungsten 

0.00015 

Vanadium 

0.015 

Antimony 

0.0001 

Zinc 

0.01 1 

Mercury 

0.00005 

Nickel 

0.008 

Silver 

0.00001 

Copper 

0.005 

Gold 

0.0000005 

Tin 

0.004 

Platinum 

0.0000005 


term hypogene also indicates formation by upward 
movement of material. Deposits that have been 
altered by weathering or other superficial processes 
are secondary or supergene deposits. Mineral de- 
posits that formed at the same time as the enclos- 
ing rock are called syngenetic. and those formed 
later are called epigenetic. 

The distinction between metallic and nonmetallic 
deposits is at times an arbitrary one since some 
substances classified as nonmetals, such as Icpido- 
lite, spodumene, beryl, and rhodochrosite, arc the 
source of metals. The principal reasons for dis- 
tinguishing nonmetallic deposits from metallic are 
practical ones, and include such economic con- 
siderations as methods of recovery and uses. 

Concentration. The earth’s crust consists of igne- 
ous, sedimentary, and nietamorphic rocks. Table 1 
gives the essential composition of the crust and 
shows that 10 elements make up more than 99 c ' ( at 
the total. Of these, aluminum, iron, and magnesium 
are industrial metals. The other metals are present 
in small quantities, mostly in igneous rocks 
(Table 2). 

Many mineral deposits, such as stone and salt, 
are mined in the condition in which thev formed 
without further concentration. However, most de 
posits are natural enrichments and concentration** 
of original material produced by different geologic 
processes. To be of commercial grade, the metals 
must he present in much higher concentrations than 
the averages shown in Table 2. For example, the u*\- 
lowing metals must be concentrated in the amounts 
indicated to be considered ores: aluminum, about 
30%, copper, 0.7-10% ; lead, 2-4% ; zinc, 3-8^ i 
and gold, silver, and uranium, only a small fraction 
of a per cent of metal. Therefore, natural process^ 6 
of concentration have increased the aluminum con- 
tent of aluminum ore 3-4 times, and even a low- 
grade gold ore may represent a concentration ot 
20,000 times. 

Forms of mineral deposits. Mineral deposits oc- 
cur in many forms depending upon their origin* 
later deformation, and changes caused by weather* 
ing. Syngenetic deposits are generally sheetlike, 
tabular, or lenticular, but may on occasion be ir- 
regular or roughly spherical. 

Epigenetic deposits exhibit a variety of forms. 
Veins or lodes are tabular or sheetUke bodies that 
originate by filling fissures or replacing the country 




Fig. 1- Vein developed in fissured or sheeted zone. 




Fig. 2. Brecciated vein in granite. 


rm k along a fissure ( Fig. 1 ) . Replacement bodies 
in limestone may be very irregular. Veins are usu- 
ally inclined steeply and may either cut across or 
conform with the bedding or foliation of the en- 
closing rocks. The inclination is called the dip, and 
js the angle between the vein and the horizontal. 
The horizontal trend of the vein is its strike, and 
the vertical angle between a horizontal plane and 
the line of maximum elongation of the vein is the 
plunge. Commonly the veins of a mining district 
occur as systems which have a general strike, and 
one or more systems may he present at some angle 
to the main series. In places the mineralization is a 
network of small, irregular, discontinuous veins 
called a stock work. 

Mineral deposits are seldom equally rich 
throughout. The pay ore may occur in streaks, 
‘•pots, hunches, or hands separated by low-grade 
material or by gangue. These concentrations of 
valuable ore are called ore shoots; if roughly hori- 
zontal they are ore horizons, and if steeply inclined 
they are chimneys. After their formation mineral 
deposits may be deformed by folding, faulting, or 
Wciation (Fig. 2). 

Metasomatism or replacement. Metasomatism, 
(,T replacement, is the process of essentially simul- 
taneous removal of one mineral and deposition iff 
tts place of another mineral of partly or wholly 
different composition. A large volume of rock may 
transformed in this manner, and the resulting 
deposit is generally of equal volume. Commonly 
original structure and texture of the replaced 
r °ek is preserved by the replacing material. 

Replacement, evidence for which is found in 
many mineral deposits, operates at all depths under 
a ^ide range of temperature. The evidence indi- 
c «tes that the new minerals formed in response to 
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conditions that were unstable for the preexisting 
ones. 

Usually the replacing material moves to the site 
of metasomatism along relatively large openings 
such as faults, fractures, bedding planes, and shear 
zones. It then penetrates the rock along smaller 
cracks and finally enters individual mineral grains 
along cleavage planes and minute fractures where 
substitution may take place on an atomic scale un- 
til the entire mass has been transformed (Fig. 3). 
In many deposits repeated movement has opened 
and reopened channelways, which would otherwise 
have become clogged, to permit continued and 
widespread replacement. The process may take 
place through the action of gases or solutions or by 
reactions in the solid state. 

Classification of mineral deposits. Mineral de- 
posits are generally classified on the basis of the 
geologic processes responsible for their formation 
as magmatic, contact metasomatic, pegmatitic, hy- 
drothermal, sedimentary, residual, and regional 
metamorphic deposits. 

Magmatic deposits. Some mineral deposits origi- 
nated by cooling and crystallization of magma, and 
the concentrated minerals form part of the body of 
the igneous rock. If the magma solidified hy simple 
crystallization, the economically valuable mineral 
is distributed through the resulting rock; diamond 
deposits found in peridotite are believed by some 
geologists to be of this type. However, if the magma 
has differentiated during crystallization, early- 
formed minerals may settle to the bottom of the 
magma chamber and form segregations such as the 
chromite deposits of the Bushveld in South Africa. 
Late- formed minerals may crystallize in the inter- 
stices of oMer minerals and form segregations like 
the Bushveld platinum deposits. Occasionally, the 
residual magma be« omes enriched in constituents 
such as iron, and this enriched liquid may form de- 
posits, such as the Taherg titaniferous iron ores of 
Sweden. It is also possible that during differentia- 
tion some of the crystals or liquid may be injected 
and form sills or dikes. The iron ores of Kiruna, 
Sweden, have been described as early injections, 
and certain pegmatites are classed as late magmatic 
injections. Magmatic deposits are relatively simple 
in mineral composition and few in number. 



Fig. 3. Replacement of limestone by ore along fissure. 
Disseminated ore (dots) Js forming In advance of main 
body. 





Fig. 4. Association of contact metasomatic and vein 
deposits with intrusive. 

Contact metasomatic deposits. During the crys- 
tallization of certain magmas a considerable 
amount of fluid escapes. This fluid may produce 
widespread changes near the contacts of magma 
with the surrounding rocks (Fig. 4). Where such 
changes are caused by heat effects, without addi- 
tion of material from the magma, the resulting de- 
posits are called contact met amorphic. If appreci- 
able material is contributed by the magma, the de- 
posits are termed contact metasomatic. The mag- 
mas that produce these effects are largely silicic in 
composition and the resulting mineral deposits are 
often irregular in form. 

Under contact metasomatic conditions, the intro- 
duced fluids extensively replace the country rock 
to produce a variety of complex minerals. Contact 
metasomatic deposits include a number of impor- 
tant deposits, whereas contact metamorphic de- 
posits are rarely of economic value. Many garnet, 
emery, and graphite deposits are classed as con- 
tact metasomatic, as are such metalliferous de- 
posits as the iron ores of Cornwall, Pa., Iron 
Springs, Utah, and Banat. Hungary ; many copper 
ores of Utah, Arizona, New Mexico, and Mexico; 
the zinc ores of Hanover, N.M.; and various tung- 
sten ores of California and Nevada. 

Pegmatite deposits. Pegmatites are relatively 
coarse-grained rocks found in igneous and meta- 
morphic regions. The great majority of them con- 
sist of feldspar and quartz, often accompanied by 
mica, but complex pegmatites contain unusual min- 
erals and rare elements. Many pegmatites are reg- 
ular tabular bodies ; others are highly irregular and 
grade into the surrounding rocks. In size, pegma- 
tites range from a few inches in length to bodies 
over 1000 ft long and scores of feet across. Some 
pegmatites are zoned, commonly with a core of 
quartz surrounded by zones in which one or two 
minerals predominate. 

Pegmatites may originate by various igneous and 
metamorphic processes. Fractional crystallization 
of a magma results in residual solutions that are 
generally rich in alkalies, alumina, water, and other 
volatiles. The volatiles lower the temperature of 
this liquid and make it unusually fluid; the low 
viscosity promotes the formation of coarse-grained 
minerals. The rare elements that were unable by 
substitution to enter into the crystal structure of 
earlier- formed minerals, principally because of dif- 
ferences in size of their atomic radii, are concen- 


trated in the residual pegmatite solutions. Late 
hydrothermal fluids may alter some of the previ. 
ously formed pegmatite minerals. 

Some pegmatites develop by replacement of the 
country rock and commonly these are isolated 
bodies with no feeders or channels in depth. Thev 
occur in metamorphic regions usually devoid of 
igneous rocks and contain essentially the same min- 
erals as those in the country rocks. In some regions 
small pegmatites have grown by forcing apart the 
surrounding metamorphic rock, and others have 
formed by filling a fissure or crack from the walls 
inward. In both cases growth is believed to have 
taken place by diffusion and consolidation of ma- 
terial in the solid state. 

Hydrothermal deposits. Most vein and replace- 
ment deposits are believed to be the result of pre- 
cipitation of mineral matter from dilute, hoi as- 
cending fluids. As the temperature and pressure de- 
crease, deposition of dissolved material takes plat e. 
There is no general agreement as to the state of 
these fluids. Some geologists believe that they wen* 
gaseous emanations that condensed to hot solu- 
tions, whereas others think they began as solution* 
and remained so until precipitation occurred. 

W. Lindgren, who developed the hydrothermal 
theory, divided these deposits into throe group* on 
the basis of temperature and pressure conditions 
supposed to exist at the time of formation. Deposit* 
formed at temperatures of SO 200° C and at slight 
depth iSeneath the surface are called epithermal. 
Many ores of mercury, antimony, gold, and sil\w 
are of this type. Deposits formed between 200 and 
300 °C at moderate depths are known as mesuthcr 
inal and include ores of gold-quartz, silver-lead, 
copper, and numerous other types. Hypotherrnal 
deposits are those formed between about 300 and 
S00°C at high pressures; certain tin, tungsten, and 
gold-quartz ores belong to this type. 

The nature of hydrothermal fluids is determined 
by inference, by analogy with laboratory experi- 
ments, and by investigation of deposits forming 
around volcanoes and hot springs at the present 
time. Studies of liquid inclusions in minerals, rt t 
mineral textures, and of inversion temperatures 
of minerals indicate that mineralization takes place 
at elevated temperatures. Layers of minerals on the 
walls of open fissures with crystal faces developed 
toward the openings suggest deposition from solu- 
tion. In some of these cavities later crystals were 
deposited on earlier ones in a manner that suggests 
growth in moving solutions. Certain secondary re- 
placement phenomena, such as weathering and oxi- 
dation of mineral deposits, also indicate deposition 
from liquid solutions. Studies of wall rock altera- 
tion where hydrothermal solutions have attache 
and replaced rock minerals indicate that these solO' 
tions change in character from place 

The principal objections to the 

theory are the low solubility of suL~ t , 

and the enormous quantities of water requ»r 
W. Lindgren realized this and, for some deposit 
favored colloidal solutions as carriers of metas- 


to place, 
hydrothermal 

I in wa* cr 



Laboratory synthesis of sulfide minerals by G. Kul- 
i^rnd shows that some ore-bearing solutions must 
been considerably more concentrated than is 
generally believed. See Sulfide phase equilibria; 
p, also Orf* deposits, geochemistry of. 

Two common features of hydrothermal deposits 
ur the zonal arrangement of minerals and altera- 
tion of wall rock. 

1 . Zoning of mineralization. Many ore deposits 
ihanpe in composition with depth, lateral distance, 
,,r both, resulting in a zonal arrangement of min- 
erals or elements. This arrangement is generally 
interpreted as being due to deposition from solu- 
tion with decreasing temperature and pressure, the 
Mention precipitating minerals in reverse order of 
iheir solubilities. Other factors are also involved 

a> concentration, relative abundance, decrease 
in electrode potentials, and reactions within the 
..ilulion* and with the wall rocks as precipitation 
progresses. 

Zonal distribution of minerals was first noted in 
mineral deposits associated in space with large 
'siwmis bodies, and has since been extended to in- 
.■indr zoning related to sedimentary and metarnor- 
phi.- processes in places where no igneous bodies 
.no in evidence. Although most geologists interpret 
zoning a** a result of precipitation from a single 
x Hiding solution, some believe deposition is 
.i'hirwd from solutions of different ages and of dif- 
fon*nt compositions. 

1 be distribution of mineral zones is clearly 
•hown at Cornwall, England, and at Butte Mont. At 
Cornwall, tin veins in depth pass upward and ont- 
turd into copper veins, followed by veins oi lead- 
dlvcr, then antimony, and finally iron and manga- 
carbonates. Such zoning is by no means a uni- 
’•ersal phenomenon, and. in addition to mines and 
Uriels where it is larking, there are places where 
WfTsals of zones occur. Some of these reversals 
have been explained more or less satisfactorily by 
iHfSifopjng of minerals near the surface, by the 
of structural control or of composition of 
r ‘ u> host rock in precipitating certain minerals, and 
^ the effects of supergene enrichment on the orig- 
1I,a l zoning, but many discrepancies are not ade- 
'luately explained. 

2. Wall rock alteration. The wall rocks of hy- 
r, ‘thcrmal deposits are generally altered, the most 

change being a bleaching and softening, 
here alteration has been intense, as in many 
,nt *sotherrnal deposits, primary textures may be 
} " ler ated by the alteration products. Chemical 
an d mineralogical changes occur as a result of the 
Introduction of some elements and the removal of 
0 ers ; rarely a rearrangement of minerals takes 
Ware with no replacement. 

j0lT1mon alteration products of epithermal and 
^othermal deposits are quartz, sericite, clay min- 
J as ’ chlorite, carbonates, and pyrite. Under high- 
DhT eratUTe ^ypogene conditions pyroxene, am- 
l n ! hiotite, garnet, topaz, and tourmaline form, 
many mines sericite has been developed nearest 
e Ve *n and gives way outward to clay minerals or 
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chlorite. The nature and intensity of alteration vary 
with size of the vein, character of the wall rock, and 
temperature and pressure of hydrothermal fluids. 
In the large, low-grade porphyry copper and mo- 
lybdenum deposits associated with stocklike in- 
trusives, alteration is intense and widespread, and 
two or more stages of alteration may be superim- 
posed. 

Under low-intensity conditions, the nature of the 
wall rock to a large extent determines the altera- 
tion product. High-intensity conditions, however, 
may result in similar alteration products regardless 
of the nature of the original rock. Exceptions to 
this are monornineralir rocks such as sandstones 
and limestones. Wall rock alteration may develop 
during more than one period by fluids of differing 
compositions, or it may form during one period of 
mineralization as the result of the action of hydro- 
thermal fluids that did not change markedly in com- 
position. Alteration zones have been used as guides 
to ore and tend to be most useful w r here they are 
neither too extensive nor too narrow. Mapping of 
these zones outlines the mineralized area und may 
indicate favorable plac es for exploration. 

Sedimentary and residual deposits. At the earth's 
surface, action of the atmosphere and hydrosphere 
alters minerals and forms new ones that are more 
stable under the existing conditions. Sedimentary 
deposits are bedded deposits derived from preexist- 
ing material by weathering, erosion, transportation, 
deposition, and consolidation. Different source ma- 
terials and variations in the processes of formation 
yield different deposits. Changes that take place in 
a sediment after it has formed and before the suc- 
ceeding material is laid down are termed diage- 
netic. They include compaction, solution, recrystal- 
lization, and replacement (see Diagenf.sis). In 
general, the sediment is consolidated by compac- 
tion and by precipitation of material as a cement 
between mineral grains. 

The mineral deposits that, form as a result of 
sedimentary and weathering processes are com- 
monly grouped as follows: (1) sedimentary de- 
posits. not including products of evaporation, (2) 
chemical evaporites, (3) placer deposits, (4) re- 
sidual deposits, and (5) organic deposits. 

1. Sedimentary deposits. Included in this group 
are the extensive coal beds of the world, the great 
petroleum resources, clay deposits, limestone and 
dolomite beds, sulfur deposits such as those near 
Kuibyshev in Russia and the deposits of the Gulf 
, Coast region, and the phosphate of North Africa 
and Florida. Metalliferous deposits such as the 
minette iron ores of Lorraine and Luxemborg, 
the Clinton iron ores pf the United States, and the* 
manganese of Tchiaturi, Georgia, and Nikopol in 
the Ukraine also belong here. There are other de- 
posits of metals in sedimentary rocks whose origin 
remains an enigma, 9uch as the uranium of the 
Colorado Plateau, the Witwatersrand in South Af- 
rica, and Blind River in Ontario; and the copper 
deposits of Mansfeld, Germany, and of the Copper- 
belt of Northern Rhodesia and the Belgian Congo. 
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Fig. 5. Deposition of stream placer on inside of me- 
ander bends. 


These deposits have characteristics of both synge- 
netic and epigenetic types. A controversy centers 
around the genesis of these and similar deposits of 
the world. 

2. Chemical evaporites. Chemical evaporites con- 
sist of soluble salts formed by evaporation in closed 
or partly closed shallow basins. Deposits of salt or 
gypsum that are several hundred feet thick are diffi- 
cult to explain satisfactorily. Oschsenius suggested 
that they formed in basins which were separated 
from the ocean by submerged bars except for a nar- 
row channel (inlet) ; such barriers are common 
along coastal areas. Intermittently, sea water 
flowed over the barrier and was concentrated into 
saline deposits by evaporation. Modifications of 
this theory have been proposed to account for the 
omissions of certain minerals and the interruptions 
in the succession. 

Deposits of gypsum and common salt (halite) 
are found in many countries, whereas the larger 
concentrations of potash salts, borates, and nitrates 
are much more restricted in occurrence. See Evapo- 
ritf. (saline). 

3. Placer deposits. Placers are the result of me- 
chanical concentration whereby heavy, chemically 
resistant, tough minerals are separated by gravity 
from light, friable minerals. Separation and con- 
centration may be accomplished by streams, waves 
and currents, air, or by soil and hill creep. The 
most important economic placer deposits are those 
formed by stream action (Fig. 5). 

Stream and beach placers are widespread in oc- 
currence and include the famous gold placers of 
the world, as well as deposits of magnetite, ilmen- 
ite, rutile, zircon, monazite, and garnet. Placer de- 
posits of diamond, platinum, and gemstones are 
less common. 

4. Residual deposits. Complete weathering re- 
sults in distribution of the rock as a unit and the 
segregation of its mineral constituents. This is ac- 
complished by oxidation, hydration, and solution 
and may be accelerated by the presence of sulfuric 
acid. Some iron and manganese deposits form by 
accumulation without change, but certain clay and 
bauxite deposits are created during the weathering 
of aluminous rocks. Residual concentrations form 


where relief is not great and where the crust • 
stable; this permits the accumulation of materi^ 
in place without erosion. See Weathering i» R( * 

ESSES. 

Large residual deposits of clay, bauxite, p h 0s . 
phate, iron, and manganese have been worked i n 
many parts of the world, as have smaller dep<> 8 jt„ 
of nickel, ocher, and other minerals. 

5. Organic deposits. Plants and animals collect 
and use various inorganic substances in their lift* 
processes, and concentration of certain of these 
substances upon the death of the organisms may re. 
suit in the formation of a mineral deposit. Coal and 
peat form from terrestrial plant remains and repre. 
sent concentration l»y plants of carbon from the car- 
bon dioxide of the atmosphere. Petroleum origi- 
nates by the accumulation of plant and animal 
remains. Many limestone, phosphate, and silica 
deposits also form by plant and animal activity. Hv 
drated ferric oxide and manganese dioxide are pre- 
cipitated by microorganisms; anaerobic bacteria 
can reduce sulfates to sulfur and hydrogen sulfide 
There is considerable controversy, however, as to 
whether microorganisms are responsible for the 
formation of certain iron, manganese, and sulfide- 
deposits. Some uranium, vanadium, copper, and 
other metalliferous deposits are considered to ha\r 
formed, in part at least, by the activity of organ 
isms. 


Deposits formed by regional metamorphism . Re- 
gional metamorphism includes the reconstruction 
that takes place in rocks within orogenic or moun- 
tain belts as a result of changes in temperature 
pressure, and chemical environment. In these orn 
genic belts, rocks are intensely folded, faulted, and 
subjected to increases in temperature. The change* 
that occur in this environment affect the chemical 


and physical stability of minerals, and new min- 
erals, textures, and structures are produced, genci 
ally accompanied by the introduction of consider- 
able material and the removal of other material. 

Some geologists believe that the water and met- 
als released during regional metamorphism can 
give rise to hydrothermal mineral deposits. A bmp 
faults and shear zones movement of fluids could 
take place by mechanical flow, though elsewhere 
movement might be by diffusion. The elements re 
leased from the minerals would migrate to 
pressure zones such as brecciated or fissured area:; 
and concentrate into mineral deposits. It has been 
suggested that the subtraction of certain elements 
during metamorphism also can result in a relatnc 
enrichment in the remaining elements; if this p r(,( 
ess is sufficiently effective, a mineral deposit ma> 


ated 

of 


result. Certain minerals also may be concentr 
during deformation by flow of material to areas 
low pressure such as along the crests of folds. 

Deposits of magnetite, titaniferous iron, and var ^ 
ious sulfides may form in metamorphic rocks* * 
well as deposits of nonmetallic minerals such 
kyanite, corundum, talc, graphite, and garnet. 

Opponents of the concept of mineral format^ 
by regional metamorphism believe that a di»P er 




of minerals, rather than a concentration, would re- 
sult from the processes operative. However, if move- 
ment of material were confined to specific channel- 
's, this objection would not necessarily hold. 

Oxidation and supergena enrichment. Many sul- 
fide minerals form at depth under conditions differ- 
ing markedly from those existing at the surface. 
When such minerals are exposed by erosion or de- 
formation to surface or near-surface conditions, 
they become unstable and break down to form new 
minerals. Essentially all minerals are affected. 

The oxidation of mineral deposits is a complex 
process. Some minerals are dissolved completely or 
in part, whereas elements of others recombine and 
form new minerals. The principal chemical proc- 
i is, ses that take place are oxidation, hydration, and 
rurhonation. The oxidation of pyrite and other sul- 
fides produces sulfuric acid, a strong solvent. Much 
of the iron in the sulfides is dissolved and repre- 
cipitated as hydroxide to form iron-stained outcrops 
railed gossans. Metal and sulfate ions are leached 
from sulfides and carried downward to be precipi- 
tated bv the oxidizing waters as concentrations of 
oxidized ores above the water table. Oxides and 
carbonates of copper, lead, and zinc form, as do 
native copper, silver, and gold. The nature of the 
ore depends upon the composition of the primary 
minerals and the extent of oxidation. If the sulfates 
are carried below the water table, where oxygen is 
excluded, upon contact with sulfides or other re- 
ducing agents they are precipitated as secondary 
sulfides. The oxidized zone may thus pass down- 
ward into the supergene sulfide zone. Where this 
process has operated extensively, a thick m condary 
‘»r supergene-enriched sulfide zone is formed. En- 
richment may take place by removal of valueless 
material or by solution of valuable metals which 
arc then transported and reprecipitated. This en- 
richment process has converted many low-grade 
ore bodies into workable deposits. Supergene en- 
richment is characteristic of copper deposits but 
may also take place in deposits of other metals. 
Beneath the enriched zone is the primary sulfide 
°re (Fig. 6). 

The textures of the gossan minerals may give a 
‘‘lue to the identity of the minerals that existed be- 
fore oxidation and enrichment took place. These 
have been used as guides in prospecting for ore. 

Sequence of deposition. Studies of the relations 
°f minerals in time and space have shown that a 
fairly constant sequence of deposition, or paragen- 
es hs is characteristic of many mineral deposits. In 
Magmatic and contact metasomatic deposits, sili-' 
r ates form first, followed by oxides and then sul- 
fides. W. Lindgren presented this sequence for hy- 
Pogene mineral associations, and A. B. Edwards has 
discussed the problems involved. The sequence of 
! onu non minerals starts with quartz, followed by 
* r ° n sulfides or arsenides, chalcopyrite, sphalerite, 
vjrnite. tetrahedrite, galena, and complex lead and 
*dver sulfo salts. It has been established primarily 
V laboratory investigations and indicates the ex- 
,s tence of some fundamental control, but attempts 
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to explain the series and variations in it have been 
largely unsuccessful. Local variations are to be ex- 
pected since many factors such as replacement, un- 
mixing, superimposed periods of mineralization, 
structural and stratigraphic factors, and telescop- 
ing of minerals may complicate the order of deposi- 
tion. 

Paragenesis is generally thought to be the result 
of decreasing solubility of minerals with decreas- 
ing temperature and pressure. It has also been ex- 
plained in terms of relative solubilities, pH of the 
solutions, metal volatilities, decreasing order of po- 
tentials of elements, free energies, and changing 
crystal structures of the minerals as they are depos- 
ited. In order to explain mineral paragenesis more 
satisfactorily, many additional experimental studies 
must he made to determine phase relations at dif- 
ferent temperatures and pressures. See Miinkral. 

Mineralogenetic provinces and epochs. Mineral 
deposits are not uniformly distributed in the earth’s 
crust nor did they all form at the same time. In 
certain regions conditions were favorable for the 
concentration of useful minerals. These regions are 
termed mineralogenetic provinces and they contain 
broadly similar types of deposits, or deposits with 
different mineral assemblages that appear to he 
genetically related. The time during which these de- 
posits formed constitutes a mineralogenetic epoch 
and such epochs differ in duration, but in general 
they cover a long time interval that is not sharply 
defined. Certain provinces contain mineral deposits 
of more than one epoch. 

During diastrophic periods in the earth’s history 
mountains w*ere formed accompanied by plutonic 
and volcanic activity and by mineralization of mag- 
matic. pegmatitic. hydrothermal and metamorphic 
types. During the quieter periods, and in regions 
where diastrophism was milder, deposits formed by 
processes of sedimentation, weathering, evapora- 
tion, supergene enrichment, and mechanical action. 
The relationship between mineral deposition and 
large-scale crustal movements permits a grouping 
of mineralogenetic provinces by major tectonic fea- 
tures of the continents such as mountain belts, sta- 



Fig. 6. Vein deposit showing changes due to oxida- 
tion ond supergene enrichment. 
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ble regions, and Precambrian shields. See Tec- 
tonic PATTERNS. 

The Precambrian shield areas of the world con- 
tain the Lake Superior, Kiruna, and Venezuelan 
iron provinces, the gold provinces of Kirkland Lake 
and Porcupine in Canada, the gold-uranium ores of 
South Africa, the gold deposits of western Austra- 
lia, and the base metals of central Australia. In the 
more stable regions are the metalliferous lead-zinc 
province of the Mississippi Valley and provinces of 
salt and gypsum, iron, coal, and petroleum in dif- 
ferent parts of the world. The mountain belts are 
the location of many diverse kinds of mineral prov- 
inces such as the gold-quartz provinces of the Coast 
Range and the Sierra Nevadas, various silver-lead- 
zinc provinces of the western United States, the 
Andes, and elsewhere, and numerous base-metal 
provinces in the Americas, Africa, Australia, and 
Europe. 

Localization of mineral deposits. The foregoing 
discussion has shown that mineral deposits are lo- 
calized by geologic features in various regions and 
at different times. Within the shield areas and 
mountain belts major mineralized distric ts are of- 
ten localized in the upper parts of elongate plutonic 
bodies (.see Pluton). Specific* ores tend to occur in 
particular kinds of rocks. Thus tin, tungsten, and 
molybdenum are found in granitic rocks, and nickel, 
chromite, and platinum occur in basic igneous 
rocks. Tropical climates favor the formation of re- 
sidual manganese and bauxite deposits, whereas 
arid and semiarid climates favor the development 
of thick zones of supergene copper ores. Major min- 
eralized districts are also localized by structural 
features such as faults, folds, contacts, and inter- 
sections of superimposed orogenic belts. The lo- 
cation of individual deposits is commonly controlled 
by structural features, by the physical or chemical 
characteristics of the host rock (Fig. 7), by topo- 
graphic features, by ground- water action, or by re- 
striction to certain favorable beds (Fig. 8). 

Source and transport of ores. Widely divergent 
views have been expressed as to the original source 
and mode of transport of mineral deposits, hut in 
general two ideas have predominated for many 
years. According to one view, the source was a dif- 
ferentiating magma which split off fractions as the 
pressure and temperature changed. Some of the 
heavy metals crystallized within the magmatic body 



Fig. 7. Strong vein in granite dividing into stringers 
upon entering schist. 



Fig. 8. Ore in limestone beneath impervious shale. 


and, if sufficiently concentrated, formed true mag- 
matic deposits. Others combined with mineralizing 
fluids and rose into cooler rocks where they were 
precipitated as hydrothermal deposits. Thus the 
magma was both the source and the transporting 
agent of the ore material. A few geologists believe 
the source of the ore to he at even greater depths 
than that at which magmas form. 

According to the second view, the materials in 
mineral deposits were derived from the surrounding 
rocks in either of two ways: » 

1. Circulation of surface waters removed metals 
from the host rocks and deposited them in availa- 
ble openings; this is the lateral secretion theorv. 
The mptals were carried either by cool surface wa- 
ters or by such waters that moved downward, he 
came heated by contact with hot rocks at depth, 
and then rose and deposited their dissolved mate 
rial. 

2. During regional metamorphism large quanti- 
ties of hydrothermal fluids may he released Iron 
rocks in deep orogenic zones. These fluids remove 
metals and other minerals from the country rock 
und redeposit them at higher levels along favora- 
ble structures. Elements may also move by diffusion 
along chemical, thermal, and pressure gradients. 

A number of the famous mineralized districts oi 
the world that have characteristics of both epige- 
netic and syn genetic deposits have been modified b) 
later metamorphism, thereby further obscuring 
their origin. In some of these districts the fissure 
and joint systems in the rocks reflect the pattern 
in deeper-seated rocks. H. Schneiderhohn (Stutt- 
gart) has suggested that repeated rejuvenation of 
these systems by tectonic movements, accompanied 
by the dissolving action of thermal waters on old 
ore deposits in depth, would result in upward move- 
ment and reprecipitation of metals in higher forma- 
tions; Schneiderhohn calls these deposits second- 
ary hydrothermal ores. Elsewhere old folded rocks 
and ore deposits have been greatly deformed, and 
the ores taken into solution and transported to 
higherand younger strata; such deposits Schneider- 
hohn terms regenerated ores. Controversy centers 
around suitable criteria for epigenetic and syng«' 
netic deposits, the problems of solubility of metal® 
in thermal waters, # their transport over long 




t Dl . eSl and whether such rejuvenated and regener- 
ated ores would be dispersed or concentrated by 
ij, t; processes envisaged by Schneiderhohn. 

r a.f.ii . ] 
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Ore deposits, geochemistry of 

Lnnhernistry in general deals with the amounts 
and distribution of the elements and isotopes of the 
P.irth and th«* nature of the processes affecting 
ilirni. Although ore bodies are formed by many dif- 
imnt timeesses (see Ore and mineral deposits), 
i »!il v tho.se deposits of the heavy metals believed to 
hr formed by precipitation from heated water-rich 
thuds (hydrothermal) are discussed in detail here. 
\Io-t of the world’s supply of base metals, silver. 
,md gold originates in such deposits. 

Mineral and chemical composition. The miner- 
■iN in ore deposits frequently are divided into two 
groups, ore and gangue; the former constitute 
iIiom* for which the deposit is mined, the lutter are 
Hit* waste minerals associated with the ore. The 
“«ime mineral may be an ore in some deposits and 
gangue in others. The common minerals of hv- 
firufhermal deposits (Table 1) are sulfides, sulfo 
'«Ik oxides, carbonates, silicates, and native ele- 
iiwnts. although sulfates, a fluoride, tungstates, 
ii amides, tellurides. selenidcs, and others are by 
ii" means rare. Many minor elements which seldom 
l,( nir in sufficient abundance to form discrete min- 
' r ;iU of their own may substitute for the major 
• laments of the ore minerals and thus be recovered 
by-products. For example (as shown in Table 
1>. the ore mineral of cadmium, indium, and gal- 
luim is sphalerite; the major ore mineral of silver 
a nd thallium is galena; and pyrite is sometimes 
an <»re of cohalt. See Elements (geochemical 
distribution ) . 

Ore deposits consist, in essence, of exceptional 
r ° n(, cntrations of given elements over that com- 
inmdy occurring in rocks. The degree of concern 
Nation needed to constitute ore varies widely, as 
s hown in Table 2, and is a complex function of 
[Jan/ economic and sometimes political variables. 

quantity of these elements in the total known 
^ reasonably expected ore bodies in the world is 

,n nnitesimal when compared with the total 

airm unt$ in the crust of the earth. Thus, each and 
^ ery cubic mile of ordinary rocks in the crust of 
e earth contains enough of each ore element to 
|Hake large bodies (see Table 2). Although there 
lN tt l ar ge number of geologic situations that are 
^Parently favorable, only a very few of them con- 
significant amounts of ore. Thus it is evident 
al *he processes leading to concentration must 
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be the exception and not the rule, and obviously 
any understanding or knowledge of these processes 
should aid in the discovery of further deposits. 

It is apparent from the above that each step in 
the process of ore formation must he examined 
carefully if this sporadic occurrence of ore is to be 
placed on a rational basis. In order for ores to 
form, there must he a source for the metal, a me- 
dium in which it inay be transported, a driving 
force to move this medium, a '"plumbing system” 
through which it may move, and a cause of precipi- 
tation of the ore elements as an ore body. These in- 
tei related requirements are discussed below in 
terms of the origin of the hydrothermal fluid, its 
chemical properties, and the mechanisms by which 
it may carry and deposit ore elements. 

Source of metals. It. is not easy to determine the 
source foi the metals in hydrothermal ore deposits 
because, as shown above, they exist everywhere in 
such quantities that even highly inefficient proc- 
esses could be adequate to extract enough -material 
to form large deposits. 

Fluids associated with igneous intrusion . In 
many deposits there is evidence that ore formation 
was related to the intrusion of igneous rocks 
nearby, hut in many other deposits intensive search 
has failed to reveal any such association. Because 
the crystal structures of the bulk of the minerals 
(mostly silicates) crystallizing in igneous rocks 
are such that the common ore elements such as 
copper, lead, and zinc do not fit readily, these ele- 
ments are concentrated into the residual liquids, 
along with H-O, COj, I1 2 S, and other substances. 
These hot, water-rich fluids, remaining after the 
hulk of the magma has crystallized, are the hydro- 
thermal fluids which move outward and upward to 
areas of lower pressure in the surrounding rocks, 
where part or all of their contained metals are pre- 
cipitated as ores. A more detailed discussion of the 
composition of these fluids is presented below. 

Fluids obtained from diagenetic and met amor- 
phic processes. Fluids of composition similar to 
the above also could be obtained from diagenetic 
and metamorphic processes. When porous, water- 
saturated sediments containing the usual amounts 
of hydrous and carbonate minerals are trans- 
formed into essentially nonhydrous, nonporous 
metamorphic rocks, great quantities of water and 
carbon dioxide must he driven off. Thus, each cubic' 
mile of average shale must lose about 3 X 10° tons 
of water and may lose large amounts of carbon 
dioxide on metamorphism to gneiss. The great bulk 
of the water presumably comes off as connate wa- 
ter (entrapped at time of rock deposition) under 
conditions of fairly low temperature. In many re- 
spects, this water has the same sea-water composi- 
tion as it had to start with. However, as metamor- 
phism proceeds, accompanied by slow thermal 
buildup from heat flow from the earth’s interior 
and from radioactivity, the last fluids are given off 
at higher temperatures and are richer in CO 2 and 
other substances. These fluids would have consider- 
ably greater solvent power and can be expected to 
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be similar to those coming from cooling igneous 
rocks. 

Role of surface and other circulating waters . It 
is very likely that the existence of a mass of hot 
rock under the surface would result in heating and 
circulation of meteoric water ( from rain and 
snow) and connate water. The possible role of 
these moving waters in dissolving ore elements 
from the porous sedimentary country rocks 
through which they may pass laterally and in later 
depositing them as ore bodies has been much dis- 
cussed. The waters may actually contribute ore 


or gangue minerals in some deposits. The test of 
this theory of lateral secretion on the basis 0 f p r( . 
cise analyses of the average country rocks aroumj 
an ore body would involve an exceedingly difficult 
sampling job. It also would require analytical p re . 
cision far better than is now feasible for most P | e . 
ments as each part per million uncertainty in tl, e 
concentration of an element in a cubic mile of r *K ^ 
represents about 11,000 tons of the element or 
1,000,000 tons of 1% ore. 

Movement of ore-forming fluids . In addition to 
the high vapor pressures of volatile-rich fluids a«v 


Table 1. Some common primary minerals of hydrothermal ore deposits 


Element 

Common minerals 

Idealized 

formulas 

Significant minor 
elements occurring 
in these minerals, 
underlined where 
economically important 

I ron 

1 leinatite 

Fe*( 



Magnetite 

I’c.O, 

Mn 


Pyrite 

FeS 2 

An,* Co, Ni 


Pyrrhotite 

Kci ,S 

Ni, Co 


Kiderite 

KeCO, 

Mu, Ca, Mg 


A rseno pyrite 

FeAsS 

SI), Co, Ni 

Copper 

Chalcopyrite 

CuFeS, 

Ag, Mil, Se * 


Bonnie 

Cu t FeS 4 



Chnlrocite 

Cu-jS 

Ag 


Enargite 

Cu.iAsSy, 

a«, sb 


Te trailed rite 

CUl2Sb 4 Sl3 

Ag, Fo, Zn, llg, As 

Zinc 

Sphalerite 

ZnS 

Fe, Mil, Cd, Cu, Ga, Ge, 




Sn, In 

Lend 

Galena 

PUS 

Ag, Bi, As, Tl, Sn, Se, Sh 

Bismuth 

Native bismuth 

Bi 



Bismuthiuite 

BiA 


Silver 

Native silver 

Ag 

Au 


Argentite 

Ag 2 S 



Various stilfo salts 



Gold 

Native gold 

Aii 

Ag. Cu 


Various tellurides 




of gold and silver 



Mercury 

Cinnabar 

HgS 


Tin 

Cassiterite 

SnC ) a 


Uranium 

llruninite 

IJO* 

Ra, Th, Pb 

Cobalt 

Gobultite 

CoAsS 



Smaltite 

Co A 8*2 


Nickel 

Pentlandite 

(Fe,Ni) 4 S* 


Tungsten 

Soheelite 

CliWO, 

Mo 


Wolframite 

(Fe,Mn)W0 4 

Mo 

Molybdenum 

Molybdenite 

MoS 2 

He 

Manganese 

Rhodochrosite 

MnCOj 

Fe, Mg, Ca 


Rhodonite 

MnSiO s 

Co 

Others 

Xalcite 

CttCOa 

Mn 


Dolomite (and 

CaCOa* MgCOs 

Fe, Mn 


ankerite) 




Barite 

BaS0 4 



Fluorite 

CaF a 



Quartz 

SiO, 



Sericitc, chlorite, 




feldspars, clays, 




and various other 




silicates 




Intimately associated as minute particles of metallic gold, but not in the crystal structure of the py r,te ' 
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Table 2* Approximate concentration of ore elements in earth’s crust and in ores 


Element 

Approx iiuate 
concentration 
in average 
igneous rocks, % 

Tons per 
cubic mile 
of rock 

Approximate 
concentration 
ill ores, % 

Concentration 
factor to 
make ore 


Ke 

5.0 

560,000,000 

50 

10 


Cu 

0.007 

700,000 

0.5- 5 

70-700 


Zn 

0.013 

J ,500,000 

1.3-13 

100-1000 


Ph 

0.0016 

180.000 

1.6 16 

1000 10,000 


Sn 

0.004 

450,000 

0.01 *1 

2.5 250 


Ag 

0.00001 

MOO 

0.05 

5000 


Au 

0.0000005 

56 

0.00000 15* 0.01 

3- 2000 


U 

0.0002 

22,000 

0.2 

1000 


W 

0.003 

340,000 

0.5 

170 


Mo 

0.001 

1 10,000 

0.6 

600 



Placer deposits. 


inp a driving force to push them out into the 
surrounding country rocks and to the surface, there 
ma\ well he additional pressures from erogenic 
m mountain-building forces. When a silicate 
m.igriui has an appreciable percentage of liquid 
,uul is subjected to orogenic forces, it moves en 
ri.i^e to areas of lower pressure (it is intruded 
iii*ii other rocks). Hut if the magma has crystal- 
lized W c or more of its hulk as solid crystals and 
has onl v a very small amount of water-rich fluid 
present as thin films between the grains, and then 
i' '■•jueezed. this fluid may he the only part snffi- 
« ientlv mobile to move toward regions of lower 
prcsMire. (If the residual fluid, containing the ore 
Hrments, stays in the rock, it reacts with the early- 
funned. largely anhydrous, minerals of tin rock to 
loim new hvdrated ones such as sericite, cpidote. 
■linphihole, and chlorite, and its ore elements pre- 
•ipilale as minute disseminated specks and films 
^‘•ng the silicate grain boundaries. ) 

The ore-hearing fluid leaves the source through a 
astern comprised of joints, faults, porous volcanic 
plugs, or other avenues. As the fluid leaves the 
sf »urce, it moves some appreciable hut generally un- 
known distance laterally, vertically, or both, and 
finally reaches the site of deposition. This system 
() f channels is of utmost importance in the process 
"f ore formation. 

Localization of mineral deposits. It is stated fre- 
quently that ore deposits are geologic accidents; 
v, *t there are reasons, however abstruse, for the 
localization of a mineral deposit in a particular 
s Pot. One reason for localization is mere proximity 

the source of the ore-forming fluids, as in rocks 
a djacent to an area of igneous activity or near a 
ma i°r fracture system which may provide plumb- 
ic for solutions ascending from unknown depths. 
&>nes of shattering are favored locales for miner- 
Ration since these provide plumbing and offer 
the best possibility for the ore solution to react 
wit h wall rock, mix with other waters, and ex- 
P&nd and cool, all of which may promote precipita- 
t,0n - Some types of rock, particularly limestone 
an d dolomite, are especially susceptible to replace- 
nient and thus often are mineralized preferentially. 


The chemical or physical properties which cause a 
rock to be favored by the replacing solutions often 
arc extremely subtle and certainly not understood 
fully at this time. 

Zoning and paragenesis. Mineral deposits fre- 
quently show evidence of systematic spatial and 
temporal changes in metal content and mineralogy 
that are sufficiently consistent from deposit to de- 
posit to warrant special mention under the terms 
zoning and paragenesis. Zoning may he on any 
scale, though the range is commonly on the order 
of a few hundred to a few thousand feet, and may 
have either lateral or vertical development. In min- 
ing districts such as Butte. Montana, or Cornwall, 
Kngland. where zoning is unusually well devel- 
oped, there is a peripheral zone of manganese min- 
erals grading inward through successive, overlap- 
ping silver-lead, zinc., and copper zones (and in the 
case of Cornwall, tungsten, and finally tin). The 
same sequence of zones appears in many deposits 
localized about intrusive rocks, suggesting strongly 
that the tin and tungsten are deposited first from 
the outward-moving hydrothermal solutions and 
that the copper, zinc. lead, and silver were de- 
posited successively as the solutions expanded and 
t ooled. In other districts, the occurrences of mer- 
cury and antimony deposits suggest that their zonal 
position may he peripheral to .that of silver or man- 
ganese. The paragenesis, or the sequence of deposi- 
tion of minerals at a single place, as interpreted 
from the textural relations of the minerals, follows 
the same general pattern as the zoning, with the tin 
and tungsten early and the lead and silver late. With 
both zoning and paragenesis there are sometimes 
reversals in the relative position of adjacent zones, 
and these are usually explained as successive gen- 
erations of mineralization. Some metals such as 
iron, arsenic, and gold tend to be distributed 
through all of the zones, whereas others, 9uch as 
antimony, tend to be restricted to a single position. 

The sequence of sulfide minerals observed in 
zoning and paragenesis matches in detail the rela- 
tive abilities of the heavy metals to form complex 
ions in solution. This observation strongly supports 
the hypothesis developed later that most ore 
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transport occurs through the mechanism of com- 

‘ . . i i .. 1 1-.. (Aouth » 


transport occurs wiruu^u 

plex ions, since no other geologically feasible 
property of the ore metals or minerals can explain 
the zoning relations. 

Environment of ore deposition. Important as- 
pects of the environment of ore deposition include 
the temperature, pressure, nature, and composition 
of the fluid from which ores were precipitated. 

Temperatures. Although there is no geological 
thermometer that is completely unambiguous as to 
the temperatures of deposition of ores, there is a 
surprising number of different methods for esti- 
mating the temperatures that prevailed during 
events long since past that have been applied to 
ores with reasonably consistent results (see Gbo- 
I.OC1C thermometry ) . Those ore deposits which 
had long been considered to have formed at high 
temperatures give evidence of formation in the 
range of 500-600°C. or possibly even higher, lhose 
that were thought to be low-temperature deposits 
show temperatures of formation in the vicinity of 
100°C or even less, and the bulk of the deposits lie 

between these extremes. .... 

Pressures. It would be useful to know the total 
hydrostatic pressure of the fluids during ore for- 
mation. Most of the phenomena used for determi- 
nation of the temperatures of ore deposition are 
also pressure-dependent, and so either an estimate 
of the correction for pressure must be made, or two 
independent methods must be used to solve for the 

two variables. , 

Pressures vary widely from nearly atmospheric, 
in hot springs to several thousand atmospheres in 
deposits formed at great depth. Maximum reason- 
able pressures are considered to be on the order ot 
that provided by the overlying rock; conversely, 
the minimum reasonable pressures are considered 
to be about equal to that of a column of fluid open 
to the surface. Pressures therefore range ap- 
proximately 500 to 1500 P si per 1000 ft of depth at 
the time of mineralization. .See Hich-prf.ssurf. 

PHENOMENA. 

Evidence of composition. Geologists generally 
concede that most ore-forming fluids are essen- 
tially hot water or dense supercritical steam in 
which are dissolved various substances including 
the ore elements. There are three lines of evidence 
bearing on the composition of this fluid. These are 
fluid inclusions in minerals, thermal springs and 
fumaroles, and the mineral assemblage o t e e 
posit and its associated alteration haloes. 

1. Fluid inclusions in minerals. Very small 
amounts of fluid are trapped in minute fluid-tilled 
inclusions during the growth 'of many ore and 
gangue minerals in veins, and these inclusions have 
been studied intensively for evidence of tempera- 
ture and composition (F. G. Smith, 1953). 
though the relative amounts may vary widely, these 
fluids will have 5-25 or even more weight per cent 
soluble salts such as chlorides of Na, K, and Ui, 
plus highly variable amounts of carbonate, sulfate, 
and other anions. Some show liquid C0 2 or hydro- 
carbons as separate phases in addition to the aque- 


ous solution. A few show detectable amounts 0 f 
H-.S and minor amounts of many other substances 

. . r*r\ A U C 


fl'p aim iiuiiui j same 

After losing some CO 2 and H 2 S through release of 
pressure and oxidation when the inclusions art 
opened, the solutions are within 2 or 3 pH unit,, 
of neutral. There is no evidence of sizable quanti- 
ties (>1 g/liter ) of the ore metals in these solu- 
tions, and the evidence indicates that the concen- 
trations of the ore elements must be very l.m 
(<0.1 g/liter). Even if the concentrations were in 
the range of 0.1 g/liter, there should be analytical 
evidence in the fluid inclusion studies, hut this i- 
lacking. In addition, if fluids of such composition 
were trapped in flqid inclusions in transparent min 
erals and on cooling precipitated even a fraction of 
their metal content as opaque sulfides, these should 
be visible (under the microscope) within the in- 
clusions, but none are seen. If the concentration, 
of ore elements are much less than 0.001 g/liter. 
the volume of fluids that must be moved through a 
vein to form an ore body hecomes geologically un 
probable. 

2. Thermal springs and fumaroles. lhesc |>i<>- 
vide the closest approach to a direct look at the 
processes of ore deposition as some ore and 
gangue minerals form within the range of due,; 
observation. The solutions from thesfl springs go. 
diluted and possibly contaminated, partly ox. 
dized and partly devolatilized samples of the sor 
of fluid that presumably forms ore bodies at 
greater depths. Isotopic studies, for example, using 
natural tritium as a tracer, and other less <|i.ao . ■ 
live evidence show that the solutions have been < - 
luted by local meteoric water until less than ^ 
of the fluid emitted at the surface is of deep - 
origin. The compositions of these thermal *pn»k ■ 
c.orredion I™ ,uch dilnUon. «* » r£ 
agreement with the data from fluid inclusion . ■ 
Radioactive species produced by cosmic ray 
3. Mineral assemblage. The assemblag 
erals that occurs within a deposit provides a g , 
deal of information about the chemica n 1 
the fluid from which the ores were preopi „■ 
There are a great number of stable inwg 
pounds of the heavy metals known, yet 
ore deposits contain only a relatively sm 
ber ol miner...- For en.mpK 

chloride, lead carbonate, lead sulfate, 1 )f 

lead sulfide, and many others are ^ now " df . 
compounds of lead, yet of these, prim ^ 

posits contain only the sulfide (galen . bil)# . 
ments, such as calcium, which occur le . 

lion with several types of ** m 

the carbonate, fluoride, sulfate, and nume anti , a . 
cates, are found with the ore mmer “ ls ; * ?. m m a. 
tive approach to the compositional probl 
be made by considering reactions such as 

CaCOa + 2F- - CaF 2 + CO., ' 

The equilibrium constant for this 

(CO,~)/(F-)- - K>" ■' 25 ‘ C 

and fluorite are in equilibrium, the q w(f )' 
for the constant are met, and the 1 ^,;. 



ratio is known. A large number of such equations 
can be evaluated and from comparison with the 
mineral assemblage known to occur in ores, lim- 
its on the possible variation of the composition of 
the ore-forming fluid may be estimated. Unfortu- 
nately, calculations of this sort involving ionic 
equilibria are limited to fairly low temperatures 
(less than 100-200°C) since there are few relia- 
ble thermodynamic data on ionic species at high 
temperature. At any temperature, reactions such 
as 

2Ag + MiS 2 = Ag 2 S 

can be used to evaluate or place limits on the 
possible variation of the chemical potential of 
,ome components in the ore-forming fluid. Sec Sul- 
fide PHASE EQUILIBRIA. 

The composition of the ore fluid tends to become 
adjusted chemically by interaction with the rocks 
with which it comes in contact, and these changes 
mav well contribute to the precipitation of the ore 
minerals. Thus, the K w H f ratio may be controlled 
hv such reactions as 

4K A1 2 ( A1S i ;l ) O , o ( OH) 2 4- 611*0 4- 4H + 

Muscovite 

- 6Al*(Si,O i )(OH) 4 4-4K l “ 
Kaolin 

where the equilibrium constant has the form 

/V+\4 

K = (ihiWan* 

Likewise, the quantitatively small hut neverthe- 
less important partial pressures of sulfur and oxy- 
gen may be governed by reactions such as 

Fc 3 0 4 4“ S 2 = FeaOa 4- FeS* 4- %0* 

Such changes in the wall rock come under the gen- 
eral heading of wall-rock alteration and may he of 
many types, only a few of the more common of 
which are mentioned below. 

High-temperature alteration of limestones usu- 
ally results in the formation of water-poor cal- 
wum silicates such as garnet, pyroxenes, idocrase, 
and tremolite, and the resulting rock is termed 
s karn. At lower temperatures in the same types of 
ro °k. dolomitization and silicification are the pre- 
dominant forms of alteration, because the partial 
pressure of C0 2 is too high to permit calcium sili- 
cate to form. See Silicate phase equilibria. 

At high temperatures in igneous and metamor- 
phic rocks near granite in composition, the solu- 
tions are approximately in equilibrium with the 
Primary rock-forming minerals, and thus there is 
little alteration except development of sericite and 
occasionally topaz and tourmaline. At lower tem- 
peratures, the characteristic sequence of altera- 
ti°n from fresh rock toward the vein is first an 
ar gillic zone, then a sericitic zone, and finally a 
S1 l»cified zone bordering the vein. 

Summary. Summarizing the environment of ore 

^Position, there are various lines of evidence to 
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show that most hydrothermal ore deposits were 
formed at temperatures of 100-600° C and at pres- 
sures ranging from nearly atmospheric to several 
thousand atmospheres. The solutions were domi- 
nantly aqueous and were fairly concentrated in 
sodium and potassium chlorides but were rela- 
tively dilute in terms of the ore metals. 

Mechanisms of ore transport and deposition. 

The ore minerals, principally the sulfides, are ex- 
tremely insoluble in pure water at high tempera- 
tures as well as low; the solubility products are 
so low, in fact, that literally oceans of water would 
be required to transport the inetal for even a small 
ore body. Thus, it is not easy to explain the mech- 
anism wheieby the minerals aie solubilized to the 
extent necessary for ore transport. 

In addition to the fact that the absolute solubili- 
ties, calculated from the solubility products, are 
extremely low, the relative solubilities of the sul- 
fides are radically different. For example, accord- 
ing to the solubility products, FeS is many, many 
times more soluble than PhS (about 10 ,n times 
at 25°C), yet the two minerals occur together in 
ore deposits and behave as if galena were slightly 
more soluble than pyrrhotite. From this and other 
lines of evidence, it appears necessary to conclude 
that the solubilities of the various contempora- 
neous minerals in a given deposit could not have 
differed among ‘hemselves by more than a few or- 
ders of magnitude. 

The only geologically and chemically feasible 
mechanism by which these solubilities may he 
equalized approximately is the formation of com- 
plex ions of the heavy metals. Such complexes can 
increase the solubilities of heavy metals tremen- 
dously. As an example, the activity (thermody- 
namic concentration) of Hg ++ in a solution satu- 
rated with lfgS (cinnabar) and H 2 S at 25°C, 1 
atm pressure, and pH 8, is only about 10 47 moles/- 
liter, representing a concentration much less than 1 
atom of mercury in a volume of water equal to the 
entire volume of the oceans of the world. However, 
in the saint solution is formed a very stable sulfide 
< omplex of mercury, HgS 2 " which increases the 
total concentration of mercury in solution bv the 
impressive factor of about IQ 4 -, giving a concentra- 
tion on the order of 0.001 g/liter. Not only does 
complex formation provide a means to achieve 
adequate solubility for ore transport, but the rela- 
tive tendency for metals to form certain types of 
complexes matches in detail the commonly ob- 
served zoning and paragenetic sequences mentioned 
previously. The metals whose sulfides are the least 
soluble tend to form the most stable complexes, 
and metals whose minerals are comparatively sol- 
uble form weaker complexes. There are many kinds 
of complexing ions or molecules (ligands) of pos- 
sible geologic importance; a few of the more sig- 
nificant are sulfide (S’~), hydrosulfide (HS"), 
polysulfides (S/— ), thiosulfate ( S 2 0.r ~ ) , sulfate 
(SO* - "), carbonate (COs““), and chloride (Cl - ). 

The precipitation of minerals from complexed 
solutions takes place either by shifts in equilib- 
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rium caused by changing (usually cooling) tem- 
perature or by a decrease in the concentration of 
the ligand, thereby reducing the ability of the so- 
lution to carry the metals. This latter alternative 
can take place in several ways, as by reaction 
with wall rock, by mixing with other solutions, or 
by formation of a gas phase through loss of pres- 
sure. 

Oxidation and secondary enrichment. When ore 
deposits are exposed at the surface, they are placed 
in an environment quite different from that in 
which they were formed, and the character of the 
deposit is changed through the processes of oxida- 
tion and weathering. The sulfides give way to ox- 
ides, sulfates, carbonates, and other compounds 
which are more or less soluble and tend to be 
leached away, leaving a barren gossan of insoluble 
siliceous iron and manganese oxides. Some min- 
erals, such as cassiterite and native gold, may 
leach away at a less rapid rate than does the sur- 
rounding material ; thus they are concentrated as a 
surficial residuum. 

Where the country rock is relatively inert to the 
acid solutions generated by the oxidizing sulfides, 
as in the case of quartzites and some hydrother- 
mal ly altered rocks, copper and especially zinc are 
leached away readily: lead and silver may be re- 
tained temporarily in the oxidized zone as the car- 
bonate or sulfate, and the chloride or native metal, 
respectively; but eventually these too are dissolved 
away. The various metallic ions are carried down- 
wards until they reach unoxidized sulfides in the 
vicinity of the water table where the solutions in- 
teract with these sulfides to form a new series of 
supergene sulfide minerals. Copper sulfide is the 
least soluble sulfide of the plentiful metals in the 
solution, and hence the zone of supergene sulfide 
enrichment is predominantly a copper sulfide zone 
with occasional rich concentrations of silver. Zinc 
nearly always remains in solution and is lost in the 
ground water. 

In reactive wall rocks, such as limestones, reac- 
tion with the wall rock prevents the solutions from 
becoming acid enough for large amounts of metal 
to he removed in solution ; the base metals are re- 
tained almost in place as carbonates, sulfates, ox- 
ides. halides, and there is' no appreciable sulfide 
enrichment. 

The behavior of some elements is governed by 
the availability of other materials. Thus, for exam- 
ple, uranium is readily leached from the oxidized 
zone in many deposits; however, when the oxidiz- 
ing solutions contain even very small amounts of 
potassium vanadate, the extremely insoluble min- 
eral carnotite precipitates and uranium is immobi- 
lized. 

Highly soluble materials, such as uranium in the 
absence of chemicals that precipitate it, may be 
temporarily fixed in the oxidized zone by adsorp- 
tion on colloidal materials such as freshly precipi- 
tated ferric oxides. 

Currant trends in investigation. In recent years 
there has been a great increase in the degree to 
which the experimental methods and principles of 


physical chemistry have been applied to aid in 
understanding the processes by which ores have 
formed, and this approach can be expected to \ * 
even more fruitful in the future. Several avenues 
appear promising and are under active investiga- 
tion in numerous laboratories. Among these are the 
following. 

1. Phase equilibrium studies of both natural and 
synthetic ore and gangue minerals. 

2. Distribution coefficients for trace elements be- 
tween coexisting phases, and between various foim^ 
on the same crystal. 

3. Experimental solubility studies in dominant]; 
aqueous solutions. 

4. Studies of the Composition and origin of ther- 
mal spring waters and fluid inclusions in minerak 

5. Thermodynamic properties of minerals. 

6. Isotopic, fractionation during transportation 
and deposition processes. 

7. Rate studies on crystal growth and habit, dif- 
fusion, reaction, transformation, and similar proc- 
esses. 

8. Crystal structure determinations and crvstal 
chemical studies of ore and gangue minerals. 

9. Distribution of elements in the earth's ertist 
and in various rock types. 

10. Detailed field studies of the relations be- 
tween minerals in ore deposits. 

For a discussion of sensitive chemical analytical 
techniques used in the search for ore deposits see 
Geochemical prospecting. For further discussion 
of chemical principles involved in ore deposition. 
see Geologic thermometry; Lead isotopes, geo- 
chemistry of; Lithosphere, geochemistry ok: 
Sulfide phase equilibria. [k.w.r.; p.h.h. ] 

Bibliography: P. Abelson (ed.). Researches in 
Geochemistry , 1959; A. M. Bateman (ed. ). hvu- 
nomic Geology , Fiftieth Anniversary Volume. 
1005-1955, 2 vols., 1955; B. Mason, Principles nt 
Geochemistry , 2d ed., 1958; K. Rankama and T. (». 
Sahama, Geochemistry , 1950; F. G. Smith. Histori- 
cal Development of Inclusion Thermometry , 1953. 

Ore dressing 

Treating of ores to concentrate the valuable coir 
stituents (minerals) of the ore into a product (con 
centrate) of smaller bulk, and simultaneously to 
collect the worthless material (gangue) into a 
discardable waste (tailing). The fundamental op- 
erations of ore-dressing processes are the breaking 
apart of the associated constituents of the ore In 
mechanical means (severance), and the separation 
of the severed components (beneficiation) inl ° 
concentrate and tailing using mechanical or physi- 
cal methods which do not effect substantial chemi- 
cal changes. 

Severance. Comminution is a single- or multi- 
stage process whereby ore is reduced from run- 0 * 
mine size to that size needed by the beneficiation 
process. It seeks to produce individual particle® 
which are either wholly mineral or wholly gangue- 
that is, to produce liberation. Since the mechanic® 
forces producing frgeture are not susceptible to u®’ 
tailed control, a class of particles containing hot 



m j nera l and gangue (middling particles) are also 
produced. The smaller the percentage of middlings 
the greater the degree of liberation. Comminution 
divided into crushing (down to 6- to 14-mesh) 
and grinding (down to micron sizes). Crushing is 
usually done in three stages: coarse crushing from 
run-of-niine size to 4- to 6-in. or coarser; inter- 
mediate crushing down to about V£-in.: and, fine 
crushing to Vi-in. or less. See Size reduction. 

Screening is a method of sizing whereby graded 
products are produced, the individual particles in 
each grade being of nearly the same size {see 
>fKKt.NiN<;) ■ In beneficiation, screening is practiced 
for two reasons: as an integral part of the sepa- 
ration process, for example, in jigging; and to 
produce a feed of such size and size range as is 
compatible with the applicability of the separation 
process. 

Beneficiation. This step consists of two funda- 
mental operations: the determination that an indi- 
vidual particle is either a mineral or a gangue 
particle (selection) ; and the movement of selected 
particles via different paths (separation) into the 
(oniTiitrate and tailing products. When middling 
panicles occur, they will either he selected accord- 
ing lo their mineral content and then caused to 
report concentrate or tailing, or he separated as 
a third product (middling). In the latter case, the 
middling is reground, to achieve further liberation, 
and the product is fed back into the stream of 
material being treated. 

Selection is based upon some physical or ehemi- 
iyl property in which the mineral and gangue 
panicles differ in kind or degree or both Thus in 
hand picking, the oldest form of beneficiation, 
‘■‘•lor, luster and shape are used to decide whether 
a lump of ore is predominantly mineral or gangue. 
^ is made of differences in other physical or 
rhemical properties such as specific gravity, mag- 
netic permeability, inductive charging (electro- 
static separation), surface chemical properties (see 
Hotation), bulk chemical properties (see Leacii- 
JNf 'K weak planes of fracture (separation by 
greening), and y-ray emission (automatic sort- 
ing of radioactive materials) . .See Separation (me- 
r RANlCAL ) . 

Reparation is achieved by bringing to bear upon 
each particle of the mixture a set of forces which 
dually the same irrespective of the nature of the 
particles excepting for the force based upon the 
discriminating property. This force may be present 
f or both mineral and gangue particles hut differ- 
ln g in magnitude, or it may be present for one type 
particle and absent for the other. As a result of 
this difference, separation is possible, and the 
Particles are collected as concentrate or tailing. 

Magnetic separation utilizes the force exerted by 
a magnetic field upon magnetic materials to coun- 
l^act partially or wholly the effect of gravity, 
nus under the action of these two forces, different 
Paths are produced for the magnetic and nonmag- 
|* e tic particles. Figure 1 shows a continuously mov- 
endless belt B onto which are introduced the 
ParticleB to be separated. The magnetic field is 
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moving belt A 



C? nonmagnetic particle 
Fig. 1. Magnetic separation. 


produced by a square-shaped bottom pole. B and an 
upper pole A so curved as to concentrate the lines 
of force as shown. When a magnetic particle comes 
within the magnetic field, it is attracted strongly 
enough to move upwurd against the force of gravity 
to the surface of an endless belt A conformed to 
the surface of the pole. The movement of belt A in 
a direction perpendicular to belt. B carries the 
particle to a concentrate bin. The unattracted non- 
magnetic particle being held by gravity continues 
moving with belt B until it falls into the tailings 
bin. 

All substances placed in a magnetic field acquire 
magnetic properties. Magnetic permeability is a 
measure of the ease with which these properties 
are induced. The ratio of permeabilities may be as 
low as 5:1 for successful separation. However, for 
such commonly separated materials as magnetite 
and quartz it is ahout 110:1. 

The most important practical separations are 
those of the iron ores. In the magnetite ores, mag- 
netite is separated from quartz, feldspars, and the 
like. In the hematite and limonite ores, the ore is 
first roasted to convert these iron oxides partly into 
the magnetic oxide and this is then separuted from 
gangue. In the preparation of industrial minerals, 
magnetic separation is used to clean up, or remove, 
iron introduced during grinding as in the prepara- 
tion of china clay, body slip, or glaze, or to remove 
trace magnetic minerals such as biotite, garnet, 
and tourmaline from feldspar. 

Gravity concentration is based on a discrimi- 
nating force the magnitude of which varies with 
specific gravity. The other force usually operating 
in gravity methods is the resistance to relative 
motion exerted upon the particles by the fluid' or 
semifluid medium in which separation takes place. 

Jigging is a gravity method which separates 
mineral from gangue particles by utilizing an effec- 
tive difference in settling rate through a periodi- 
cally dilated bed. In Fig. 2, the mixture of particles 
(feed) falls into the jig compartment where it is 
supported by the screen. Reciprocation of the 
plunger forces water through the screen and causes 









390 Ora dressing 


reciprocating 

plunger 



O light particles 
0 heavy particles 


Fig. 2. Jigging. 




Fig. 4. Sink-float separation. 


periodic dilation and contraction of the bed 0 f 
particles. During the dilation heavier particle 
work their way to the bottom while the lighter p ar 
tides remain on top and are discharged over the 
lip. Jigging is practiced on materials which ait . 
liberated upon being reduced to sizes ranging from 
1Y> inches down to several millimetetfL It has | )een 
used on such diverse ores as coal, iron ores, gold 
and lead ores. 

Tabling is a gravity method in which the feed 
introduced onto a plane, inclined, and reciprocated 
deck, moves in the direction of motion while simul- 
taneously being washed by a wafer film which 
moves it also at right angles to the motion of the 
dec k. In Fig. 3, feed enters at ihe top of the table, 
and collects within the valleys formed by the nar- 
row cleats, or riffles, which taper in height fnun 
right to left. Under the effect of the reciprocating 
action, the particles stratify with the heavier par 
tides on the bottom and they also move from right 
to left. Owing to decreasing taper of the riffles, the 
exposed upper surface of the stratified material i* 
acted upon by cross currents of water and li\ Un- 
til l of the deck, as indicated by the arrow, and \- 
moved downhill. The heavier mineral and tht- 
lighter gangue are usually collected over the* edgr- 
of the deck as shown. Tables may bg used to treat 
relatively coarse material (sand tables) or fi in- 
fs] ime tables), with sizes ranging from about 1! .1 
rnm down to 0.07 min. 

Si^k- float separation is the simplest gravity 
method based on existing differences in sper»fn 
gravity. The feed particles are introduced into j 
suspension the specific gravity of which is betwmi 
that of the mineral and gangue partic les with tin- 
result that particles of higher specific gravity sink 
while those of lower specific gravity float. In 1'ip- I 
the separator is a cone equipped with a slowK 
operated stirrer which serves to impart a slow ro- 
tary motion to the suspension and to prevent the 
suspension from settling out on the walls. Feed 
introduced at one point of the circumference and 
is slowly moved by the rotating motion of the sus- 
pension. By the time this material has reached the 
discharge point on the circumference, those par 
tides whose specific gravity is greater than that nf 
the suspension have moved down through the sus- 
pension so that only float particles are discharged 
at the top. The sink particles are discharged at the 
bottom. 

The suspension may have a specific gravity rang- 
ing from 1.3, using quartz, to 2.4, using galena. 
Magnetite and ferrosilicon are also used at inter- 
mediate densities. Although there is no top limit t0 
the size of feed particles, a lower limit of about 
Vs in. exists with the more standard equipment. 

Earliest use of sink-float was in the separation o 
slate from coal using quartz in suspension. A m° rf 
recent and most important use is to produce at a 
coarse size a tailing which can be discarded. n 
this manner it is possible to reduce the quant 11 - 
of material handled by the concentrating P* 8 ? 
early in the treatment, thereby effecting a saving ,n 
the capital investment. 



Filtration is a method of separation based on the 
differences in size between the things being sepa- 
rated. Since water is one of the things being sepa- 
rated, it has no lower size whereas the solid from 
which it is being separated has a lower size. Conse- 
quently if a barrier (filter cloth) having openings 
which can pass water but not the solids is provided, 
and if the pulp is placed on one side of the filter, 
filtration will take place if a pressure is exerted on 
the pulp- See Filtration; Metallurgy; Solvent 
kxtraction. [m.d.ha.] 

Bibliography. A. F. Taggart, Handbook of Min- 
eral Dressing , 1945. 

Organic chemical synthesis 

Synthesis is commonly defined as “composition or 
the putting of two or more things together.” As 
applied to organic chemistry, it refers to the forma- 
tion of one product from another, the new sub- 
stance being usually of higher molecular weight. 
However, by usage, it also refers to the prepara- 
tion of products of lower molecular weight, fre- 
quently through displacement or elimination reac- 
tions. Conversion of one compound to another 
ordinarily requires a reagent and sometimes a 
catalyst; some involve the reaction of two or more 
molecules of the same substance, others the reac- 
tion of two or more molecules of different sub- 
stances. 

Applications. Adaptation of chemical reactions 
to the stepwise building of complex compounds of 
jueei«e structure from simple compounds is one of 
the most important facets of organic chemistry 
from both a theoretical and a practical aspect. The 
"tructures of many products isolated from natural 
Miiines, previously determined hy degradation 
studies, have been established in this way. for e\ 
‘tin pie the alkaloids cocaine, morphine, quinine, 
strychnine, and reserpine; the hormones estrone, 
testosterone, cortisone, and oxytocin; the antibiotic 
penicillin V ; many flavors and perfumes such as 
vanillin, /?-phenylethyl alcohol; and dyes such as 
indigo and certain anthraquinones. Many products 
ean he obtained more economically by synthesis 
than bv extraction from natural sources. Conse- 
quently, synthetic methods have been adopted for 
industrial production of such compounds as the 
dye indigo; the vitamin ascorbic acid; and the 
flavors oil of wintergreen and oil of orange blos- 
soms. 

Many synthetically produced organic com- 
pounds, which contain combinations of atoms oc- 
r nrring as part of the structures of certain physio- 
•ogically active natural compounds, have been 
found to possess the same or higher activity and 
sometimes lower toxicity than the naturally oc- 
r urring compounds. To illustrate, procaine has 
largely replaced cocaine as a local anesthetic ; 
Demerol is used frequently in place of morphine as 

an analgesic. 

An almost unlimited number of organic com- 
P°nnds of different structures can be made, and 
many hundreds of thousands have already been 
described. In these are found the synthetic dyes. 
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drugs, fibers, rubbers, and plastics. Eventually, a 
cure for cancer and other resistant diseases, as 
well as new articles of commerce superior to those 
already available, may he discovered among the 
substances not yet synthesized or among those al- 
ready known but not yet tested. See Organic chem- 
istry. 

Synthetic organic chemistry is the most inclusive 
branch of this science, for it makes use of the prin- 
ciples developed in all of the others. Especially as 
it has come to attack more complex problems, has 
it incorporated more and more of the findings of 
phvsical organic chemistry, stereochemistry, and 
reaction mechanisms. 

Classification of methods. The methods of con- 
version of one organic compound to another are 
numerous. They have been discovered since 1880 
and have been developed and established as general 
reactions through the continuous studies of many 
investigators. Most of these synthetic methods fall 
into five general categories, four of which may be 
expressed in a very simple form. A sixth category 
covers methods belonging in the other categories 
that are used tor synthesis of a large and a special 
class of substances called polymers. 

This classification system is based on a considera- 
tion of the over-all reaction from the initial to the 
end product. Although a conversion may appear 
simple, it is actually complicated in many cases. 
Several steps, which fall into one or another of the 
defined categories and which involve unisolated 
intermediate products, have frequently been dem- 
onstrated. In spite of the complex mechanisms 
often encountered, most organic reactions are so 
well understood that they may be applied readily 
and successfully. 

Displacement reactions. In these reactions 

XY + Z — » XZ + Y 

one functional group in a compound is replaced by 
another by a nucleophilic, electrophilic, or free- 
radical mechanism. To illustrate, n-butyl alcohol 
(n-CjHoOH) reacts with phosphorus triiodide 
(PI :J ) to give n-butyl iodide (rt-C.jHi»I) and phos- 
phorous acid (H 3 PO 3 ). Bromine (Br 2 ) and ben- 
zene (C«Hr.) react to give bromobenzene (C«H.*>Br) 
and hydrogen bromide (HBr). 2,4-Dinitrochloro- 
benzene [2.4- (NO 2 ) 2 CuHaCll, an inexpensive and 
important dye intermediate, reacts with sodium 
fluoride (NaF) to give 2,4-dinitrofluorobenzene 
[2,4- (NO?) vCfiH.'fF], which has found utilization in 
structural organic chemistry. The last reaction rep- 
resents synthesis of a substance of Ipwer molecular 
weight. See Substitution reaction. 

Addition reactions . In these reactions 

XY + Z-+XYZ 

a compound containing an unsaturated functional 
group combines with a reagent to give a saturated 
compound. When two organic molecules combine 
in this way, the reaction is frequently classified 
as a condensation reaction. Propylene (CH 3 - 
CH~CH 2 ) will react with hydrogen bromide 
(HBr) to give either n- propyl bromide ( CH»CH 2 - 
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CH 2 Br) or isopropyl bromide (CHaCHBrCHs), 
depending on the conditions. A ketone such as 
RCOR' adds hydrogen cyanide (HCN) to give a 
cyanohydrin [ RR'C(OH)CN]. Diethyl malonate 
[CH 2 (C0 2 C 2 H S ) 2 1 and benzalacetophenone (Ce- 
H 5 CH— CHCOCflHs) combine to give the addition 
product [CgH 5 CH (CH (C0 2 C 2 H 5 ) 2 ) CH 2 COC«H 5 ]. 
See Addition reaction. 

Elimination reactions. These are the reverse of 
addition reactions (XYZ— »XY -f Z). Some mole- 
cule, usually Simple in character, is eliminated 
from a compound with the production of a second 
compound. Isobutyl chloride [ (CH 3 ) 2 CHCH 2 C11, 
upon treatment with ethanolic alkali, loses hydro- 
gen chloride (HC1) with formation of the unsatu- 
rated compound isobutylene | (CH.- { ) 2 C— CH 2 "|. 
tert-Butyl alcohol [(CH 3 )mCOH], when heated 
with an acidic catalyst, loses water with formation 
of isobutylene | ( CHa ) 2 C— CH 2 1 • 

Rearrangement reactions . The primary product 
in many organic reactions (XYZ — »YXZ), either 
after formation or concomitantly in its formation, 
may rearrange with or without the loss of some 
simple molecule. Such reactions furnish additional 
approaches to certain combinations of atoms which 
are otherwise difficult to attain. Pinacol \ (CHa)o- 
COHCOH(CH,t) 2 1, when treated with acidic re- 
agents, loses a molecule of water with formation 
of pinacolone [ ( CH.-OaCCOCHu]. Allyl phenyl 
ether (CaHsOCnHs), upon heating, rearranges to 
o-allylphenol (o-C^HsCgHiOH) . 

Condensation reactions. Two or more compounds, 
usually both organic, react together with or with- 
out the elimination of a simple molecule to give a 
new compound. Reactions of this type are wide in 
scope and include some that are frequently classi- 
fied otherwise. Many of the condensation reactions 
take place by a complex mechanism involving sev- 
eral steps. Representative types are described and 
illustrated below. 

1. Functional groups from each of two com- 
pounds may be removed and the two residues com- 
bined to form a new compound. Two molecules of 
bromobenzene (CoHsBr) react with copper to give 
cupric bromide and biphenyl (CsHsCgHs). 

2. The same functional groups in two compounds 
react with each other to give a product of molecu- 
lar size equal to the sum of the two reacting com- 
pounds. Two molecules of aromatic aldehyde 
(ArCHO) react in presence of cyanide ion to give 
a benzoin ( ArCHOHCOAr). 

3. A functional group in one compound reacts 
with an active position or a functional group in a 
second compound to bring the two compounds into 
combination with or without the elimination of 
some simple molecule. Benzaldehyde (CnHsCHO) 
reacts with acetone (CH3COCH3) to give ben- 
zalacetone (CeH 5 CH=CHCOCH 3 ) and water, 
through an unstable intermediate hydroxy ketone 

adduct (CeHsCHOHCH^OCHs). An aliphatic al- 
dehyde (RCHO) reacts with a Grignard reagent 
(R'MgBr) to form an adduct [RCH(OMgBr)R'] 
which hydrolyzes to an alcohol (RCHOHR')« See 
Condensation reaction. 


Polymerization reactions . Many molecules of one 
or more simple compounds react to form giant mol. 
ecules or polymers, with or without the elimination 
of sjime simple substance. Two general types of 
reactions provide the means of synthesis of the vast 
majority of polymers. These are illustrated below 

1. A simple compound, usually in the presence of 
an initiator, may give a homopolymer. Ethylene 
(CH 2 =CH 2 ), in the presence of an appropriate 
initiator, is converted to a plastic polymer, poly, 
ethylene ( — CH 2 CH 2 — ) r. Two different simple 
compounds with the same functional group may re- 
act to give a copolymer with either regularly re- 
curring or randomly distributed units. Vinyl chlo- 
ride (CH 2 — -CHC1). polymerizes with vinylidene 
chloride (CH 2 — CC1 2 ) to make a valuable prod- 
uct, Saran | (— CH 2 — CHCl) r — (CH 2 -CC1 2 -),J. 
Such polymerization reactions involve a succession 
of reactions of the simple molecule or molecules 
with each other. 

2. Compounds each of which have two or more 
functional groups, may react, with or without the 
elimination of some simple molecule, to give a con- 
densation polymer. Hexamethylene diamine | H^N- 
(CH 2 )r,NH 2 J and adipic acid | H0 2 C(CH 2 ) 
C0 2 H J react in eqiiirnolecular quantities to give wa 
ter and a polyamide [ — HN (CH 2 ) jNHCO(CHj) ,* 
CO — J r , commonly known as nylon. 

See Polymerization; see also Organic rka< - 
tion mechanism; Stereochemistry; Steric u 

FECT ^CHEMICAL REACTIONS). | R.A. | 

Bibliography : R. Adams (ed. ), Organic Rem 
tions , vols. 1-10, 1941 1959; Organic Syntheses. 
vols. 1-38, 1941-1958. 

Organic chemistry 

The chemistry of the compounds of carbon. Inten- 
sive development of this branch of chemistry began 
about the middle of the nineteenth century. How 
ever, a lapse of several decades occurred between 
the beginning of the science and the emergence of 
a clean-cut definition. Despite the comparatively 
recent development of organic chemistry as a sepa- 
rate branch of the broader field of chemistry, many 
typical organic compounds have been known and 
used for centuries. The Old Testament contains 
numerous references to the physiological effect of 
ethyl alcohol, a typical organic compound, as a 
component of fermented grape juice and to the 
properties of acetic acid present in what is now 
called wine vinegar. Certain natural dyestuffs, f° r 
example, indigo and alizarin, were known to the 
Egyptians, and the poisonous properties of the 
hemlock, now known to be ascribable to the alka* 
loid coniine, were known in the Greek city states- 
Socrates used an extract of poison hemlock to en 
his life. 

The comparatively late development of organic 
chemistry is due to* the fact that most organic coni 
pounds found in nature occur in plant and ani 
mal materials as complex mixtures. Methods 
separation and isolation of the pure comp° un p 
have become available only during thfc past tw0 j? 
three centuries. By*the latter part of the nineteen 
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century, an impressive number of organic com- 
pounds had been isolated from natural sources. 
\mong these are alcohol, urea, uric acid, and many 

of the organic acids. 

Inasmuch as all of these substances were derived 
j ron i one or another living organism, the idea de- 
veloped that some vital force was required for the 
synthesis of compounds by such organisms and the 
term organic chemistry was coined to denote that 
branch of chemistry which dealt with the products 
of living organisms. Despite the fact that the Ger- 
man chemist Friedrich Wohler succeeded in syn- 
thesizing urea, a typical organic compound, from 
ammonium cyanate without the intervention of a 
\ital force in 1828, the concept of the necessity for 
such a force in the synthesis of organic compounds 
persisted for several years. Eventually this concept 
uas abandoned and the modern concept of organic 
chemistry, embracing the chemistry of the carbon 
compounds, emerged. 

From the early 1800s, the development of the 
science was rapid. A firm foundation for the subse- 
quent rapid advances was furnished by the intro- 
duction of quantitative analytical methods applica- 
ble to the analysis of organic compounds by Justus 
l.iebig and Jean B. A. Dumas and by the develop- 
ment of structural theory in the minds of Stanislao 
('.annizarro and Friedrich A. Kekule. 

Organic chemistry owes its peculiar and impor- 
tant position to the fact that carbon, almost alone 
among the elements, is capable of uniting with it- 
self indefinitely to form compounds. Other elc 
mints, notably boron, display similar tendencies, 
but carbon forms a far greater number of com- 
pounds. Secondly, carbon, almost without excep- 
tion, displays a constant valence of 4. On these two 
principles the science of organic chemistry is built, 
flic number of carbon compounds theoretically 
capable of existence is staggering and this verv fact 
P"ses problems of major magnitude in connection 
with nomenclature, molecular structure, and ar- 
rangement in space of the atoms of organic mole- 
cules. 

Organic compounds in general differ from inor- 
ganic compounds by the nature of the bonds by 
w hich the component atoms of a molecule are 
united. The valence bonds of most inorganic com- 
pounds are of the ionic or electrovalent type in 
"hich the outer valence electron shells are filled to 
a noble gas arrangement by gain or loss of elec- 
trons from the constituent atoms with resultant 
development of charged species (ions). Figure 1 
s hows a schematic electronic representation of so- 
dium chloride, a typical inorganic compound. 

in contrast, when the outer valence electron shell 
ls filled to a noble gas configuration by sharing 
r ather than by transfer of electrons between two 
a |oms, the bond so formed is known as a covalent or 
'dectron pair bond. These bonds occur in some in- 
ufganic compounds, such as ammonia, and in prae- 
bcally all the compounds of carbon. 

This difference in the type of valence bond mani- 
esls itself in striking differences between the 
Physical and chemical properties of inorganic com- 



Sodium ion Chloride ion 


Sodium chloride 

Fig. 1 . Ionic or electrovalent bond. 



Fig. 2. Covalent or electron pair bond. 

pounds, such as salts, and those of typical organic 
compounds. Thus, the inorganic salts in general 
have high melting points, cannot be distilled, .are 
readily soluble in water, but are sparingly soluble 
or insoluble in nonaqueous solvents, and conduct 
electricity when molten or in aqueous solution. In 
contrast, organic compounds possess relatively low 
melting points, can frequently be distilled, are 
sparingly soluble or insoluble in water but soluble 
in nonaqueous solvents, and do not conduct elec- 
tricity. 
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Over the years, certain conventions for express- 
ing molecular structures of organic compounds 
have grown up. Actual indication of the shared elec- 
trons' as in the above examples is cumbersome. 
Standard practice represents a shared electron 
bond involving a single pair of electrons (a single 
bond) by a single line. Double bonds, involving 
two pairs of shared electrons, are represented by a 
double line, and triple bonds, involving three pairs 
of shared electrons, are represented by a triple 
line. See Resonance (molecular structure). Fur- 
ther simplification is frequently achieved by omis- 
sion of bond lines entirely when the meaning is 
obvious. This progressive simplification is illus- 
trated with the hydrocarbon propene. 

II 11 11 

I l I 

II— C--C---C— H H 3 C CII=CH 2 H»CCII = CH 2 

I 

H 

An organic compound which contains only single 
bonds between carbon atoms is said to be saturated. 
If a compound contains one or more multiple bonds 
between carbon atoms, it is said to be unsaturated. 

The ability of carbon to combine with itself leads 
to the existence of series of compounds, the for- 
mulas of which differ by a constant increment. Such 
a series, known as a homologous series, is illus- 
trated by the alkanes, each member of which differs 
from the next lower by the increment CH 2 . 

CH 4 CH 3 CH 3 or C 2 H« 

Methane Ethane 

CH 3 CH 2 CH 3 or C :i H 8 
Propane 

CLASSIFICATION OF ORGANIC COMPOUNDS 

Because of the great number and variety of or- 
ganic compounds (well over 1,000,000 are known 
and the number identified is constantly increasing), 
some systematic classification scheme and system- 
atic method of nomenclature for dealing with them 
becomes mandatory. The problem is complex, and 
no completely satisfactory system has yet been 
devised. 

In the early days, organic compounds were given 
names which for the most part were derived from 
the names of the natural sources of the compounds. 
This practice has carried down to the present and 
the use of such trivial names, although convenient, 
is of little help as far as systematic nomenclature 
is concerned. Further, at the time of the first isola- 
tion of a compound from a natural source, nothing 
is known about its molecular structure. Adoption 
of a trivial name is then almost mandatory. How- 
ever. when the molecular structure of a compound 
becomes known, assignment of a logical systematic 
name becomes possible, at least in principle. After 
many attempts to develop a rational system of 
nomenclature, the matter was finally placed in the 
hands of a committee of the International Union 
of Pure and Applied Chemistry. From the efforts of 


this committee, an international system, the Geneva 
or IUC system, is gradually emerging, by which or* 
ganic compounds can be named in a logical man 
ner. However, a certain amount of nationalism still 
persists and practice does not uniformly confoj* 
to the Geneva rules. 

Carbon atoms may combine in the form of | on 
chains, either straight or containing branches, or 
they may combine to form rings. Further, since cai- 
bon is also capable of covalent bonding with other 
atoms, incorporation of such so-called hetero atom* 
into carbon rings is possible. This situation fi- 
nishes the basis for a broad classification of organs 
compounds into three main groups depending upon 
the arrangement **f the carbon atoms and the pres- 
ence or absence of atoms other than carbon in the 
cyclic compounds. Under these terms of reference 
organic compounds may be classified as arycli, 
compounds, which contain no ring structural ar- 
rangements of the constituent atoms; carhocvelii 
compounds, which contain one or more ring* con 
sisting solely of carbon atoms; and heterurvi In 
compounds, the rings of which contain one or moo* 
atoms other than carbon. These principles are il 
lustrated by the following examples: 

CIJ3 Cll 2 CIly-CHa — Clls 

Cl I a 

\ 

ClI Cll 2 C.H a 

/ 

CII 3 

Acvdic 


ch 2 

CH 

/ \ 


ch 2 ch 2 

CH CM 

1 1 

1 II 

ch 2 ch 2 

CH CH 

\ / 

\ / 

ch 2 

CII 


(larhocyelic 


ClI 


ais— CH, 

N 

I 

CH 

II 

1 1 

CH 2 CH. 

1 

CH 

II 

CH 

\ 

/ 

V 


Heterocyclic 


Obviously little progress results by merely sub- 
dividing an unwieldy group of compounds into thre» 
almost equally unwieldy groups. Further subdivi- 
sion is mandatory. 

Compounds which contain only carbon and hy- 
drogen are known as hydrocarbons. In the hyd rtv 
carbons, one or more of the hydrogen atoms. at 
least in principle, may be replaced by any other 
atom or group of atoms capable of entering n it0 
covalent bond. Application of this principle 1^ 
nishes a sound basis for a systematic scheme 
further subdivision and nomenclature of the organ 
compounds. Examples of compounds in which ® uC 
substitution has Been performed are the following* 



Parent compound 

H 

QU -C : LI Substitution of hydrogen by chlorine 
II 
H 

CII 3 - L : CH» Substitution of hydrogen by — CH 3 


H 

Qi.j C ■ OH Substitution of hydrogen by — OH 
11 
II 

Cll ;r C : NJI 2 Substitution of hydrogen by — Nila 
II 

If the substituent group of atoms is formed from 
( i member of any of the three main classes of or- 
ganic compounds by loss of one or more atoms of 
liwlmgen, it is known as u radical. An example 
would he the formation of the methyl radical CIL, 
fmm methane. (211 If the substituent is a single 
atom or gioup of atoms other than a radical, it is 
known as a functional group, the presence of which 
confers characteristic chemical properties on the 
molecule hearing it. Double or triple carbon-to- 
cathon bonds also come under the heading of func- 
tional groups, since their presence changes the 
chemical properties of the substituted compound 
from those of the parent substance (usually tlv 
saturated hydrocarbon ) . 

The common functional groups are listed below: 


Name 

Structure 

Halo (chloro, bromo, etc.) 

Cl, — Br 

Hydroxyl 

-OH 

H 

Aldehyde 

c-o 

0 

II 

Carboxyl 

— c on 

Ketone 

V 

f 

0 

Ether 

— 0 - 

Amino 

— NH, 

Cyano 

— CssN 

Thiol or mercapto 

— SH 

Sulfonic acid 

— so 3 h 

nomenclature of organic 

COMPOUNDS 


Acyclic hydrocarbons. The acyclic hydrocarbons 
are subdivided on the basis of the presence or ab- 
senc e of double or triple bonds. Acyclic compounds 
r °ntaining no multiple bonds are known as alkanes 
paraffins; those containing one or more double 
bonds are known as alkenes or olefins; and those 
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containing one or more triple bonds are known as 
alkynes or acetylenes. 

Alkanes and alkyl radicals. Alkanes are named 
by reference to the longest straight chain of carbon 
atoms present. The names always terminate in 
“ane.” Straight-chain alkanes containing 1 , 2 , 3, or 
4 carbon atoms are known by the trivial names 
methane, ethane, propane, and butane, respectively. 
Higher members of the series bear a prefix indi- 
cating the number of carbon atoms in the alkane. 
Thus, CH* (CHo)tiCH» is hexane, dodecane, or tet- 
racontane, when n is 4, 10, or 38, respectively. 

Loss of one hydrogen atom from an alkane re- 
sults in formation of an alkyl radical which is 
named by replacement of the suffix “ane” of the 
parent alkane by “yl.” Thus — CHa derived from 
methane hv loss of one hydrogen is a methyl radi- 
cal; CHn — CHa , similarly derived from ethane, is 
an ethyl radical. The problem of naming radicals 
derived from alkanes higher than ethane is com- 
plicated, since the h>drogens which may he lost 
from the alkane arc not equivalent. .See Isomkrism, 
MOLKCIJLAR. 

Branched-chain alkanes are named on the fol- 
lowing principle. The longest continuous straight 
carbon chain represents the parent alkane and the 
carbon atoms art; numbered consecutively, begin- 
ning with one end of the chain. The positions of 
substituent radicals are then indicated by reference 
to the number of the carbon atom of the parent 
alkane to which they are linked. Numbering of the 
parent alkane is d«>ue in such fashion that numbers 
of the carbon atoms bearing the substituents are 
the lowest. Thus 

1 2 a 4 5 

fllk -Cll - Llio CH 2 CHa is 2 -melhylpentane 
CHa 

CHa — CIL — CH — CH 2 — CH — CHa is 2 -mcthyU- 
| | ethylhexane 

CH 2 CH 3 CH 3 

Alkenes. Alkenes are named by replacing the 
terminal “ane” of the parent alkane by “ene.” The 
position of the double bond is indicated by a num- 
ber indicating from which carbon atom of the long- 
est continuous straight chain the double bond pro- 
ceeds. The lowest number rule obtains as with 
branched-chain alkanes. Thus 

CH 3 CH— CH 3 is 2 -butene 

1 2 3 4 

CH 2 ~C — CH 2 - CH 2 is 2-methyl-l, 3-butadiene 

ch 3 

Alkynes . Alkynes are named by replacing the 
terminal “ane” of the parent alkane by “yne.” 
Otherwise, the rules applying to alkenes hold. 

Acyclic hydrocarbon derivatives. In general, 
the same principles which govern the naming of 
branched-chain alkanes, alkenes, and alkynes hold. 
The parent compound is that which contains the 
longest continuous straight carbon chain* The posi- 
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tion of functional groups is indicated by numbers, 
with the smallest number principle again control- 
ling, and the nature of the functional substituent is 
indicated by suitable prefixes or suffixes. 

Halogen compounds. The prefixes fluoro, chloro, 
bromo, and iodo arc used with the name of the par- 
ent alkane: 

CH3CHCICH2CH3 is 2 -chlorobutane 
CHsCIffirCHgGHsCl-UHr is 1 , 4 -dibromopentane 

Hydroxyl derivatives. These substances are com- 
monly known as alcohols and many of them are 
named as such. CH.^OH is methyl alcohol, and CH«- 
CH2OH is ethyl alcohol. In the Geneva system 
they are named by replacing the terminal “e M of 
the parent longest straight-chain alkane by “ol” 
and by indicating the position occupied by the hy- 
droxyl function by a suitable number. 

The carbon chain is numbered from the end 
which gives the carbon bearing the hydroxyl group 
the smallest number. Still a third scheme names 
the higher alcohols as derivatives of the first mem- 
ber of the series, carbinol. Thus 

CHaOH is methyl alcohol (carbinol, 
methanol) 

GH3CH2CHCH2CH3 is 3-pentanol (diethylcar- 

| binol) 

OH 

CII3CIICH2OH is 2-inethyM -propanol 
| (isopropylcarbmol) 

CHu 

Carbonyl derivatives. The functional group 
> O O is known as the carbonyl group. If one of 
the unsatisfied valences of carbon is linked to a 
radical and the other is satisfied by hydrogen, the 
resulting substance is known as an aldehyde, 
whereas if the valences of carbon are satisfied by 
two radicals, the resulting substance is a ketone. 

Aldehydes, particularly the lower members of the 
series, are frequently named by replacing the ter- 
minal “ic” of the related acid by “aldehyde.” Thus 
CH.*CHO is acetaldehyde by virtue of its relation- 
ship to acetic acid, CH3COOH. By the Genevu sys- 
tem, aldehydes are named by replacing the terminal 
“e” of the parent alkane by “al.” The aldehyde 
carbon atom is considered part of the longest 
straight carbon chain. Since the aldehyde function 
of necessity must embrace a terminal carbon atom 
of the parent alkane, it automatically becomes car- 
bon atom 1 of the chain, so that it is unnecessary 
to specify its position. Thus 

CH 3 C:HCH 2 CH 2 CH() is 4 -methylpentanal 
CH 3 

Ketones are named by three methods. The lower 
symmetrical ketones are named by replacing the 
terminal “ic” of the acid which would yield them 
on pyrolysis by “one” (see Ketone). Thus acetic 
acid. CH 3 COOH, on pyrolysis yields acetone, CHa- 
COCHa. A second scheme, convenient for naming 
mixed ketones, prefixes the word ketone by the 


names of the radicals joined to the carbonyl car bo 
atom. Thus CH3COCH2CHH is methyl ethyl ketone 
In the Geneva system the terminal “e” of the par 
ent alkane is replaced by “one.” The position of the 
carbonyl group must obviously be shown by a num- 
ber. Thus 

CH3CH2CCH2CH3 is 3-pen tanone 

11 

o 

Carboxyl functions. The carboxyl function i?, 
characteristic of organic acids. Since many acids 
were originally isolated from natural products, 
trivial names associated wlih their sources are com. 
mon. For example, HCOOH, formic acid, is named 
from the Latin formica (ant), since it was first 
isolated from ants. In general, trivial name^ are 
given only to the straight-chain acids. Branched 
chain acids aie named frequently as derivative*- of 
acetic acid. CH :t COOH, or as derivatives of the 
parent straight-chain acid. Thus 

C2H6 CHGOOll is diethylacetic acid 

C 2 I1b 

CH 3 CH CHCOOII is a,|S-diiiiethylhuLvric acid 

11 

CH ;i CHn 

By the Geneva system, acids are named bv replai 
ing thp terminal “e” of the parent hydrocarbon h\ 
“oic acid.” The carbon atom of the carboxyl group 
is always numbered 1 and the longest straight 1 ham 
bearing the carboxyl group controls. Thus 

CH 3 - CH 2 — CH — CH 2 COOH is 3-hydroxynen- 
| tanoio acid 

OH 

Ethers . Ethers are generally named by reference 
to the alkyl radicals present and addition of the 
word ether; CH3CH2- -O -- CHa is ethyl methyl 
ether. By the Geneva system they are named as 
alkoxy derivatives of the parent hydrocarbon. 
Thus 

CH3CH2CHCH2CH2CH3 is 3 -ethoxy hexane 

OCH 2 CH 3 

Amines. Amines are alkyl derivatives of ammonia. 
They are classified into primary, secondary, or ter- 
tiary amines according to whether 1 , 2 , or 3 hydro- 
gen atoms of ammonia have been replaced by or- 
ganic radicals. They are conveniently named by 
using the names of the radicals attached to nitrogen 
as prefixes to the word amine. Thus 

CH3CH2 — NH — CH 3 is ethylmethylamine 

The NH2 group is known as an amino group « n< * 
primary amines may therefore be named by treat- 
ing such a group as a substituent. Thus 

CH3CHCH2CH2CH2OH is 4-amino- 1 -pen tanol 

| 

NHa 



fhiols or mercaptans. When the SH group is at 
the terminus of a chain, it is convenient to prefix 
jhe word mercaptan by the radical with which it is 
joined. Thus CH 3 CH 2 SH is ethyl mercaptan. The 
SH group in the Geneva system is treated as a sub- 
stituent. Thus ethyl mercaptan is ethanethiol. 

Sulfonic acids . These are universally named by 
an additive system. The term sulfonic acid is added 
a suffix to the name of the parent hydrocarbon 

regardless 0 f the class to which it belongs. CHa 

then is methanesulfonic acid. 

Carbocyclic compounds. The carboeyclic com- 
pounds arc subdivided into the aromatic compounds 
and the alicyclic compounds on the basis of certain 
qrurtural features and chemical properties. 

Aromatic compounds. The aromatic carbocyclic 
, (impounds are characterized structurally by an 
alternating s>stem of single and double bonds. For 
the present purpose this somewhat oversimplified 
piciiire will suffice ( see Aromatic hydrocarbon). 
The term aromatic arose because many of these 
-ulistanccs were originally isolated from aromatic 
substances, such as tolu balsam, oil of wintergreen, 
.»r oil of cloves. 

The patent aromatic hydrocarbons are almost 
alw ays known by trivial names, many of which indi- 
rate the source from which they were originally 
obtained. For convenience, it is not customary to 
wiite the individual carbon and hydrogen atoms 
in the structural formulas of aromatic hydrocar- 
bons. Rather, each angular position is assumed to 
represent a carbon atom and the presence of sufli- 
f ient hydrogen atoms to bring the carbon atoms to 
the quadrivalent state is also assumed. T> ideal ex- 
amples are 


3 



8 » 


Benzene, Naphthalene, Phenanthrene, 

C 10 H* C, 4 Hio 


Phenyl, C«H 6 — Naphthyl, CmH? — 

Phenanthryl, C14H9 — 

Radicals 


lust as acyclic hydrocarbons can give rise to 
radicals by loss of one or more hydrogens, aromatic 
hydrocarbons ran also provide radicals by loss of 
°ne or more hydrogens. The radical formed by loss 
one hydrogen from benzene is a phenyl radical, 
a,, d since all hydrogens are equivalent, it is irrele- 
Vant w hich hydrogen is lost. With naphthalene and 
ot hcr polynuclear aromatic hydrocarbons, the posi- 
tlons ar e not equivalent, and it becomes necessary 
to specify from which position the hydrogen is 
Jessing. This is conventionally done by use of num- 
* ers “ or in the case of naphthalene, by the use of 
re ek letters. For example, it is necessary to qual- 
* V die names of the two types of naphthyl radicals 
V use of the terms 1-naphthyl (or a-naphthyl) 
nd ^-naphthyl (or /1-naphthyl). 
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Functional group substituents in aromatic com- 
pounds are generally indicated by appropriate ad- 
jectives, such as chlorobenzene and nitronaphtha- 
lene. The positions occupied by substituents are in- 
dicated, when necessary, by numbers. Monohydroxy 
derivatives of benzene and naphthalene are com- 
monly known as phenol and naphthol. Polyhydroxy 
derivatives of benzene generally bear trivial names 
{see Phenol). 

Alicyclic compounds. These are cyclic compounds 
with properties resembling acyi lie rather than aro- 
matic substances. They range in complexity all the 
way from simple mononuclear, or single-ring, hy- 
drocarbons to the complex multiring substances 
found in the terpenes and steroids. Representative 
examples are shown in the following structures: 


at. 



( lulw xaur \ii(!iii«ianr ar-f’inrni* 


One or more double bonds may be present in an 
alicyclic compound, provided they do not occur in 
an aromatic, arrangement. 

The problem of nomenclature of the alicyclic 
compounds is formidable and is complicated by 
the occurrence of structural, positional, geometri- 
cal, and stereo isomerism. The simple monocyclic 
hydrocarbons are generally named by use of the 
prefix ‘Yyclo’' in conjunction with the names of the 
alkane of the same number of carbon atoms. Many 
alicyclic compounds bear trivial names derived 
from the natural sources of the substances. Defini- 
tive rules for naming and numbering many of the 
polycyclic compounds have been formulated by the 
International Union of Pure and Applied Chem- 
istry (sec Alicyclic hydrocarbon). In general, 
nomenclatuie of functional derivatives of alicyclic 
hydrocarbons utilizes the same terms which are em- 
ployed in the acyclic series. 

Heterocyclic compounds. One or more carbon 
atoms (with or without accompanying hydrogens) 
in a carbocyclic compound, may be replaced bya 
hetero atom (sometimes in combination with hy- 
drogen), provided that the valence requirements 
are identical. The resulting substance is a hetero- 
cyclic compound. Examples of such replacements 
are found in replacement of a — CH=^- in benzene 
by — N-— ; of — CH 2 in cyclopentane by — S — , 
— 0~ , or — NH- -. Although any atom or group of 
atoms which satisfies the valence requirements may 
be found in a heterocyclic compound, the most im- 
portant hetero atoms are O, S, and N. 

A large number of heterocyclic compounds are 
commonly known by trivial names, many of which 
reflect their origin ( see Heterocyclic compounds). 
A systematic method which can be applied to the 
nomenclature of any heterocyclic compound has 
been developed. In this the related aromatic hy- 
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drocarbons are taken as reference standards, the 
nature of the hetero atom(s) is indicated by a pre- 
fix (oxa- for 0, thia- for S, and aza- for N) and the 
position of the hetero atom or atoms is indicated by 
a number corresponding to the accepted numbering 
of the aromatic hydrocarbons. Thus 



Trivial name: Isoquinolinc None 

Systematic name: 2-Axandphthulcnt: 1 -Oxd-3-u/a-2//-tiaplithalrn<* 

In compounds carrying more than one hetero atom, 
numbers are selected so that oxygen bears the 
lowest number followed by sulfur and, finally, by 
nitrogen. The most highly unsaturated compound is 
taken as the parent. Derivatives in which one or 
more double bonds are saturated are referred to as 
dihydro or tetrahydro derivatives of the parent. 

No uniformity exists in numbering the positions 
in heterocyclic compounds. In monocyclic sub- 
stances, numbers are chosen in such fashion that a 
single hetero atom bears the number one; if more 
than one hetero atom is present, oxygen bears the 
number one. followed by sulfur and nitrogen. Thus 



With polyheterocyclic compounds the numbering 
system is confused. European practice frequently 
differs from American practice, and the American 
conventions are undergoing constant revision. The 
safest practice is to write the complete structural 
formula and make a visual comparison of the posi- 
tions of substituents. See Alcohol; Aldehyde; 
Amine; Carbohydrate ; Carboxylic acid; Ether; 
Halogenated hydrocarbon; Hydrocarbon; Or- 
ganosulfur compound; Terpen e. [r.c.e.] 

Bibliography : J. English, Jr., and H. G. Cassidy, 
Principles of Organic Chemistry , 2d ed., 1956; 
Internationa] Union of Pure and Applied Chem- 
istry, Tentative rules for organic nomenclature, 
Compl . rend, conf . union intern, chim. pure et appl. , 
18th conf., vol. 160, 1955; F. J. Moore, A History 
of Chemistry, 3d ed., 1939; A. M. Patterson and 
L. T. Capell, The Ring Index , 1940. 

Organic quantitative analysis 

The determination of elements, functional groups, 
or molecules in organic materials. The type of anal- 
ysis used is determined by the information re- 
quired. If the total nitrogen content is desired, ele- 
mental analysis is used; if only amino nitrogen is 
desired, then only the amino group is determined. 
Organic analyses are made on a wide range of ma- 
terials from pure compounds to mixtures such as 
blood and fertilizer. Selection of the proper method 
of analysis is very important. 

Determination of metals. This may be done in 
two ways. In the first method, the sample is mois- 
tened with sulfuric acid and is heated in oxygen to 


obtain metal oxides or sulfates, which are weighed 
Some metals such as gold and silver are weighed 
as metals. The second method is based on destruc 
tion of the organic portion of the sample by heat 
ing with nitric and sulfuric acids, followed by de- 
termination of the metals by regular procedures 
This method is required for metals which are 
easily volatilized, such as arsenic. 

Carbon and hydrogen. These elements are U s U . 
ally determined simultaneously by burning a sam- 
ple in a stream of oxygen to form carbon dioxide 
and water. This is done at 600° C in the present 
of platinum as a catalyst. If nitrogen is present in 
the sample, the ggs stream is passed through lead 
peroxide to remove the oxides of nitrogen. Silver 
wool adsorbs halogens and oxides of sulfur. The 
water formed is absorbed on a drying agent such as 
magnesium perchlorate, and from the increase in 
weight, the amount of hydrogen in the sample can 
be calculated. Carbon dioxide is absorbed hy an 
alkaline solid such as sodium hydroxide on asbestos 
fibers, and from the increase in weight, the amount 
of carbon can he calculated. Carbon alone is deter 
mined hy wet combustion. The sample is heated in 
a mixture of sulfuric acid and potassium or silver 
dichromate. The carbon dioxide formed is deter- 
mined from the amount of sodium hydroxide with 
which it combined, or by measuring directly the 
volume of the carbon dioxide. 

Oxygen. Direct determination of oxygen in or- 
gan^ materials is accomplished by heating thesam 
pie in a stream of nitrogen to form water, oxides of 
carbon, and hydrocarbons. On passage of this mix 
ture through graphite at 1150°C, all the oxygen i- 
converted to carbon monoxide. The carbon monox- 
ide is oxidized with iodine pentoxide to form car- 
bon dioxide and iodine. Either the iodine or the 
carbon dioxide may then be measured. This proce- 
dure is difficult to perform, so that oxygen in purt* 
compounds is usually obtained hy difference rather 


than by direct measurement. 

Nitrogen. Two methods are used to determine 
nitrogen. In the Dumas method, the sample is mixed 
with copper oxide and is heated in a stream of pure 
carbon dioxide. The elemental nitrogen formed 
collected over 50% potassium hydroxide solution, 
and its volume is measured. This procedure deter- 
mines total nitrogen in most samples. In the Kjel- 
dahl method, the sample is heated in concentrated 
sulfuric acid containing a catalyst; this procedure 
converts the nitrogen to ammonia. On the addition 
of sodium hydroxide followed by boiling, ammonia 
is distilled into dilute boric acid solution, which v* 
then titrated with acid. The choice of the catalyst & 


critical because different nitrogen compounds re- 
quire a variety of catalysts. Esters of nitric an 
nitrous acids cannot be analyzed by this procedur • 
other elements. Sulfur, halogens, and phospho- 
rus »are determined by conversion to sulfuric aci * 
halogen acids, and phosphoric acids, which ar 
measured by standard inorganic procedures. * n t 
Carius method, the sample is heated with fum| n ^ 
nitric acid in a # sealed tube. In the combust^ 
method, the sample is burned in oxygen* oxides 
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sU |f»r are absorbed in neutral hydrogen peroxide, 
and halogens are absorbed in sodium bisulfite solu- 
tion. In the bomb method for sulfur, the sample is 
ignited with sodium peroxide and sugar. 

Functional groups. Groups such as carboxyl, 
Indroxyk nitro, and amide, are determined by 
rheniieal reactions which are characteristic for 
each group. These reactions include neutralization, 
oxidation-reduction, precipitation, condensation, 
and gas evolution. These methods are based on 
consumption of a reagent measured by direct titra- 
tion or. in some cases, by determination of excess 
reagent. For others, a product formed in the reac- 
tion is measured. Since most organic compounds 
are insoluble in water, organic solvents are used. 
These solvents enhance the acidity or basicity of 
some groups and also permit some reactions which 
arc not possible in water. Therefore, the use of non- 
stqueous solvents is important in organic analysis. 

Other methods. Many organic compounds ab- 
sorb energy in the ultraviolet or infrared regions. 
Since this absorption is characteristic for each 
t\pcof molecule, a direct analysis based on energy 
absorption is frequently possible. The variation in 
mass among hydrocarbons is llic basis for the mass- 
-prrlrornetric analysis of petroleum samples. These 
and other instrumental methods are based on the 
properties of molecules. 

Physical methods of separation are commonly re- 
quired to obtain molecules free from interferences. 
Normal distillation, vapor distillation, azeotropic 
distillation, ion exchange, chromatography, extrac- 
tion of solids and liquids, and diffusion have a place 
in quantitative analysis. [ K.c.s. | 

Bibliography : N. H. Furman (ed.), 5th ed., 
Notts' Standard Methods of Chemical Analysis 
1939 ; J. Mitchell et al. (eds.). Organic Analysis , 3 
vok, 1953-1956; J. Niederl and V. Niederl, Micro- 
methods of Quantitative Organic Analysis , 1942. 


Organic reaction mechanism 

\ pathway of chemical states traversed by an or- 
ganic chemical system in its passage from react- 
ants to products. In the illustration, a plot of free 
energy vs. reaction coordinate for one kind of re- 


acting system is shown; here, free energy has its 
usual thermodynamic significance, and reaction co- 
°rdinate may be taken to mean the fraction of 
B *( product) -character that an A- (reactant) -mole- 
r uk has acquired. The free energy of activation 
is defined as A F* = — RT In /c, where k is the 


faction rate at unit concentration of the reaej- 
ft nts. ft i s th e mo j ar g as constant, and T is the ab- 
solute temperature. See Kinetics (chemical). 

A complete description of the reaction mecha- 
n ‘ sni Squires not only a knowledge of the struc- 
t,,res °f the stable molecules A and B, but also a 
n owledge of the structures of any metastable in- 
termediates, for example. C, and of the structures 
.he transition states, D and E. Because the transi- 
!!' Jn states D and E, by definition, are very short- 
,v «d. it ig hopeless to attempt to isolate and han- 
e them by conventional chemical techniques. The 
Slate C is also usually short-lived. However, in- 



formation on the structures of C. I), and E can of- 
ten he inferred from indirect evidence. 

The kinds of evidence that can be used for the 
elucidation of rcamon mechanism include (1) 
kinetics, that is, the mathematical form of the rate 
law. the free energy of activation, A F*, and the ef- 
fect of changes in structure of the reactants or 
changes in reaction conditions upon the rate of re- 
action; (2) isolation or trapping of inetastahle in- 
termediates; (3) effect of changes in structure of 
the reactants upon the product distribution in a 
given type of reaction; (4) the stereochemistry of 
the process; (5) information obtained by isotopic 
tracc?r techniques. 

^ i 



Homolysis Heterolysis 

Organic reactions usually involve the breaking 
of covalent bonds between atoms such as X and Y. 
Usually, the break occurs either homolytically 
(each atom acquiring one electron of the bonding 
pair) or heterolytically (one of the atoms acquir- 
ing both electrons and the other being left with an 
electron deficiency). There is also a group of re- 
actions in which the bond-breaking processes .ire 
less clearly definable. 

Homolytic reactions. An example of the homo- 
lytic type is the light-induced halogenation of al- 
kanes. For example, the chlorination of methane 
may be represented by the steps: 

C1:C1 ~~^2C1* (1) 

Cl* + H :CH* — »H:Q+ *CH* (2) 

CH»* + Q :C1 -* CH, :C1 + a* (3) 
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a. + H :CII 2 C1 — HCl 4 - •CH 2 C1 (4) 
•CII 2 C1 4 - Cl 2 etc. (5) 

CHs* + CHa« — > CH 3 :CII 3 (6) 

No reaction between chlorine and methane occurs 
in the dark, hut irradiation of the mixture with 
light of the proper wavelength, short-wavelength vis- 
ible light which is known to cause the dissociation 
of molecular chlorine into atoms (Eq. 1), causes a 
vigorous reaction that leads to the chlorinated 
methanes as products. The quantum yield, or the 
number of molecules of chlorine used up per pho- 
ton absorbed by the system, is of the order of sev- 
eral thousand, and depends upon the conditions of 
the reaction. This means that dissociation of a mol- 
ecule of chlorine into atoms initiates a chain reac- 
tion (steps 1 5) in which each step produces a new 
free radical, that is, a substance that has an odd 
number of extranuclear electrons, for example, 
•Cl or •CHh. These radicals then propagate the 
chain by attacking a molecule of substrate (CH| 
or Cl 2 ). Thus, a small number of initially produced 
radicals can lead to <‘110011031 change of a large 
number of reactant molecules. The chains are ter- 
minated by a number of processes, including those 
in which two radiculs combine (Eq. 6). Because 
the reaction chains are long, the products of such 
combination steps are formed in very low yields. 
Sec Photochemistry. 

Vinyl polymerization, a type of reaction that is 
of immense industrial importance in the production 
of plastics, is another example of a homolylic chain 
process. The reaction is initiated by free radicals 
(R«) frequently produced by the decomposition ot 
organic peroxides. The steps of the mechanism for 
the case of the vinyl acetate—* polyvinyl acetate re- 
action are 

R. 4- CH*:: CHOAc — RCH*: CHOAc (7) 
RCIlaCllOAc 4- CH 2 =-CI10Ac — 

RCH 2 CH CI1 2 — CHOAc (8) 

1 

OAc 

Termination of the chains probably occurs mainly 
by combination (analogous to Eq. 6) of polymeric 
radicals. See Polymerization. 

Heterolytic reactions. Equation (9) is a gener- 
alized scheme for a metathetical replacement or 
substitution, one of the most widely used reactions 
of synthetic organic chemistry. In this general cate- 
gory are included such diverse processes as (1) 
conversions of halides or arenesulfonates to alco- 
hols. ethers, thiols, or esters; (2) homologation of 
halides or arenesulfonates to nitriles or to substi- 
tuted malonic or acetoacetic esters; (3) the Wurtz 
synthesis of alkanes; (4) the Gabriel synthesis of 
primary amines; (5) the alkylation of amines; 
(6) the preparation of alkanesulfonic acids and 
Bunte salts. 

RX 4- MY — * RY 4- MX (9) 

The heterolytic nature of these processes is strongly 
suggested by the facts that (1) MY is itself fre- 


quently an ionic reagent (an alkali hydroxide or 
cyanide, for example) ; (2) the reaction rates and 
products are sensitive to changes in reaction con- 
ditions (for example, added ionic species) t| lat 
would not be cx peeled to have marked effect*, 
upon homolytic processes; (3) the reaction rate^ 
and products are unresponsive to changes in con- 
ditions, such as light, sources of free radicals, and 
reagents that are known to react with free radicals 
that profoundly affect the course of homolytic proc- 
esses. 

Reactions of the type shown in Eq. (9) are often 
called nucleophilic displacements because the for 
mation of RV involves formally the formation of a 
bond between R ana an electron-rich, nucleus-seek- 
ing reagent (nucleophile) Y. In some cases the 
reaction rate is proportional to the concentration in 
the solution of MY and RX. Such processes are in- 
terpreted as himolecular, nucleophilic substitutions 
5 V 2. in which both RX and Y are present in the 
transition state. Typically, ihese substitutions re- 
sult in complete inversion of configuration (Wal- 
den inversion) if the reaction occurs at an asym- 
metric carbon (Eq. 10). 

CH 3 Cl la 

II— C— Br f < )C 2 H& — * CsHfiO — C-*H Hr 

(CH 2 ) 5 CH 3 (CH 2 ) 6 ai 3 

(Hu 

Frdlquently, however, esjKiciiilly when R is a lei 
tiary or nr-phenylalkyl group, the reaction rat** H 
essentially unaffected by the concentration of MY 
and the reaction is termed a unimolecular. or 
solvolysis. The reaction is not truly unimolecular. 
because the solvent plays an important role and i- 
undoubtedly involved in the transition state. Hie 
mechanism shown in Eq. (11) does not indicate the 
precise role of the solvent (SOH ) . because this var- 
ies from one case to the next, and is still imper- 
fectly understood. 

R — -X R+ + X- 

Slo* | ;U) 

Fast | HOH 

ROS 4- H + 4- X- 

A carbonium ion, R% is postulated as a metastable 
intermediate in solvolytic reactions. The rates of 
appearance of H*^ (or X ) parallel the stabilities 
of R + . If X is attached to asymmetric center of 
in optically active RX, ROS is usually extensively 
racemized. Other products (RY) can also be formed 
from R + if Y* is present. See Addition reaction. 
Condensation reaction; Electrophilic and nu- 
cleophilic reagent; Hydroxylation reaction. 
Steric effect (chemical reactions) ; Substitu- 
tion REACTION. [J.A.BM 

Bibliography : A. A. Frost and R. G. Pearson. 
Kinetics and Mechanism , 1953; L. P. Hammett. 
Physical Organic Chemistry f 1940; J. Hine, Ph sl 
cal Organic Chemistry, 1956; C, K. Ingold, 
ture and Mechanism in Organic Chemistry , 1^ & * 
C. Walling, Free Radicals in Solution , 1957. 



Organic reef 

\ reef consisting of the hard parts of organisms 
„ r of an organically constructed frame enclosing 
detrital particles, the hard parts of free-living or- 
ganisms, and precipitated calcium carbonate. Most 
organic reefs are made of corals and associated 
organisms, but some consist of lime-secreting algae, 
hvdrozoans. annelids, oysters, or sponges. Strictly 
^peaking, a rocklike organic mass must be a men- 
ace to navigation before it can be classed as a reef. 
Actually, the term applies to any sizable organic 
eminence that grows or once grew upward from 
the floor of a water body, ordinarily the sea. See 
\roi.i.; Barrier reef; Coral reef; Fringing 
hi:kk Reef. [p.e.l.] 

Organoarsenic compound 

V derivative of arsenic containing at least one or- 
ganic radical attached through carbon to the ar- 
senic atom by means of a covalent bond. All or- 
g.moarsenic derivatives can he derived srhemati- 
. all\ by formal substitution or oxidation from the 
primary, secondary, and tertiary arsines. Depend- 
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*ng on the state of oxidation, organoarsenic com- 
pounds are derivatives of tri- or pentavalent ar- 
s <*nic. Although the known types of organoarseni 
ials are more numerous than those of true organo- 
inetallic compounds, they do not approach the nurn- 
tar of the known types of the organo derivatives of 
phosphorus which precedes arsenic in group V of 
periodic system. A special type of organoar- 
•‘tfnic compounds which do not have an equivalent 
,n l he organophosphorus series are the arseno com- 
pounds, RAs=AsR. 

Reparation. The conversion of inorganic arsenic 
*nto organoarsenic compounds can be achieved 
Readily in the aliphatic series by the Meyer reac- 
flon from trisodium arsenite and an alkylating 
a 8ent according to the equation : 

RX + As(ONa) 3 -» RAs(O) (ONa) 2 + NaX 

^he analogous alkylation of disodium alkylarson- 
p e * RAs(ONa) 2 , yields sodium dialkylarsinate, 
sAs(0)ONa; and sodium dialkylarsinite, R 2 As- 
leads similarly to trialkylarsine oxides. The 
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ease with which derivatives of pentavalent arsenic 
are reduced to tri valent derivatives permits the 
synthesis of a large variety of organoarsenic com- 
pounds from sodium arsenite, and thus ultimately 
from arsenious oxide, As a O:i. The alkylation of ar- 
senic trichloride, AsCL. with metalloorganic com- 
pounds, such as Grignard reagents and zinc or 
mercury dialky Is. presents an alternate method for 
the formation of a carbon-arsenic bond. Aromatic 
arsonir acids are conveniently accessible from the 
diazotized aromatic amines and sodium arsenite by 
the Bart reaction : 

RN 2 C1 + As(ONa) 3 

RAs(O) (ONa)-, + N« + NaCl 

or by direct substitution of phenols or amines by 
arsenic acid according U> the equation: 

c;.h a oh + n.{As0» 

p-HOCfiHiAs(O) (011)2 + HaO 

Use. All organoarsensir compounds exhibit phys- 
iological activity. The high mammalian toxicity 
of the trivalent derivatives makes a number of 
them potential chemical warfare agents. Lewisite 
(CICH — CHAsClo). Adamsite ( phenarsazine chlo- 
ride). phenyldichloroarsine (GnHsAsCD, and 
eth> Idichloroarsine (C-HpAsCl-j) are some of the 
chemical agents that are effective as vesicants, ir- 
ritants, and sternutators. Several of the less toxic 
derivatives have found use as chemotherapeutics 
among which Saivarsan ( arsphenamine hydrochlo- 
ride), Atoxyl (sodium arsanilate) and Trypars- 
amidc were of prime importance as the only 
means for combating certain infectious diseases be- 
fore the discovery of the antibiotics. See Chemical 
warfare; Insecticide; Organophosphorus com- 
pound. | F.W.H.] 

Bibliography: G. T. Morgan, Organic Compounds 
of Arsenic and Antimony , 1918; G. W. Raiziss and 
J. 1.. Gavron, Organic Arsenical Compounds , 1923. 

Organometallic compound 

One of a group of substances containing carbon- 
metal bonds. This definition can be broadened to 
include all compounds of elements that possess 
metal-like properties and that are combined chemi- 
cally with one or more carbon atoms. In this re- 
spect, metal alkoxides, chelates, salts of organic 
acids, and related compounds are not discussed in 
this article. See Chelation. 

Much of the early research in organometallic 
chemistry was concerned with the preparation and 
reactions of organozinc compounds, although the 
study of organic derivatives of other metals fol- 
lowed in rapid succession. The pharmacological 
value of many organoarsenic and organomercury 
compounds stimulated much research on the syn- 
thesis and properties of these compounds. The re- 
actions of Grignard reagents (see Grignard reac- 
tion ) and of organolithium and organosodium com- 
pounds have found extensive use in synthetic or- 
ganic chemistry. 
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Organometallic compounds have found many 
commercial applications. The use of tetraethyllead 
as a gasoline antiknock additive is a good example. 
See Tetraethyllead. Organometallic compounds 
have played an important role in the development 
of silicone polymers, polyvinylchloride, and poly- 
ethylene. 

A systematic classification of all known organo- 
metallic compounds is very difficult. For the sake 
of convenience, however, organometallic compounds 
can he divided into three main classes. The more 
electropositive metals of groups I and II of the pe- 
riodic table form organometallic compounds that 
are nonvolatile, usually poorly soluble in organic 
solvents, and essentially ionic in nature. Lithium, 
beryllium, and magnesium compounds are much 
less ionic than those of the remaining metals, how- 
ever. The metals (excepting transition metals) and 
metalloids of groups IT I, IV, V, and VI form organ- 
ometallic compounds which are mainly volatile, sol- 
uble in organic solvents, and principally covalently 
bonded. The transition metals constitute a third 
main group, possessing bonding to aromatic or 
aromatic-type groups which is mainly of a special 
d-orbital, or “sandwich,” type. See Chemical bind- 
ing. 

Preparation from free metals. The reaction of 
metals or metalloids with organic halides is widely 
used in the synthesis of organometallic compounds 

2M + HX-4RM + MX 

Sodium, lithium, magnesium, and related metals re- 
act with organic halides in this manner to produce 
organometallic derivatives. Silicon and germanium 
react readily in the gaseous phase with both alkyl 
and aryl halides. 

Another means of preparing organometallic com- 
pounds involves the reaction of highly reactive 
metals with hydrocarbons that contain active hy- 
drogen atoms 

RH 4- M —> HM + H 

The preparations of organometallic derivatives of 
acetylene, triphenylmethane, and cyclopentadiene 
are examples of this reaction. 

The displacement of a metal in an organometal- 
lic compound by a more reactive metal to produce 
a new organometallic compound has been widely 
used, although reactions of this type are usually 
reversible 

M + RM'^RM + M' 

Organometallic derivatives of the alkali metals, 
beryllium, magnesium, and aluminum have been 
prepared by this procedure. 

Preparation from metal salts. The reaction of or- 
ganometallic compounds with metal salts has found 
extensive application in the synthesis of many types 
of organometallic compounds 

RM + M'X — RM' + MX 
RMX + M'X -> RM' + MX 2 

In general, organic derivatives of more reactive 
metals react with metal salts of less reactive metals 


or metalloids by this procedure. Examples include 
the reactions of alkylsodium compounds, alkyllith- 
ium compounds, and Grignard reagents with hal- 
ides of elements of groups III, IV, V, and VI. The 
recently discovered cyclopentadienyl derivatives of 
the transition metals can best be prepared in this 
manner. 

Metal salts react with aryldiazonium compounds 
in the presence of metals to give organometallir 
halides. Arylmercury and aryltin compounds have 
frequently been prepared in this way. 

Other preparations. These reactions include 
methods by which an organometallic compound of 
a given metal is used to prepare other organometal- 
lic derivatives of the same metal. The exchange re- 
action between ethyljithium and diphenylrnercury 
illustrates a form of this reaction 

2GjH 5 Li + (CfiHsJaHg—^ (CaHsjuHg + 2C.Hr, Li 

The reaction between an organometallic com- 
pound and an aromatic hydrocarbon possessing a 
reactive hydrogen atom is known as “metalatiorf 

RM + RTI R'M + RH 

The most commonly used “nietalating agent,” or 
RM compound, is n-buty I lithium in ether solution. 
Many other reactive organometallic compound* 
have also been used with success. 

A large number of organometallic dqjivatives of 
aromatic hydrocarbons have been prepared by the 
reaction of the corresponding aryl halides with a 
reactive compound such as n-butyl lithium : 

n-C 4 H 9 Li + RX — » RLi + n- C t H ;> X 

Compounds of group I elements. The alkali met 
ala form organometallic compounds that posses* 
high reactivity. Most alkyl derivatives are colorle** 
solids, except the higher alkyls of lithium, which 
are liquids. Many aryl derivatives are solids, and 
have intense colors that depend on the number of 
aromatic and conjugated groups in the molecule. 
With the exception of the alkyllithium derivatives, 
organoalkali compounds are characterized by insol- 
ubility in most organic solvents and little tendency 
to vaporize or melt without decomposition. Such 
properties indicate a large degree of ionic charac 
ter in the bonding between the metal and organic 
group. Because of the small size and high polariz- 
ing power of the lithium ion, alkyl derivatives of 
lithium are largely covalently bonded. 

Because of the high reactivity of organoalkali 
compounds, they must be prepared and used in an 
inert atmosphere that is free of oxygen, moisture, 
and carbon dioxide. Their high reactivity makes or- 
ganoalkali compounds very useful in synthetic or- 
ganic chemistry. 

Compounds of group II elements. All elements 
of group II except radium form organometallic 
compounds, although no simple compounds of cal- 
cium, strontium, or barium have yet been isolated- 
A remarkable gradation in physical and chemica 
properties i9 observed for organometallic com- 
pounds of this group. Nearly all these compounds 
except those of mercury are flammable in l* 16 



presence of oxygen and water. Alkylberyllium com- 
pounds are volatile, although highly associated liq- 
uids; an exception is dimethylberyllium. Arylberyl- 
lium compounds are solids and are somewhat more 
stable. 

Two main types of organomagnesium compounds 
are known, alkyl- and arylmagnesium compounds, 
R 2 Mg' and the organomagnesium halides or Gri- 
gnard reagents, RMgX. The latter compounds are 
the most widely known organoinetallic derivatives 
of group II elements and have found extensive use 
in organic syntheses. Alkyl- and arylmagnesium 
rompounds are white crystalline solids. They are 
practically nonvolatile and are insoluble in hydro- 
carbon solvents. Although these compounds are salt- 
like. the bonding between the magnesium and the 
organic group is believed to be largely covalent. 

Organozinc and organocadmium compounds were 
among the first organometallic compounds to be 
isolated. For many years organozinc compounds 
were used for synthetic purposes in til they were 
superseded by the more convenient Grignard rea- 
urnK Alkylzinc and alkylcadmium compounds are 
volatile, unassociated liquids; aryl derivatives are 
white solids with sharp melting points. See. Re- 
HiKMATSKY REACTION. 

Many organomercury compounds of the type 
R.Hg and RHgX have been prepared. The reactiv- 
ities of these compounds are so low that they are 
unaffected by water and air. Dialkylmercury com- 
pounds are mostly distillable liquids; diarylmer- 
mrv derivatives are crystalline solids. The bonding 
m these compounds is essentially covalent. Alkyl- 
and urylmercury compounds of the type RHgX are 
-table crystalline solids; their properties depend 
largely on the nature of the group X. 

Compounds of group III elements. Most alkyl 
and many aryl derivatives of the group III elements 
are spontaneously flammable in the presence of air. 
The alkylhoron compounds are colorless liquids; 
the arylhoron compounds are crystalline solids. 
Alkvl- and arylboric acids, RB(OH )2 and RuBOH, 
are important substitution derivatives. Organoboron 
compounds also form many coordination compounds 
*itb atoms and molecules that possess electron- 
donor groups. 

Alkylaluminum compounds are colorless liquids 
°f extreme reactivity. Dimethylaluminum has been 
shown to possess a dimeric structure in contrast to 
the corresponding boron derivative. The alkylalu- 
ndnuin compounds find important industrial appli- 
(, ations as polymerization catalysts (sec Polyole- 
Resins). Arylaluminum compounds are crystal- 
^ ne solids and are also highly reactive. 

A few alkyl and aryl derivatives of gallium, in- 
dium, and thallium are known. In general, these 
impounds exhibit a decreasing order of reactivity, 
specially when compared to the corresponding or- 
Banoaluminum compounds. A recent notable devel- 
°Pment has been the isolation of a monovalent or- 
Sanoindium compound, cyclopentadienylindium, 
^Hsln. 

Compounds of group IV elements. The group IV 

dements silicon, germanium, tin, and lead form or- 
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ganometallic compounds of the type R.|M. All com- 
pounds of this type are covalently bonded, although 
the carbon-metal bond becomes weaker and more 
polar as the metal becomes more metallic. A spe- 
cial feature of elements of this group is their abil- 
ity to form metal-metal bonds. Alkyl derivatives of 
group IV metals are liquids; higher alkyl members 
possess high boiling points and are liquids over 
wide temperature ranges. Aryl derivatives are high- 
melting solids. Both alky] and aryl derivatives are 
usually unattacked by water and air at room tem- 
perature, and are soluble in hydrocarbon solvents. 

Compounds of group V and group VI elements. 

Organic derivatives of phosphorus, arsenic, anti- 
mony, and bismuth are well known, although it is 
debatable whether compounds of the first two ele- 
ments can be classified as truly organometallic. 
Group V elements form organometallic compounds 
of both R.-iM and RsM types and also many mixed 
organometallic hydrides, halides, and hydroxides. 
Alkyl derivatives of the type R.iM are liquids of 
decreasing stability in the case of the more metallic 
members. Recently a number of pentaphenyl deriv- 
atives of the type (C«Hs)ftM have been reported 
in which all phenyl groups are covalently bonded, 
although the fifth phenyl group is not strongly held. 

Both selenium and tellurium in group VI form 
alky 1 and aryl derivatives of the type R-jM. In some 
aspects these can he considered to be organornetal- 
lic compounds. The alkyl derivatives are colorless 
liquids and the arvl derivatives are low-melting sol- 
ids; all possess extremely unpleasant odors. A 
number of diseJenides and ditcllurides of the type 
RM— MR are also known. 

Compounds of the transition metals. Until re- 
cently it was thought that transition metals were 
incapable of forming organometallic compounds, 
although many scattered claims have appeared 
throughout the literature. In 1951 a new class of 
organometallic derivatives of transition metals was 
discovered. The compounds in this class are dif- 
ferent in most respects from the organometallic 
compounds described in the preceding sections. The 
first compound of this type to be isolated was dicy- 
clopentadienyliron, commonly called ferrocene (I). 



This remarkable compound has been found to pos- 
sess a sandwich structure in which electrons of the 
cyclopentadienyl ring gre coordinated with the iron 
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atom to form a symmetrical, extremely stable struc- 
ture. It has been suggested that the iron atom is 
bonded to each cyclopentadienyl ring by a delo- 
calized covalent bond. Dicyclopentadienyliron has 
been shown to possess highly aromatic properties 
and has thus opened up an entirely new field of 
organic chemistry. See Ferrocene. 

Since the initial discovery of dicyclopentadienyl- 
iron, the isolation of cyclopentadienyl derivatives of 
most of the other transition metals has followed in 
rapid succession. Many of these compounds possess 
the sandwich structure of the iron analog, although 
essentially ionic and covalent types are also known. 

A related class of compounds which possess a 
similar symmetrical structure has also been re- 
cently reported. These compounds can be illustrated 
by the most stable member, dibenzenechromium 
(II). An organometallic compound possessing a 
phenyl-titanium bond, phenyltitanium triisopropox- 
ide, CeHfiTi(OC 3 H 7 );j, is also known. [m.d.r.] 

Bibliography : E. G. Rochow, D. T. Hurd, and 
R. N. Lewis, The Chemistry of Organometallic 
Compounds , 1957. 

Organophosphorus compound 

One of a series of derivatives of phosphorus which 
have at least one organic (alkyl) group attached to 
the phosphorus atom by direct linkage to a carbon 
atom. The alkylphosphines (RPH 2 ), dialkylphos- 
phines (R 2 PH), and trialkylphosphorus (trialkyl- 
phosphines, RaP) can be regarded formally as the 
parent compounds of all organophosphorus com- 
pounds. Formal substitution of the hydrogen of the 
phosphines by monovalent atoms or groups leads to 
a number of basic structures derived from trivalent 
phosphorus, and formal addition of bivalent oxygen 
leads from the alkyl- and dialkylphosphines to or- 
ganophosphorus acids and from the trialkylphos- 
phines to their oxides (see chart). Similar addi- 
tions of other bivalent atoms or groups, such as sul- 
fur, selenium, or :NH, lead to related structures 
containing phosphorus in its tri- or pentavalent 
state. Considering the large number of organic 
groups which may be linked by a direct bond to 
the phosphorus, it is obvious that the number of 
theoretically possible organophosphorus compounds 
is practically unlimited. Only a comparatively 
small number of these possibilities has been real- 
ized. 
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Methods of preparation. A number of organo 
phosphorus compounds containing an unsubstitutcd 
or substituted aliphatic group directly attached to 
the phosphorus atom has been prepared by the 
Michaelis-Arbuzov reaction from trialkyl esters of 
phosphorous acid (trialkyl phosphites) and ali- 
phatic halides according to the general equation: 

P(0R) 3 + R'X — » RT(0) (0R) 2 + RX 

This faction involves a change of valency of the 
phosphorus from the trivalent to the pentavalent 
state. The resulting dialkyl alkylphosphonates are 
versatile starting materials for the conversion by 
standard chemical methods to a variety of other 
classes of compounds. A frequently used alternate 
preparative method for dialkyl alkylphosphonates 
consists of the alkylation of the sodium derivatives 
of dialkyl hydrogen phosphonates, (RO)*P(0)H, 
with aliphatic halides. The direct alkylation of phos* 
phorus halides with organometallic compounds finds 
only limited application for the synthesis of com- 
pounds containing one carbon-to-phosphorus link- 
age, but is useful for the preparation of trialkyl’ 
phosphines. 

Derivatives with two aliphatic groups attached to 
pentavalent phosphorus are also accessible by the 
Michaelis-Arbuzov reaction from dialkyl alkylphos- 
phonites : 

RP(0R') 2 + R"X — » RR"P (O) OR' + R'X 

or by alkylation of the sodium derivative of the ap- 
propriate monoesters RP ( O ) ( OR' ) H. 

Since the preparative methods involving alkyl 
halides depend on the reactivity of the aliphatic 
halide, aromatic organophosphorus compounds can- 
not be obtained in an analogous manner from aryl 
halides. The preferred method for the preparation 
of the aromatic derivatives is the introduction of * 
— PCI 2 group into aromatic hydrocarbons by mess 5 
of phosphorus trichloride with anhydrous alutftJ' 
num chloride as a catalyst. The resulting arylpb° s ‘ 



phono us dichlorides can react further with the aro- 
matic hydrocarbon to yield the diarylphosphinous 
chlorides, Ar 2 PCl, which are always obtained in ad- 
dition to the phosphonous dichlorides, but can be 
made the main product of the reaction by proper 
choice of the reaction conditions. 

Organophosphorus derivatives containing a P — H 
bond can be added across activated olefinic and 
acetylenic double bonds to yield with the formation 
of a C — P bond adducts with a more complex alkyl 
group attached to the phosphorus. Dialkyl esters of 
phosphorous acid, (RO) 2 P( 0 )H, lead by this reac- 
tion to dialkyl alkylphosphonates. The addition of 
a P -II derivative to the carbonyl group of an alde- 
h\de results in the formation of o-hydroxy com- 
pounds susceptible to further modification of the 
alkyl group by standard chemical reactions. 

Uses. In contrast to the wide commercial applica- 
tion of organic derivatives of phosphorus acids, lit- 
tle u*e has been found for organophosphorus com- 
pounds, although some have been used as polymeri- 
zation catalysts, lubricant additives, flame proofing 
agents, plant-growth regulators, solvents for the sol- 
vent extraction of uranium, and insecticides. The 
high mammalian toxicity exhibited by some methyl- 
phosphonic acid derivatives, which are extremely 
potent inhibitors of the enzyme cholinesterase, lim- 
its the usefulness of a large number of related, 
though much less toxic compounds for commercial 
exploitation because of the potential health haz- 
ards. During World War fl the Germans developed 
-everal highly toxic organophosphorus compounds 
for use as chemical-warfare agents. The most po- 
tent of these nerve gases were isopropyl methyl- 
phosphonofluoridate. CH :{ P ( O ) f OCH ( CH; t ) si F 
Hariri or Trilon 46). the homologous pinacolyl 
ester CH,P(0) TOCH (Cl I < )C(CH.<).<1F (Soman), 
and ethyl phosphorodimethylamidocvanidate, 

«CH:,) a NP(0)f0C 2 Hr,)CN (Tahun) . See Chkmi- 
( ai. warfare; Insecticide; Phosphorus. 

[k.w.h.'J 

Bibliography : G. M. Kosolapoff, Organophospho- 
riis Compounds , 1950 . 

Organosulfur compound 

One of a group of substances which contain both 
carbon and sulfur. The elements oxygen, nitrogen, 
the halogens, and phosphorus are also often present. 
Thousands of such compounds are well known. 

Many medicinal and natural products are organo- 
id fur compounds, for example, the penicillins. 
s alfa drugs, insulin, and amino acids such as cys- 
teine and methionine. The utilizations of organo- 
s ulfur compounds involve enormous commercial 
developments in medicinals. detergents, sulfide rub- 
tars and polymers, sulfur dyes, solvents, and agri- 
cultural chemicals (herbicides, fungicides, and in- 
secticides). Besides their practical uses, studies 
organosulfur compounds helped to establish 
[undamental theory on the nature of valence bond- 
ing, of molecular geometry, and of reaction mech- 
a ni$ms of organic chemistry. 

The most common classes of organosulfur com- 
pounds are: (1) mercaptans, RSH, also called thiols 


Organosulfur compound 

or sulfhydryl compounds, such as methyl mercap- 
tan, CHaSH or tert-butylmercaptan, (CHh)sCSH; 
(2) thiophenols, ArSH, for example, thiophenol, 
C fi H 5 SH, or p-thiocresol, p-CH a C«iH 4 SH; (3) disul- 
fides, RSSR', where R may be an aliphatic, aro- 
matic, or heterocyclic radical; (4) sulfides, includ- 
ing cyclic sulfides, RSR, for example, methyl ethyl 
sulfide, CHaSC 2 H 5 or ethylene sulfide. 


H 2 C— -CH 2 


S 


(5) sulfenyl chlorides, RSC1, for example, tri- 
chloromethanesulfenyl chloride, Cl a CSCl; (6) sulf- 
oxides, 

() 

R — S — R 


for example, dimethyl sulfoxide, an interesting 
solvent; (7) sulfones, 

0 

R — S — R 
() 

% 

for example, bis- (p-aminophenyl) sulfone, NH 2 - 
C«H fSO a CflH iNH 2 , of interest in the treatment 
of tuberculosis; (8) sulfonyl chlorides, RS0 2 C1. 
for example, p-toluenesulfonyl chloride, p-CH.jCe- 
H 1 SO 0 CI; (9) sulfonamides, R — S0 2 NH 2 , for ex- 
ample, hcnzenesulfonamide, C«H«vS0 2 NH 2 ; (10) 
thioaldehydes and thioketones, RC(H)— S and 
RjC^ S, which generally exist as trimers, for exam- 
ple, trithioacetaldehyde; (11) sulfinic acids, 
RS0 2 H; (12) sulfonic acids, RSO a H; (13) esters 
of sulfonic acids, RS0 2 0R'; (14) thiol esters, 

O 

11 

RC— SR' 

and thio acids, 

O 

II 

RC— SH 

A large group of organosulfur compounds be- 
longs to the heterocyclic series. In these compounds 
the sulfur atom is part of a ring system, and many 
others belong to groups not mentioned above, such 
as thiocarbonates, dithio acids, sulfimides, sulfamic 
acids, thioureas, sulfonium salts, mercaptals, mer- 
captols, organic thiocyanates, and isothiocyanates. 

Selenium follows sulfur in the sixth main family 
of the periodic system and hence has many simi- 
larities to sulfur. Organoselenium compounds are 
also relatively well known; many of them are anal- 
ogous to the sulfur compounds. See Heterocyclic 
compounds; Petroleum processing; Sulfona- 
mide. [n.k.] 

Bibliography : T. W. Campbell, H. G. Walker and 
G. M. Coppinger. Some aspects of the organic 
chemistry of selenium, Chem . Revs ., 50:279, 1952; 
L. Fieser and M. Fieser, Organic Chemistry , 3d ed., 
1956; H. Gilman, Organic Chemistry , vol. 1, 2d ed., 
1943; R. E. Kirk and D. F. Othmer (e As.) , Encyclo- 
pedia of Chemical Technology , vols. 8, 13, and 14, 
1954; E. E. Reid, Organic Chemistry of Bivalent 
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Sulfur , vol. 1, 1958; C. M. Suter, The Organic 
Chemistry of Sulfur , T etracovalent Sulfur Com - 
pounds , 1944. 

Orifice 

An opening in a wall through whirh fluid flows, 
the thickness of the wall being less than a fifth of 
the area of the opening and the approach curvature 
being negligible. An orifice serves basically to con- 
trol or to meter the rate of fluid flow. It xnay be 
used as an instrument for the measurement of fluid 
flow or as an element in a machine to limit the flow 
of fluid, including oils, air, gases, steam, and other 
vapors. Common shapes are sharp-edge, with bevel 
facing out, and square (Fig. 1). Often, fuel enters 
a chamber through an orifice, as in a carburetor. 

In both liquid and gas devices, an orifice acts to 
convert potential energy to kinetic energy. For liq- 
uids, the potential energy is usually the pressure 
head; for gases, the potential energy includes the 
pressure differential and the temperature available 
for conversion into velocity. Theoretical velocity v 
of discharge of liquid initially at rest from an ori- 
fice is v = (2 gh) i/2 where g is gravitational con- 
stant and h is pressure head (see Torricelli’s 
theorem). For an ideal incompressible liquid of 
specific weight y lb/ft ‘ flowing through an orifice 
of area a in. 2 whose discharge coefficient, includ- 
ing velocity of approach, is A, the rate of flow w H 
in Ib/sec is 

w „ = Cay\j2gh 

where g is the acceleration of gravity in ft/ sec 2 
and h is the effective differential head or change 
in pressure in feet measured across the orifice. 

For liquid measurement, an orifice is arranged 
as in Fig. 2. The liquid passes through the orifice, 
experiencing a pressure drop which is transmitted 
to a liquid-filled manometer, differential pressure 
gage, or to a recording instrument. The flow rate is 
calculated from the change in pressure, the area of 
the orifice, and the foregoing relation for velocity. 
Figure 2 also shows, as the rise of liquid in manom- 
eters along the pipe, the effect of the orifice on 
pressure. The region where the pressure is lowest, 
with the stream lines closest together, is called the 
vena contracta. 



Pig. 1. Dimensions of orifice installation in pipe of 
diameter D. 
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Fig. 2. Diagrammatic representation of fluid flow 
through a thin-plate orifice. 


Fig. 3. Commonly used orifice shapes. 


Orifices for flow instrumentation are clamped be- 
tween pipe flanges. They may have a concent ni: 
hole, although for self-cleaning the hole mav be off 
center with one edge flush with the bottom of the 
pipe or with a segmented hole equal to the inside 
diameter of the pipe (Fig. 3). 

As a differential pressure producer, the orifice is 
the most widely used device. More test data are 
available on the thin plate orifice than on other type 
flow meters; thus it is chosen despite its virtual 
lack of pressure recovery (see Venturi tube). The 
orifice also has a low discharge coefficient, which is 
a disadvantage in instrumentation but an advantage 
in flow control. For greatest accuracy, correction? 
are made for approach velocity and for temper*’ 
ture differential. See Flow measurement. [r.e.sf.J 

Bibliography : Am. Soc. Mech. Engrs., Flow Meas - 
urement , chap. 4, pt. 5, suppl. to ASME Power Test 
Codes, PTC 19.5:4; 4^1959; D. M. Cfinsidine (ed.h 
Process Instruments and Controls Handbook , 195*- 
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Oriole 

\ny of 30 species of American songbirds compris- 
ing the genus Icterus , family Icteridae. Six of 
these species are found in the United States. Male 
orioles are brilliantly colored birds, usually show- 
ing a combination of black with yellow, orange, or 
chestnut. Females are usually olive and yellow, in 
subdued tones. They build elaborate woven nests, 
suspended from twigs. Best known is the Baltimore 



Icterus spurius, the orchard oriole. (John H. Gerard , 
National Audubon Society ) 


oriole, /. galbula , a brilliant black and orange bird, 
7-8 in. long, found over most of the eastern United 
States. Bullock’s oriole, /. bullocki , is a similar 
western species. The orchard oriole, /. spurius , is 
a smaller bird, marked in chestnut and black, also 
common over much of the eastern United States. 
Ve Passeriformes. [j.d.b.] 

Orion 

The Warrior, in astronomy, and undoubtedly the 
finest of all constellations in the sky. Orion is a 
winter group near the celestial equator. Four of the 
roost prominent stars form a huge crude rectangle. 
The group is pictured as the figure of a warrior, 
holding a shield with his left hand and swinging a 
club with his raised right arm ready to strike the 
charging Bull (see Taurus). Betelgeuse (meaning 
armpit), one of the largest stars known, is the red 
star at the right shoulder, Bellatrix is at the left 
shoulder, and Rigel, the blue-white star, is at the 
left leg. Three bright stars in a straight line in the 
roiddle of the rectangle represent the warrior’s 
fidt. The center star is Alnilam. These four stars 
Just cited are all navigational stars. Three faint, 
stars below the belt form the Sword of Orion, the 
^ddle one of which is actually four very hot stars, 
Jhe Trapezium, embedded in the Great Nebula of 
^ r| on. See Constellation. [c.s.y.] 

Orion Nebula 

A cloud of gas and solid grains which shines be- 
< j au8e °f radiation received from high-temperature 
^30,000°K) stars embedded within it, as illus- 
a *ed. The inner , region has a radius of about 4' 



* < 
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Orion Nebula, NGC 1976, photographed through Cur- 
tis Schmidt telescope at the University of Michigan Ob- 
servatory. Image produced by (a) green nebular lines 
of oxygen [O 111], ( b ) ultraviolet region, chiefly oxy- 
gen [O II], (c) red hydrogen line, and (d) continuum 
emission. 

(which corresponds to about 0.6 parsecs) and a 
mass on the order of 10 solar masses. The electron 
density is about 30,000/cm 3 near the brightest part 
(called the Trapezium) and about 300/cm 9 in the 
outer portion. The electron temperature is near 
10,000°K. The distance of the Orion Nebula is in 
the neighborhood of 500 parsecs. Radio observa- 
tions show that the Orion Nebula and entire com- 
plex of bright stars, gas, and grains are surrounded 
by an expanding shell of neutral hydrogen with a 
radius of 8?5 or 68 parsecs, and a mass equivalent 
to about 100,000 Suns. See Interstellar matter; 
Nebula, gaseous. 

[l.h.a.] 

Ornamental plants 

The important ornamental plants, particularly in- 
terior decorative plants and commercial flowers, 
are remarkably similar all over the world. Tijis 
world-wide distribution is the result of an extended 
period of exploration and colonization followed by 
intensified plant selection and breeding. Improved 
forms have been widely disseminated in all civilized 
countries. Probably more people are familiar with 
ornamentals than with any other group of plants. 
See Breeding (plant) 4 ; Floriculture. 
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Breeding of ornamentals. The development of 
the chrysanthemum in Japan showed that much im- 
provement could result from even primitive meth- 
ods of plant selection. Professional plant breeding 
has been confined mainly to the mainstays of com- 
mercial floriculture such as roses, carnations, 
gladioli, orchids, lilies, and chrysanthemums. How- 
ever, amateur breeding of the numerous plants of 
lesser monetary importance, such as iris, daylilies, 
and dahlias, has achieved impressive results, parti- 
cularly, where a group has been formed to facili- 
tate exchange of information and genetic material. 
The flower seed industry has also devoted much at- 
tention to breeding all the major garden and florist 
annuals such as petunias, marigolds, snapdragons, 
zinnias, asters, pansies, sweet peas, and stocks. 
The production of Fi (first generation) hybrids of 
some of these has become very important. 

Great advances in the production of ornamental 
plants frequently take place at irregular and un- 
predictable intervals. Often some unexpected 
genetic change (mutation) or the introduction of 
completely new genetic material will provide the 
key to a completely new development. Sometimes 
even a radical change in procedure using older, 
familiar breeding material will provide a new start. 
Some useful new plants have resulted from muta- 
tions produced by ionizing radiations and from the 
use of colchicine to produce polyploidy. Usually 
the greatest popular hobby interest in a flower 
arises in those species having a wide range of 
variation. The table shows the notable develop- 
ments in ornamental plants in recent years. See 
Mutation. 

Types of ornamentals. Ornamentals are used 
in outdoor or indoor plantings for landscape effect, 
as pot plants for flower or foliage, for cut flowers 
or foliage, or for preserved dried foliage. The list 
of plants which have been used is long, and new 
species are being introduced constantly. The fol- 
lowing classification includes the main groups, 
based on either form or habitat: (1) lower non- 
flowering plants (ferns, equisetums, selaginellas) ; 
(2) grasses (turf grasses, decorative grasses, bam- 
boos) ; (3) herbaceous annuals and biennials; 

(4) herbaceous perennials; (5) bulbous or cor- 
mous plants; (6) cacti and succulents; (7) air 
plants or epiphytes (many orchids and brome- 
liads) ; (8) aquatic or water plants; (9) woody 
shrubs (deciduous, coniferous evergreen, broad- 
leaved evergreen) ; (10) vines; (11) trees (deci- 
duous, coniferous evergreen, broadleaved ever- 
green ) . 

Commercial aspects. Activities in ornamental 
horticulture are conducted on 4hree levels. First, 
as an amateur hobby interest or as a means of 
home beautification. Amateur gardening is particu- 
larly important in England and some European 
countries. In the United States, where the climate 
is less favorable, gardening is still one of the most 
important hobby interests, in terms of expenditure. 
As one example, the expenditure for seeds, chemi- 
cals, and fertilizers for home lawns alone ranks 


turfgrass as one of the major agricultural crops of 
the nation. 

Certain other activities are conducted mainly as 
professional skills. These include maintenance 
gardening on homes, estates, public institutions 
golf courses, and athletic fields; park manage- 
ment; and arboriculture in its various ramifica- 
tions. Landscape contracting or installation i n . 
volves both horticultural and engineering skills. 

Ornamentals are also the basis of important 
horticultural specialty industries involving pro- 
duction, wholesale and retail distribution. Total 
annual value of these commodities is about $1,000,- 
000,000 in the United States. 

Growing flowers under glass is becoming in- 
creasingly important. In recent years the develop- 
ment of air freight transport has led to a large 
expansion of glasshouse and outdoor growing areas 
in Florida and California. The French and Italian 
Riviera performs a similar function in Europe. The 
development of transparent sheet plastics for les** 
expensive growing structures has influenced pro- 

Notable developments In ornamentals 

Flower Development. 

African violet Polyploids; many new foliage and flowei 
characters * 

Aster Wilt resistance; cut-flower types 

Camellia The Williamsi hybrids (C. jnponira «nd 

C. salencnsis) \ spectacular new varietii'x 
of C. rrticalala from Yunnan, China, 
intensive breeding of many types 
Carnation The SimB varieties (U.S.A.), outstanding 

for commercial cut flowers; spray-1 ypr 
carnations 

Fuchsia Heat-resistant types (California); pure 

white flowers (California) 

Gladiolus New miniature types; breeding for disea*? 

resistance and vigor 

Hermerocallis Purer pinks and reds; recurrent blooming 
habit; polyploid types 

Iris Superior new varieties of Dutch iris: tall 

bearded iris, with purer pinks and re- 
current blooming habit 

Marigold Fi hybrids; closer approach to white: 

scentless foliage types 

Orchid Complex species hybrids; polyploid forms 

with improved flower quality; miniature 
flowered cymbidiums; breeding for spe- 
cific blooming season 

Petunia Fi hybrids; pure scarlet crimson color; 

giant ruffled and all-double flower type* 
Phlox Tetraploid annual varieties 

Poinsettia New flower and foliage types 

Rose Large-flowered polyantha types (“fl° ri - 

bundas” and “grandifloras”) ; lavender 
flower color; introduction of varieties 
with flowers of superior keeping quality 1 
new miniature types; intensive breeding 
for vigor, disease resistance, and new 
colors 

Shasta daisy New single and double types for florist use 

Snapdragon Fi hybrids; giant tetraploids; red»ictij M1 

of flower shattering; ruffled double- 
flowered types; rust resistance 
Stocks Mosaic resistance; high double strains 

Sweat pea Heat-resistant strains; many-flo wcre 

(multiflora) strains 

Zinnia Fi hybrids; new twisted-petal type 9, 

giant size 
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d action, and further improvements may produce 
major shifts in production areas. 

The retail florist business is notable for organiza- 
tions which permit the large use of telegraph 
orders. 

In the nursery business, the growing of plants 
in metal containers rather than in the field has been 
a notable development, not only in the South, but 
in colder areas. This industry has had a remarkable 
growth because of urbanization and population 
expansion. The cool coastal valleys of central 
California continue to be the major production 
area in the world for flower seeds. [v.t.s.] 

Diseases of ornamental herbs. A serious and 
universal disease, commonly called damping-off 
(killing of plants before they emerge from the soil 
or shortly thereafter), is caused by Rhizoctonia 
solani , Thielaviopsis basicola , and species of Pyth- 
ium , Phytophthora , and Fusarium. The same fungi 
may cause root rot of older plants. Strains of 
Fusarium oxysporum parasitize xylem vessels (wa- 
ter-conduction tissue) of many plants causing des- 
iccation and resulting in severe losses. Examples 
are aster wilt, carnation wilt, and gladiolus yellows 
(wilt). This fungus is unique because it contains 
strains, or forms, which have specific and limited 
host ranges ; for example, the strain which attacks 
china aster cannot infect gladiolus. In contrast, 
V erticillium albo-atrum y a vascular wilt parasite es- 
pecially damaging to chrysanthemum, has a wide, 
nonspecific host range. See Moniliales; Mycelia 
Sterilia. 

Because cut flowers, such as carnation, snap- 
dragon, and gladiolus, must be free of blemishes, 
diseases of flower parts often result in heavy losses. 
Gray mold, caused by Rotrytis cinerea , is the most 
common disease of this type. Control is difficult be- 
cause the flowers have little inherent resistance; 
the fungus thrives in cool wet conditions, making 
application of fungicides difficult, and sometimes 
fungicides injure flowers and cannot be used. 

Viruses may kill plants or mottle or spot leaves 
and flowers (calla spotted wilt on leaves, sweet pea 
mosaic, tulip break) ; distort flowers (delphinium 
petals infected with aster yellows revert to sepal 
and leaflike shapes) ; curl, cup, or distort leaves 
(geranium leaf curl, curly top of petunia) ; or stunt 
plants (chrysanthemum stunt). 

Of increasing importance are physiological dis- 
eases caused by nonparasitic agents. Air-pollution 
injury resulting from smog and illuminating and in- 
dustrial gases, and salinity, nutritional, and cul- 
tural damage are examples of physiological dis- 
eases which often limit successful plant growth. 

Controls include obtaining and maintaining 
pathogen-free planting material; sterilizing soil, 
benches, pots, tools, and other equipment by steam 
or chemicals; observing strict sanitary precautions 
to keep the plants healthy; and applying fungi- 
cides and insecticides to control air-borne patho- 
gens. See Fungistat and fungicide; Herbicide. 

Diseases of ornamental shrubs. Many diseases 
of ornamental shrubs are restricted by the host en- 
vironment; for example, black spot of rose ( Diplo - 


carpon rosae ) is a serious disease except i n t h 
arid Southwest and California, and azalea fW* 
blight ( Ovulinia azaleae ) is most serious in regio^ 
of high humidity and high temperatures. 1)4 

Root-rotting organisms ( Rhizoctonia solani , Pk 
tophthora cinnamomi , and Armillaria mellea) 0 f i 
ten cause heavy losses. They also cause rots of r ut . 5 
tings, seedlings, and other propagative material 
Crown gall ( Agrobacterium tumefaciens) , a bacte- 
rial infection which produces root galls, is f re . 
quently encountered. 

Species of rusts and powdery mildews are gener- 
ally specific for individual hosts and are usually 
not capable of parasitizing other plants. Rust dis- 
eases are important because they not only affect 
ornamental plantings directly (rose rust), but aU 
indirectly, because several shrubs are alternate host 
plants for cereal rusts (buckthorn-oat rust, bar- 
berry-wheat stem rust). For this reason some orna- 
mental plants are prohibited in many cereal-pro- 
ducing areas. Other leaf-spotting diseases, such as 
black spot of rose, are quite troublesome and result 
in stunted and unsightly plants. 

Of the stem diseases, the canker-producinp 
fungi (rose and gardenia cankers, fire blight of 
cotoneaster and pyracanthus) are frequently im- 
portant. These infections result in death of plant 
parts at and beyond the point of infection. 

Flower blights of azalea ( Ovulinia azaleae) and 
camellia (Sclerotinia camelliar) are diseases which 
infect only flowers. The parasites exist between 
flowering periods as sclerotia (hard, resistant re 
productive bodies). Control is difficult, because the 
sclerotia are lodged in soil debris, and they are 
difficult to reach with fungicides. 

Virus diseases of shrubs are not generally con- 
sidered important and probably for this reason nor 
so much research has been done with them. How- 
ever, on roses several viruses have been described, 
and one is responsible for color break of flowers on 
some camellia varieties. 

Control of many diseases of perennial shrubb> 
plants depends upon maintenance of optimum 
growing conditions, good drainage and aeration, 
systematic fertilization, and correct applications 
of fungicides and insecticides. See Insect kiidk : 
Plant disease; Plant virus. [d.e.m i 

Ornithischia 

An extinct order of reptiles belonging to the sub- 
class Archosauria. The group includes those dino- 
saurs which had a birdlike pelvis and a predentan 
bone in the lower jaw. All ornithischian dinosaurs 

were plant-eaters. See Archosauria; Dinosaur. 

[J.T.G.1 

Ornithopter 

An aircraft whose wings beat like those of a bird» 
bat, or insect (see Flight). Models are recorde 
as early as 400 b.c. (Archytas), and for more than 
a century have been flown successfully, a* lllu9 
trated. 

Conditions for efficient flight. The for«» «J i 
quired to lift and propel heavier-than-air aircra , 




Representative flying models of ornithopter show the 
many possible variations. 


arr produced bv reaction. An upward or forward 
rt action occurs when streams of air are directed 
d"wn or to the rear by moving parts of the aircraft. 
These moving parts may be propellers, fans, or 
beating wings. The fans or propellers may be open 
a* in the conventional aircraft or helicopter, or en- 
rlosed as in a jet engine or ducted fan. 

The fundamental laws of physics show that a 
given reactive force will he produced with the least 
loss of energy when the mass flow of the fluid 
stream is large and its velocity small. Reactive 
force is proportional to the product of the fluid 
mass moved per unit of time and its acquired veloc- 
rt y- Energy is proportional to the product of mass 
and velocity squared, divided by two. Thus, for a 
friven energy loss, the force obtained is inversely 
proportional to the velocity of the stream. 

To the aircraft designer, this means that in low 
s peed and hovering, the least engine power will be 
Squired when the cross-sectional area of the air- 
^rcam is large. If an aircraft which fulfills this 
first condition can then also cruise so that its mov- 
ln £ propelling surfaces attain only a small velocity 
lri( -rement over the basic velocity of the aircraft 
an d are functionally stall-resistant, then the over- 
Performance of this aircraft for a given engine 
Power will be maximum. Among existing and pro- 
posed designs, only the ornithopter seems to meet 
requirements. There appears to be no aerody- 
na mic limit to the speed which it might attain. 
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Flight teats. An Italian model flown in the 
1930s weighed nearly 50 lb and was powered by a ; 
V&-horsepower (hp) air motor. About 1890 O. Li- 
lienthal demonstrated a static lift of more than 
70 lb/hr. Other tests show neither excessive power 
losses nor insurmountable structural problems in 
beating wings. 

Numerous ornithopter designs have been tried. 
Some have resembled birds with jointed, variable- 
area folding wings. Wings have had simple surfaces 
like the bat; feathers, slots, and valves have also 
been tried. Single-spar leading edge wings with 
trailing flexible membranes have been popular in 
models. Various forms of motive power and power 
transmission, including indirect vibratory excite- 
ment of an elastically tuned wing system, have 
been used. A number of full-scale research and de- 
velopment projects are now active. | j.l.g.f.] 

Bibliography: James L. G. Fitz Patrick, Natural 
Flight and Related Aeronautics , Sherman Fairchild 
Publ. Fund Paper FF-7, Institute of the Aero- 
nautical Sciences, 1952. 

Orogeny 

The process or processes of mountain formation, 
especially the intense deformation of rocks by fold- 
ing and faulting which, in many mountainous re- 
gions, has been accompanied by metamorphism, in- 
vasion of molten rock, and volcanic eruption. Inter- 
preted literally, the term orogeny includes both 
the structural deformation of rocks and the uplift 
that raised the mountains as a topographic form 
— two processes that have not always acted simul- 
taneously. As ordinarily used, however, orogeny sig- 
nifies the deformation of the rocks, whether this 
happened during or before the mountain uplift. 
Orogeny is sometimes used in contrast to epeirog- 
eny, the process of continent formation, a term sig- 
nifying the more widely extended but gentler dis- 
turbances of the earth’s crust by which broader 
features such as continents and ocean basins have 
risen or sunk. This distinction between the proc- 
esses that form mountains and those that move con- 
tinents up and down is useful for certain purposes; 
but it is probable that all the plains and lowlands 
of the continents today were at one time or another 
the sites of earlier mountain systems — mountains 
now worn down to their roots and buried beneath 
a cover of younger and relatively undisturbed sedi- 
mentary rocks. The continents may thus have grown 
to their present size by orogenic processes operat- 
ing now here, now there, throughout the long course 
of earth history. See Diastrophism. 

GENERAL RELATIONSHIPS 

Each mountain range has its own individual 
characteristics. Yet field studies by geologists have 
disclosed marked" similarities in the geometrical 
pattern of rock masses and in the deformationa] 
history of many of the great mountain systems of 
the earth. Not all the elements of pattern and 
history herein discussed are found in every moun- 
tain range, but each feature is exhibited in vary- 
ing degree in all larger mountain systems. 
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Distribution Of mountains. Mountain chains are 
greatly elongated and gently to sharply curving in 
plan. The Western Cordillera of North America, the 
Andes of South America, the Alpine-Himalayan sys- 
tem all extend along curving trends for approxi- 
mately 5000 miles before they finally pass out to 
sea. 

Many of the higher and geologically younger 
mountain systems lie along the margins of conti- 
nents. The Pacific Ocean is bordered by mountains 
— or by features characteristic of active mountain- 
making — almost entirely around its immense pe- 
riphery. Geologically older mountain systems, now 
worn down to more subdued relief by long-contin- 
ued stream erosion, border the Atlantic Ocean in 
North America and Europe. 

Geosynclines. Most of the great mountain sys- 
tems of the earth are located in long, narrow zones 
which sank and in which sedimentary rocks accu- 
mulated to great thicknesses before the mountains 
rose. These zones arc known as geosynclines, of 
which the Appalachian geosyncline of eastern North 
America is the type example. In many geosynclines 
the sedimentary rocks sandstone, mudstone, vol- 
canic debris, limestone, and dolomite -coarsen and 
thicken systematically from one side to the other, 
indicating that these basins of deposition lay along- 
side uplands or mountainous areas that were under- 
going stream erosion and were bordered on the op- 
posite side by broad regions of lowland or shallow 
sea. As new mountains grew on the upland side, 
the axis of maximum down-sinking migrated grad- 
ually toward the lowland side of these basins. The 
widespread coincidence of early geosync lines and 
later mountain systems shows that the earth’s crust 
has commonly warped slowly downward, to depths 
of 4. 6, or even 10 miles, before the stage of in- 
tense rock deformation that characterizes orogeny. 

Crumpling of surface rocks. One of the most 
striking features of nearly all mountains is the ex- 
tent to which the rocks exposed within them have 
been deformed bent into steep-sided folds, broken 
by great fractures or faults, and shoved out later- 
ally for many miles along nearly flat gliding sur- 
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faces known as overthrusts. It is as if the r *4 
yielding sometimes like a brittle solid, sometime 
like putty, had been crushed and squeezed bety,/' 
the jaws of an immense vise. If the folded and’ 
faulted strata could somehow be straightened < ♦ ; 
again into the nearly horizontal attitude they hud 
when first deposited, they would occupy a sp« in . : 
much wider than their present deformed width. 7V 
difference between this reconstructed original width 
and the present deformed width is common lv re 
ferred to as the amount of horizontal com prelim, 
or crustal shortening to which the rocks have l KTI , 
subjected. The full significance of this compression 
or crustal shortening in mountainous regions is one 
of the great puzzles in the history of the earth. 

The deformed rocks in mountainous areas exhibit 
not only tight folds and thrust faults, indicatin') 
such shortening, but also tensional faults and in- 
trusions of igneous rock, indicating extension. De- 
tailed weighing of the evidence shows that mam 
areas have undergone compression at one time and 
tension at another and that some mountain range* 
have rock structure that was apparently bring 
shortened at the same time that other rocks nearle 
were being extended. 

In many mountain systems the uppermost 1 .7 
miles of strata appear to have undergone nun h 
greater horizontal shortening than the basement 
rocks on which they rest. Thus it i» by no mean- 
certain that the shortening deduced bv rerorMrn-- 
tion of the original attitude of the strata tepresenl- 
a true shortening of any great thickness of the 
eartffs crust. 

The exact amount of horizontal shortening m 
extension that the structure of any given mountain 
system has undergone is difficult to estimate. Parth 
this is because the rocks in some regions have been 
greatly distorted by plastic deformation and furthei 
because, even in the most rugged mountainous ler 
rains, rock exposures are never complete in thi ee 
dimensions. In spile of these sources of uncertain!', 
there can be no question that in most mountain 
ranges the near-surface rocks have been great!' 
crumpled. Careful estimates by geologists who ha'^ 
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Fig. 1 . Structure section 
Mountains in Tennessee. Rock deformation largely 
confined to sedimentary rocks above the basement. 
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spent years in the study of a region indicate that 
man y of the younger mountain chains have under- 
gone a net shortening of structure, apparent or 
real of 50-100 miles or even more. It seems likely 
that the far more numerous older mountain systems, 
which are now eroded down to their roots and thus 
not accessible to similar detailed studies, have also 
un dergone comparable amounts of this shortening. 
The aggregate amount of apparent structural short- 
ening in all mountain systems, young and old, must 
lie very large. 

Rock metamorphism and igneous intrusion. In 

the central core areas of the more intensely de- 
Inrrocd mountains, the minerals of which the origi- 
nal sedimentary rocks were composed have been 
metamorphosed bv high temperatures and pressures 
and by hot solutions so that the rocks are now 
quartzite, slate, schist, gneiss, and marble. Exam- 
ples are found on the southeastern slope of the 
Appalachians; in the old Caledonian mountains of 
Scotland. Norway, and Sweden: in the southern 
Alps: and in the central Himalayas. 

fn the central core areas of other mountain sys- 
tem 1 '. great masses of molten rock, or magma, 
have risen from deep in the crust and invaded the 
deformed rocks, in some places greatly altering 
ilicir original texture and composition. In many 
places, these molten masses cooled underground 
and. having been uncovered by later stream ero- 
sion. are now represented bv extensive exposures 
of granitic and other igneous roeks. The great 
hatlioliths of the Sierra Nevada. Idaho, and British 
Columbia in North America and of the Andes in 
South America are examples. In other places, 
•lie magma broke through to the surface and formed 
\olcanoes or poured out in great lava fields — for 
example, the Cascade Range and the Columbia 
Hivei lava fields of northwestern United States and 
die great Deccan traps (plateau steps) of India. 

Island arcs. The above generalizations about 
mountains and mountain building are based upon 
relations observed on land. At a number of places 
young mountain belts pass seaward into arruate 
rows of islands — for example, from Honduras and 
Venezuela into the West Indian Islands. The facts 
and relationships regarding island arcs that can he 
observed at sea differ greatly from those regarding 
mountains that can he observed on land. Neverthe- 
less, the observable facts attest that much the same 
Processes of mountain building operate beneath the 

WH. 

The island arc's are commonly bordered on their 
oceanward or convex sides by troughs or trenches 
►hat extend to depths of 20,000 ft or more below 
sea level. Thus the festoons of islands are veritable 
fountain ranges that rise to great heights above 
the ocean floor. The bordering trenches are presum- 
a hly the oceanic counterparts of the sediment-filled 
geosynclines on land. 

On their landward or concave sides, many of the 
teland festoons are bordered by rows of active or 
recently active volcanoes. Great seismic activity 
characterizes many of the island arcs, with 
shallow- focus earthquakes located near the border- 
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ing trenches, intermediate-depth quakes centering 
somewhat to the landward side of the islands, and 
occasional deep- focus earthquakes (at depths of 
from 500 to 700 km) emanating from centers still 
farther landward. These earthquake foci thus fall 
into zones that slope landward beneath the islands, 
and these are interpreted by seismologists as shear 
zones along which great segments of the earth’s 
crust are slipping past each other. This volcanic 
and seismic activity is evidence that island arcs 
are belts of active deformation of the crust — pre- 
sumably orogenic processes operating today. 

A notable tectonic feature of island arcs is the 
long, narrow, curving zone of gravity anomalies dis- 
covered in the 1920s by the Dutch geodesist, F. A. 
Veiling Meinesz, in the East Indies and the West 
Indies. These zones in which the earth’s gravita- 
tional pull is much less than normal follow closely 
along the island arcs and bordering trenches, and 
they indicate a deficiency of rock mass (that is, a 
band of abnormally lightweight rocks) below. Such 
a hand of lighter rocks may he explained either by 
a tightly closed fold of moderately light crustal 
rocks buckled down into the heavier suhcrustal 
rocks below (a tectogene as it has been called) or 
by a thick prism of very lightweight unconsolidated 
sediment lying below or alongside the floor of the 
bordering trench. These two alternative explana- 
tions of the gravity anomalies imply quite different 
mechanisms by which the island arcs were formed. 

EXPLANATIONS OF OROGENY 

The empirical facts about mountains and island 
arcs raise many problems, and, as a result, a num- 
ber of possible explanations of mountain building 
have been proposed. 

Contraction. For nearly a century the hypothesis 
of a contracting earth stood essentially unchal- 
lenged as the simplest explanation of the wide- 
spread crumpling that the rooks near the earth’s 
surface have undergone. In its traditional form this 
hypothesis starts with an earth that was once mol- 
ten and has since cooled and shrunk so that its sur- 
face is now wrinkled like the skin of a dried apple. 

With increasing knowledge this classical expla- 
nation has encountered serious difficulties of a 
quantitative nature. The amount of heat-producing 
radioactive materials in many common rocks is now 
known to be so great that nearly all if not all the 
heat escaping from the earth must be of radioactive 
origin. Tt is no longer axiomatic, as it once seemed 
to he, that the earth is now and has always been 
cooling. 

Even if the presence of radioactively generated 
heat is ignored, other serious difficulties remain. 
For example, it may be assumed, as almost an out- 
side estimate, that since early in its history the 
earth has cooled by 500C° throughout its upper 250 
miles, with a volume contraction of 5 %. If the 
circumferential shortening of about 100 miles that 
would result has been transmitted half way around 
the earth and concentrated entirely in one zone of 
buckling, this contraction would account for the ob- 
served shortening in only one or two of the major 
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Fig. 2. Diagrammatic section through a mountain 
range, showing rocks crumpled and faulted by intru- 
sions of igneous rock and by sliding down flanks of 
uplift formed by thickening of crust. ( Modified after 
J. T. Wilson , An analysis of the pattern and possible 
cause of young mountain ranges and island arcs. 
Geo I. Assoc. Canada Proc., 3:155, 1950 ) 

mountain chains of today. The shortening in these 
younger mountain chains has taken place in less 
than 2% of the time that the earth is assumed to 
have been cooling. The additional shortening in 
other mountain chains-* -young and old -would thus 
remain entirely unaccounted for. Quantitative con- 
siderations of this kind show that the contraction of 
a cooling earth can account for only a small part of 
the observed shortening, apparent or real, to which 
the mountain systems of the earth have been sub- 
jected. 

Regional compression. Although contraction 
from world- wide cooling can scarcely be considered 
as more than a possible contributory factor in 
mountain-making, mountain belts may have been 
crumpled by regional rather than world-wide com- 
pression. The great batholiths of once-molten rock 
that form the cores of many mountain chains may 
conceivably have pushed aside the rocks they in- 
vaded and thus have caused steep folds and over- 
thrusts in near-surface rocks that lay nearby. How- 
ever, some intrusions appear not to have forced 
their way into the overlying rocks but to have en- 
tered permissively into spaces opened for them by 
processes that are not well understood. Further- 
more, much rock deformation, some of it very in- 
tense. occurs at great distances from any known 
igneous intrusions. 

Whether or not igneous intrusions have pushed 
aside and deformed rocks near the surface, the pos- 
sibility remains that redistribution of solid or mol- 
ten masses deeper in the crust or even below it may 
cause large-scale distortion and regional compres- 
sion of the surface rocks. In many seismically ac- 
tive areas, segments of the crust have moved lat- 
erally past one another’ for tens of miles or more 
along great breaks such as the San Andreas fault 
of California. Such movements demonstrate enor- 
mous shearing forces within the earth, but it is not 
clear how these deep-seated forces could cause the 
relatively shallow deformation of rocks that is char- 
acteristic of most mountain ranges. 

Continental drift. The hypothesis of continental 
drifting attracted much interest in the 1920s but, 
in its original form at least, it apparently has few 
adherents today. By this interpretation the conti- 


nents, floating like icebergs in a sea of heavier solid 
rock, were originally joined together as one; th e > 
have since broken up and drifted apart, crump]j ng 
up mountain ranges where they ploughed into the 
Pacific basin and leaving in their rear the Atlantic 
and Indian Oceans. The hypothesis was based upon 
anomalies in the past and present distribution of 
plant and animal species, upon extensive glaciation 
in the Southern Hemisphere 200,000,000 years ago 
and upon the shape of the continental masses that 
border the Atlantic Ocean. The concept of continen- 
tal drift stimulated constructive thinking and neu 
observation, but it raised more problems than it 
solved. It failed, for example, to account for the 
older mountain systems of the earth; and it de- 
pended upon physical forces which, when carefulh 
examined, were found to be inadequate. This In 
pothesis has recently shown some signs of revival, 
although in greatly modified form, to explain new 
observations on the position of the earth’s magnetic 
poles in the geologic past. 

Convection currents. The hypothesis that has at- 
tracted greatest attention in the past 25 years is 
that of convection currents in the deep interior oi 
the earth. The postulate is simply that. gi\en geo 
logic time, even solid rock will turn over comer- 
lively like a boiling liquid, if it is heated more rap 
idly at depth than it can cool by conduction. The 
hot rising current will spread outwafd at the top 
and drag the overlying crust along. Where two con- 
vection cells meet or where for any other reason 
the spreading current turns downward, the overb- 
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Fig. 3. Sections to illustrate mountain building by 
convection currents, (a) D. Griggs* hypothesis— down- 
buckling of continental crust due to convection > n 
earth's interior, (b) P. H. Kuenen's and H. H. Hew 
hypothesis— down-buckling of granitic layer \b\anki 
through basaltic layer (stippled) to impinge on perido 
tite shell of the deep interior. (From F. J, Turner an 
J. Verhoogen, Igneous and Metamorphic PetrologY' 
McGraw-Hill, 1951) 
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Pig. 4. Section through a lava flow, showing compres- 
sional and tensional features caused by gravitational 
sliding. ( From ft. A. Daly, Igneous Rocks and the 
Depths of the Earth , 2d ed., McGraw-Hill, 1933) 

ing crust buckles and mountain ranges form. Hy- 
potheses based on this concept bring into interest- 
ing relationship a wide range of observations: they 
account for the gravity anomalies along the island 
arcs as belts where the currents turn downward, 
and they are also accordant with other aspects of 
mountain structure and history. It is fair to add, 
however, that the central hypothesis encounters sev- 
eral difficulties and that it has not yet been tested 
adequately. No direct physical evidence of such cur- 
rents has thus far been found: and the long curving 
lines of mountain systems and island arcs scarcely 
-uggest the boundaries of convection cells. A labo- 
iious gathering of data on the rates of heat flow at 
manv places — data for a map of the supposed con- 
vection cells may be the only way the hypothesis 
can finally be evaluated. 

Gravitational sliding. The idea of downhill slid- 
ing to explain many features of mountain structure 
ha<. until recently, attracted more attention in Eu- 
lope than in America. In brief, the concept is that 
thick plates of rock, uplifted tectonically in a broad 
linear upwarp, have stretched or pulled apart under 
the force of gravity, moved slowly down-slope, and 
quead out laterally, somewhat like a lava flow or 
a giant landslide, across the adjacent lowland or 
gcosyncline. The tight folds and huge overthrusts 
characteristically associated with orogeny are thus 
attributed to secondary gravitational readjustments 
<m the flanks of a tectonic uplift. This uplift, the 
primary cause of orogeny, may owe its origin to 
arching from world-wide contraction or regional 
vninpression or to local thickening of the crust 
« aused by the rise of granitic magmas from deep in 
the earth’s interior (see Fig. 2). Under this hypoth- 
esis the observed effects of horizontal compression 
in a mountain range indicate not the amount of 
crustal shortening but merely the aggregate hori- 
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Fi 9* 5. Thrust sheets in the Swiss Alps that have been 
°ffributed to gravitational sliding. (From A. Heim , 
Geofogie der Schweiz, 1921 ; and L U. De Sitter , 
Structural Geology, McGraw-Hill, 1956) 


zontal distance of gravitational sliding. To a greater 
extent than is true of some of the alternative hy- 
potheses, the concept of gravitational sliding is sub- 
ject to quantitative testing because, with sufficient 
attention to observable details, it should be possible 
to find either the gaps where the rocks may have 
pulled apart or else evidence that the rocks were 
thinned sufficiently by stretching to account for 
the observed horizontal displacement. Few such 
careful tests have yet been made. 

Summary. No hypothesis to explain mountain- 
making accounts sufficiently for all the observed 
facts, and for this reason, none thus far proposed 
has received general acceptance. The underlying 
cause of orogeny remains one of the foremost prob- 
lems of the earth sciences. .Sec Tectonic patterns; 
Tectonophysics. [w.w.r.] 

Bibliography: E. B. Bailey, Tectonic Essays , 
Mainly Alpine , 1935; L. LI. De Sitter. Structural 
Geology , 1956; F. J. Turner and J. Verhoogen. 
Igneous and Melamorphic Petrology , 1951; J. H. F. 
Umbgrove, The Pulse of the Earth , 1947. 

Orpiment 

A mineral having composition As l »S :i and crystal- 
lizing in the monoclinic system. Crystals are small, 
tabular, and rarely distinct; the mineral occurs 
more commonly in foliated or columnar masses. 
There is one perfect cleavage yielding flexible 
folia which distinguishes it from other minerals 
similar in appearance. The hardness is 1.5-2 (Mohs 
scale) and the specific gravity is 3.49. The luster is 
resinous and pearly on the cleavage surface; the 
color is lemon yellow. Orpiment is associated with 
realgar and stibnite in veins of lead, silver, and 
gold ores. It is found in Rumania. Peru. Japan, and 
Russia. In the United States it occurs at Mercer, 
Utah; Manhattan. Nevada: and in deposits from 
geyser waters in Yellowstone National Park. See 
Arsenic; Realgar; Stibnite. fc.s.Hii.J 

Orthoclase 

A name for potassium feldspar (KAlSi :< 0&) that 
usually contains some sodium feldspar (up to 
about 50 mole % NrAISIsOm) either in solid solu- 
tion or exsolved as relatively pure NaAlSisOs. The 
latter can be present as albite or analbite or in 
structural states intermediate between albite and 
analbite. If exsolution is detectable, such material 
is called cryptoperthite, microperthite, or pecthite 
according to increasing size of the exsolved areas. 
The symmetry of orthoclase may be truly mono- 
clinic (sanidine) or can only appear to be mono- 
clinic (normal orthoclase) according to the Al/Si 
distribution within the AlSiaOg framework. See 
Feldspar; see also Albite; Perthite. [f.la.] 

Orthoester 

A trialky] derivative of a nonexistent orthoacid. 
RC(OH) 3 . with general formula RC(OR)a. 

The structure of orthocarbonates is CfOR)-*- 
Orthoesters are liquids with ethereal odors, stable 
to aqueous alkalies, but sensitive to acid hydroly- 
sis. By far the most* common and most important is 
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ethyl orthoformate, HCfCK^Hs):*, although ethyl 
orthoacetate and higher members are known. 

Orthoformate esters are manufactured by inter- 
action of chloroform with an excess of the requisite 
sodium alkoxide; thus, ethyl orthoformate results 
from the reaction of chloroform and sodium ethox- 
ide. Higher orthoesters are usually made by treat- 
ment of imidoester hydrochlorides (from nitriles, 
hydrogen chloride, and alcohol) with excess alco- 
hol. Orthocarbonates cannot be made from carbon 
tetrachloride; instead, chloropicrin, CC 1 :iN 0 2 , is 
heated with the requisite sodium alkoxide. 

Orthoformate esters are frequently used in syn- 
thetic organic chemistry, for example, in prepar- 
ing aldehydes from Grignard reagents (see Ghi- 
GNARD REACTION). 

RMgBr + HC(OQ.H b ) , 

CaHsOMgBr + RCH ( OC 2 H r > ) 2 

Then, 

RCH(OC 2 H*) 2 + HCl(dil-) 

RCHO + 2C a H r ,OH 


To make ketals from ketones, either an orthofor- 
mate or an orthocarbonate can be used. 


R 


\ 
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\ 
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\ 
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/ 
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/ 
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R 


Enol ethers of /?- keto esters are readily formed 
from ethyl orthoformate and the /?- keto ester, for 
example, ethyl / 3 -ethoxycrotonate, 

CHa — C=GH — COOC2H5 

l 

oc*h, 

from ethyl acetoacetate. See Ethyl aceto acetate. 

Ethyl orthocarbonate, C(OC 2 Hr>)o finds use in 
the preparation of higher orthoesters by reaction 
with Grignard reagents. See Ester. [e.b.r.] 


Orthogonal polynomials 

A special case of orthogonal functions that arise 
in many physical problems (often as the solutions 
of differential equations), in the study of distribu- 
tion functions, and in certain other situations where 
one approximates fairly general functions by poly- 
nomials. See Probability. 

Each set of orthogonal polynomials is defined 
with respect to a particular averaging procedure. 


The average value of a suitable function / j s <j e 
noted by E{f}. Examples are 


E\f I 


E\f)-\{l l f(x)dx (1) 

/' /(*)( 1-*)“(1 + x)'Az 

(a, 0 > _i) 

( 2 ) 

E\f\ = f(x)e~ z Ax (3) 

E\f\ = ( 2 ir)~ in /” f(x)e~ xl Ax (4, 


In general an averaging procedure has the form 

E\f\ * f” fix) dirix) 

T ^ O) 

a Stioltjcs integral, where a is a distribution function, 
that is, an increasing function with <r(-<®) = 0 and 
<t(4-oo) = 1 . In the above examples a has the form 

<t(x) * b~ x f x oj(y) dy where o> is a nonnegative 
weight function and b = j c o(y) dy. Consideration 
will be given only to averaging procedures for which 
all the moments /i„ = P|jt- n ) = f x n da(x) exist 

j- in 

and for which E||P|} > 0 for every polynomial P. 

Orthogonal functions. Two functions / and g are 
said to he orthogonal with respect to a given aver- 
aging procedure if E{fg} = 0 where #the bar dr 
notes complex conjugation. By the system of 
orthogonal polynomials associated with the averag- 
ing procedure is meant a sequence Pn, P i, P 2 . • ■ • 
of polynomials P„ having exact degree n, which are 
mutually orthogonal, that is, E{P m P„) = 0 for 
rn 7^ n. This last condition is equivalent to the state 
merit that each P n is orthogonal to all polynomial- 
of degree less than n. Thus P n has the form 
P n (x) = do + a^x H- a-ix- *+ * • ‘ -f a„x” where 
a n t 4 0 and is subject to the n conditions E{x k P n) r * 
0 for k ~ 0, 1, . . . , n — 1 . This gives n linear 
equations in the n -j- 1 coefficients of P n , leaving 
one more condition, called a normalization, to be 
imposed. The method of normalization differs in 
different references. Orthogonal polynomials aris- 
ing from the average of the form ( 1 ). Legendre 
polynomials, satisfy Legendre’s differential erjea- 
tion. With the normalization P„(l) = 1 the first 
few Legendre polynomials are Po (x) = l./M*) - 
x, P-Ax) = - %, PAx) = %X*-%X. The 

average in Eq. (1) is the special case of Eq. ( 2 1 
with « = P = 0; the orthogonal polynomials cor- 
responding to averages of the form (2) are called 
Jacobi polynomials; those associated with (3),La- 
guerre polynomials; with ( 4 ), Hermite polyno- 
mials. 

The proper setting for the study of expansion* 
in terms of orthogonal polynomials is the Hilbert 
space H of functions / such that E{\f \ 2 } ex ^ 
and is finite. The inner product is (f 9 g) = Exfgf- 
In analogy with the procedure for Fourier serie* 
one edit write down a formal expansion 


f(x) ~ £ C n P n (x ) 

flB-0 


( 5 ) 
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where the coefficients are given by the formula 

c„-£ , |/P„|/£||P n | 2 } (6) 

The /Vth partial sum of the series (5), 

N 

Sn{x) = £ fnPnix) 

0 

has the property that among all polynomials p of de- 
cree not exceeding N, the minimum of the quadratic 
deviation E[\f — p| 2 ) is achieved uniquely by p = sn. 
If the only function / in H with the property that 
= 0 for every k is the zero function, one says 
that the polynomials are "complete” in H. In this 
cjifip the coefficients in (6) uniquely determine the 
(unction /, and the properties of the series (5) are 
.juitc analogous to the properties of Fourier series of 
functions in L' 1 (see Fourier series and integrals). 
The polynomials are always complete when the aver- 
se is taken over a finite interval, but in general some 
extra assumption is required. The divergence of the 
5»*rics ^p> 2 n ],2n is a sufficient condition for the 
(ompleteriess of the polynomials. (It is fulfilled in 
each of the examples cited.) 

The orthogonality property entails certain algebraic 
properties for the polynomials. For example, the zeros 
•>f P ri are all distinct, they lie in the interior of the 
interval over which the average is taken, and they 
>eparate the zeros of P n |. l^*t . . . , .V n (w) 

he the zeros of P ri . One can find constants b i ( "\ . . . , 
k' nl such that Q n 1 1 | = 1, Q n { Pk | = 0 for 0 < k < n, 

where Q n \f\ = &/ w) /( A*/"'). In the case of an 

j — 1 

average over a finite interval, lim Qn\f\ — E\f | for 

•M-ry continuous f. This is of interest in approximate 
integration, because the integral E\f\ is approximated 
by an expression Q n \f\ which depends only on the 
values of f at n points and, what is remarkable, 
) = E\f\ whenever f is a polynomial of degree 
= — 1 whereas one would ordinarily expect an n- 

point approximation to be exact only for polynomials 
of degree ^/i. 

Ultraspherical polynomials. There exists a the- 
ory of orthogonal polynomials in several variables. 
The most important applications involve averages 
over spheres in m dimensions. Complete sets of 
orthogonal polynomials may be chosen among the 
homogeneous, harmonic polynomials. A polynomial 

'’U, *,„) is homogeneous of degree n if 

. . . , \x, n ) = \ n P(x r m ) for each 

*t is harmonic if it satisfies Laplace’s differ- 
ential equation. Let P be such a polynomial with the 
Property that P( 1, 0, . . . , 0) 0. Consider 

. . . , yrr^i) as a polynomial in the m — T 
Enables y 1% . . . , y rN l and take the average over 
a sphere centered at the origin in m — 1 dimen- 
^°ns. The result is a polynomial /*,,(#) of degree 
n ; "The orthogonality over the sphere in m dimen- 
M ° ns translates itself into orthogonality on the in- 
terval |—1,1] with the weight function o>(*) * 
(1 - * 2 ) fn-m /2 For fi xec | mr the polynomials ob- 
fained this way are the ultraspherical polynomi- 
special cases of the Jacobi polynomials with 


a = j3 * (m — 3)/2. Where m « 3 corresponds to 
3-dimensional space, these are Legendre polyno- 
mials. See Differential equation; Geometry, 
Riemannian; Laplace’s differential equation; 
Polynomial systems of equations. [c.s.h.J 

Bibliography : J. A. Shohat and J. D. Tamarkin, 
The Problem of Moments , Math. Survs. 1, 1943; 
G. Szegd, Orthogonal Polynomials , A.M.S. Colloqu. 
Publ. 23, 1939. 

Orthonectida 

An order of Mesozoa. The orthonectids parasitize 
various marine invertebrates as multinucleate plas- 
modia, sometimes causing considerable damage 
to the host. The plasmodia multiply by fragmenta- 
tion. Eventually they give rise asexual ly, by poly- 
em bryony, to sexual males and females. Commonly 
only one sex arises from a given plasmodium. 

These sexually mature forms escape as minute 
ciliated organisms. Structurally, they are composed 
of a single layer of ciliated epithelial cells sur- 
rounding an inner mass of sex cells. The ciliated 
t'ells are disposed in rings around the body. Those 
at the anterior end form the anterior cone, on which 
the cilia are directed forward, while on the rest of 
the body they point backward. Males are smaller 
than the corresponding females. A few species, 
however, are hermaphroditic. 



Orthonectids. (a) Typical orthonectid, Rhopalura ophio- 
comae, male discharging sperm near the genital pore 
of the female, (b) R. metschnikovi, female, germ cells 
oriented in a double row. (c) Sfoechartrum giardia, 
anterior end. (d) 5. giardia , part of trunk showing egg 
cells in single linear series, one to each apparent seg- 
ment. In one of the segments a testis has developed. 

After insemination, the eggs develop in the fe- 
male and form ciliated larvae. When liberated, 
these larvae invade new individuals of their host 
and then disaggregate, liberating germinal cells 
which give rise to new plasmodia. See Mesozoa; 
see also Reproduction, animal. [b.h.m.] 
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Orthoptera 

An order of generalized pterygote, winged insects, 
characterized by gradual metamorphosis, chewing 
mouthparts, and two pairs of wings. The front 
wings are thickened and leathery while the second 
pair are thin, membranous, and folded fanwise 
beneath the first. Many forms have reduced wings, 
and in others the wings are entirely absent. Most 
Orthoptera are plant-eaters. Although some may 
inhabit marshy areas, none is aquatic in the true 
sense. 

Orthoptera are among the noisiest of insects, 
possessing both well-developed sound-producing 
and sound-perceiving organs. The Locustidae pro- 
duce sound by rubbing a series of tiny pegs on the 
inner faces of the femora against the outer wings. 
The auditory organs are on either side of the base 
of the abdomen. In most of the remaining Orthop- 
tera sound is produced by rapidly rubbing the 
wings together, and the auditory organs are located 
at the bases of the front tibiae. 

Habitats of the Orthoptera are variable. Repre- 
sentatives of most families are found on the surface 
of the ground. However, the Grylloblattidae occur 
under stones or in loose soil, the Tridactilidae in 
sand or mud, and the Mantidae in grasses or 
herbaceous cover. Members of these families are 
not of great economic importance; families which 
cause considerable economic damage to man are 
given in the table. 

FAMILIES OF ORTHOPTERA 

The number of families included in this order 
varies because the species differ so in shape and 
form. Thus, several families have been given ordi- 
nal status by some authorities. 

Phasmidae. The walkingsticks and leaf insects 
are examples of this family. Many are remarkable 
mimics of dead twigs, being long, slender, wing- 
less, and brownish in color. Occasionally they be- 
come so abundant that they defoliate trees. Some 
tropical forms are winged, the wings bearing a 
striking resemblance to leaves. 

Blattidae. This family includes the cockroaches 
and are flattened insects with a large, scalelike 
pronotum which overhangs the head. Some cock- 
roaches are wingless, but most of them are winged. 
A few species live in human dwellings and are 
among the most abundant and persistent of house- 
hold pests. Several eggs are usually laid in a cap- 
sule, but some species are ovoviviparous, the eggs 
hatching within the body of the female. 

Mantidae. This family includes the praying 
mantids, characterized by a long, slender prothorax 
bearing a pair of large grasping legs, and a freely 
moving head with large eyes. Mantids are preda- 
ceous, clutching the prey with the large forelegs 
and bringing it to the mouth. Eggs are laid in 
masses called oothecae, which are attached to 
twigs. 

Grylloblattidae. A single genus, Grylloblatta , 
constitutes this family. They are found beneath 


Habitats of soma Orthoptera of economic Important* 

Family habitaU and d 
by species 


Name 

Locustidae 

Red-legged grasshopper, 
Melanoplua femur - 
rubrum 

Migratory grasshopper, 
Melanoplua rnexicanua 

High plains grasshopper, 
Dissoateira long i perm is 

Clear-winged grass- 
hopper, Carnnula 
pellucida 

Tettigoniidae 


Mormon cricket, 
Anabrus simplex 

Gryllidae 


Field cricket, 

A chela assimilis 


Snowy Irec cricket, 
Oecanthus niveus 

Gryllotalpidae 
Northern mole cricket,, 
Gryllflalpa hexadactyla 

Phasmidae 
Walkings tick, 

Diapheromera femorata 
Blattidae 

German cockroach, 
Blatlella germanica 


Oriental cockroach, 
Blatta orienlatis 
American cockroach, 
Periplaneta americana 
Brown-banded roach, 
Supella supellectilium 


Live in grasses, herbaceous 
cover, or trees 
North America: feeds on 
grasses and many cultivate 
crops 

N.A.; feeds on grasses and 
many cultivated crops 
N.A.; destroys range in high 
plains just east of llockv 
Mts. 

N.A.; most abundant, in 
Northwest at higher eleva- 
tions; destroys range and 
cultivated crops 
Live in caves, under stones, in 
loose soil, grasses, herba- 
ceous cover, or trees 
N.A.; most abundant north 
and west of Utah und Colo- 
rado into Canada; attacks 
most field and garden crops 
Live under stones, ir. logs, ant 
nests, grasses, herbaceous 
cover, trees, or human dwell- 
ings 

North and South America; 
may attack most crops; at 
times it enlers houses when 1 
it may eat holes in cloth or 
paper 

N.A.; weaken tgigs and chijch 
of various fruits by egg lay- 
ing in the tissues 
Live in sund or mud 
N.A.; disturbs seedlings and 
eats their roots in moist light 
soils 

Live in trees 

N.A.; may tiecome sufficiently 
abundant to defoliate, trees 
Live under stones, in logs, or 
in human dwellings 
Cosmopolitan; live in human 
dwellings where they feed on 
various food products, paper 
book bindings, etc., und con- 
taminate food 

Cosmopolitan; damage similar 
to B. germanica 
Cosmopolitan ; damage similar 
to B. germanica 
A more recently introduced 
species; damage similar to 
that of other roaches but 
habits differ — it prefers up- 
per part of house to damp 
basement and water pipes 


rocks and in similar situations in mountains of 
western North America and Japan. Grylloblattids 
are slender, wingless, about an inch in length, and 
as in the preceding families, have hindlegs not 
developed for jumping. They are strongly cold- 
adapted, G. campodeiformis seeking a temperature 
of approximately 4°C when given a choice. The) 
are found at the ground surface in the autumn and 
sometimes in the spring. During the summer they 
apparently descend into the soil or rock slides. 

Locustidae. The true grasshoppers and the ® 1- 
gratory locusts are members of this family- * hc 
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Examples of Orthoptera. (a) A walkingstick, Diaphero - 
mera femorata. ( b ) A cockroach, Blatta orientals, (c) A 
praying mantid, Siagomantis Carolina . (d) A grasshop- 
per, Melanoplus mexicanus. (e) A meadow grasshop- 


per, Microcentrum rhombifolium. (0 A grass cricket, 
Nemobius fasciatus. ( g ) A mole cricket, Gryllotalpa 
hexadactyla. (From Illinois Natural History SurveyJ 


antennae are usually less than half of the length 
of the body. The hindlegs are adapted for jumping, 
and the ovipositor is a multipartite structure with 
which the female works her abdomen into the 
ground. The female gradually withdraws it as she 
lays eggs in a subterranean “pod.” To this group 
belong the majority of crop-destroying Orthoptera. 
fft North America the most injurious species be- 
long to the genus Melanoplus* In Africa and Asia 
devastating species belong to the genus Schisto - 


cerca . Some of these species migrate long dis- 
tances. 

Tetrigidae. These arc tiny grasshoppers, called 
grouse locusts or pygmy grasshoppers, which super- 
ficially resemble the Locustidae. The front wings, 
however, are reduced to small scalelike structures, 
and the pronotum extends backward over the whole 
body. 

TettigOlliidae. This family consists of the long- 
horn or green grasshoppers. The antennae are usu- 
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ally as long as or longer than the body, and most of 
the common species are green in color. The hind- 
legs are fitted for jumping; the ovipositor is elon- 
gate and vertically Battened. While most of the Lo- 
custidae are diurnal, most of the Tettigoniidae are 
active at night. To this group belong the katydids, 
meadow grasshoppers, cave or camel crickets, and 
the Mormon cricket. This latter species, which oc- 
curs in the Rocky Mountain area, is occasionally 
very destructive to crops. 

Gryllidae. The true crickets, with which most 
people are familiar, belong to this family. These are 
usually rather chunky, dark-colored insects with 
long antennae and long cylindrical ovipositors. 
Field crickets of the genus Acheta are common in 
many habitats and may enter houses. Eggs are laid 
singly in the soil. Tree crickets of the genus 
Oecanlhus live above the ground. They depart from 
the darker coloration of many of their relatives and 
are usually pale green. With their cylindrical 
ovipositors they pierce the stems of bushes or trees, 
where their eggs are laid. 

Gryllotalpidae. The mole crickets, insects highly 
specialized for fossorial existence, are in this fam- 
ily. They burrow just beneath the soil, pushing up 
long ridges as do moles. 

Tridactylidae. These are the pigmy mole crick- 
ets, which have similar habits, but they are about a 
fifth the length of the Gryllotalpidae, and usually 
are found in moist soil near water. | ti.u.Mi.] 

Orthoquartzite 

A rock (also known as quartzose sandstone) com- 
posed almost entirely of detrital quartz grains; it 
is generally considered that over 95% of the detri- 
tal grains must he quartz for it to fall in this group. 
Orthoquartzite is a sedimentary rock distinct from 
metamorphic quartzite (metaquartzite, a metamor- 
phic rock formed at high temperature or pressure). 

Mineral composition. Any clay that is present 
in orthoquartzites is insignificant in amount. Feld- 
spar is either absent or present in very small 
amounts. Other unstable mineral grains are not 
common. The minor accessory minerals are only 
the most stable ones, zircon and tourmaline. The 
texture of orthoquartzites, aside from the lack of 
clay matrix, tends to be distinctive. Typically, the 
grains are extremely well rounded and tend to have 
high sphericity as well. The sorting of the various 
sizes is very good. Some of the best sorted sands 
that have been described belong in this category. 
Any rock fragments are almost invariably chert. 

The orthoquartzites are dominantly cross- bedded, 
either of windblown or subaqueous type, and ripple- 
marked. Many orthoquartzite beds are massive, 
that is, without many bedding planes. The local 
variation in mineral composition and texture later- 
ally (along beds) and vertically (from bed to bed) 
is small. Regionally, orthoquartzite formations tend 
to be homogeneous, showing only small changes in 
heavy mineral suites that may be due to contribu- 
tions from different source areas. 

Mineral cements. The particles of orthoquartz- 
ites are bound together by precipitated mineral 


cements. The most abundant mineral cement b 
quartz. Normally quartz cement occurs as second- 
ary overgrowths on detrital grains, the overgrowth 
being deposited as a single crystal, optically con- 
tinuous with the detrital grain crystal. The over- 
growths may show euhedral crystal faces if thev 
have grown into open pore spaces. Those sandstones 
that are so completely cemented by secondary 
quartz that practically no pores remain sho W 
boundaries between adjacent overgrowths that are 
irregular as the result of interference during crystal 
growth. In some orthoquartzites the silica cement is 
chert or opal. Not all orthoquartzites are well 
cemented; many are friable and almost unindu- 
rated. 

Carbonate minerals are important as cementing 
agents in orthoquartzites. Calcite and dolomite are 
most abundant hut siderite, iron-rich dolomite, and 
aragonite may also he present. Carbonate cement 
frequently has replaced some detrital quartz; that 
is, some of the original detrital quartz has been 
dissolved and carbonate precipitated in its place. 
In some orthoquartzites the carbonate cement i- so 
abundant that quartz grains do not touch each other 
and appear to float in the mineral cement. This ma\ 
happen as a result of extensive replacement o! 
detrital quartz or as a result of original sedimenta- 
tion conditions under which a mix tine of quart/ 
grains and carbonate grains settled together, the 
carbonate grains later having lost their identity In 
recrystallization. 

Occurrence. Typically, orthoquartzites are as- 
sociated with fossiliferous limestone and calcareous 
shale beds. Orthoquartzites are most abundant in 
thin sedimentary sections, primarily in the interior 
of continents, but may also he found as the enrlv 
deposits in some geosync lines. They range in age 
from Precamhrian to Tertiary but appear to he 
more abundant in the Precamhrian and Paleozoic 
than in the Mesozoic and Tertiary. 

Origin. The chief inference from the minerulogi- 
cal composition (all quartz) and texture (well- 
sorted, well-rounded) is that the orthoquartzite 6 
represent material that has been subjected to a 
great deal of chemical weathering at the source 
and to abrasion and sorting during transportation 
and deposition. One way by which material of thh 
composition and texture can be produced is by the 
slow erosion of a low-lying, tectonically stable 
source area. Under these conditions chemical 
weathering lias had sufficient time to eliminate all 
unstable minerals, and extensive abrasion and sort- 
ing by shoreline processes would give a well-sorted, 
well-rounded sandstone. A second way in which 
orthoquartzites can be produced is by repeated re- 
working of older sediments. As the sandstones (5° 
through several cycles of erosion, transportation, 
and deposition, they become progressively better 
sorted, and most unstable minerals are lost. Second- 
cycle quartz grains, grains that show abraded sec- 
ondary quartz overgrowths, are evidence of deriva- 
tion from preexisting sediments. See Akkose, 
Graywacke; Sandstone; Sedimentary R° cK5 ^ 

SuBGRAYWACKE. 
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Orthorhombic pyroxene 

The general name for the solid solution series be- 
tween the end members enstatite, MgSiOa, and fer- 
rosilite, FeSiOa, also known as orthopyroxene or 
enstenite. The term hypersthene is often used to 
indicate the intermediate compositions. Oriented 
inclusions occasionally produce a bronze luster in 
the crystals; the mineral is then called bronzite. 
The orthorhombic pyroxenes form prismatic crys- 
tals that are green, gray-green, brown, or black in 
color, with the 87° pyroxene (110) cleavages. Thin 
sections of the mineral are often colorless or may 
show a weak pleochroism (color change on rota- 
tion in plane polarized light). The parallel extinc- 
tion distinguishes the mineral from the monoclinir 
pyroxenes. Oriented inclusions and exsolution la- 
mellae of diopsidic or augitic materials are usually 
piesent. See Pyroxene; see also Diopside; Ensta- 
tite; PlCEONITE. [G.W.D.] 

Osage-orange 

\ genus, Maclura , of the mulberry family, with one 
species, M. pomifera. This tree may attain a height 
of 60 ft and has yellowish bark, milky sap, simple 
entire leaves, strong axillary thorns, and aggregate 
green fruit about the size and shape of an orange. 
It is planted for hedges and as an ornamental, es- 



Osage-orange, Madura pomifera . (A. H. Graves , Illus- 
trated Guide to Trees and Shrubs, Harper, 1956 ) 

Pecially in the eastern United States where it is 
naturalized. The wood is used for fence posts and 
fuel and as a source of a yellow dye. It has also 
been used for archery bows, hence one of its com- 
mon names, bow-wood. See Forest and forestry; 
Tree; Urticales. [a.h.g.] 

Oscillation 

Any effect that varies In a back-and-forth or recip- 
Seating manner. Examples of oscillation include 
Ae variations of pressure in a sound wave and the 


fluctuations in a mathematical function whose value 
repeatedly alternates above and below some mean 
value. 

The term oscillation is for most purposes syn- 
onymous with vibration, although the latter some- 
times implies primarily a mechanical motion. A 
device designed to reduce a person’s weight by 
shaking him is likely to be called a vibrator, 
whereas an electronic device that produces an elec- 
tric current which reverses its direction periodically 
is usually called an oscillator. The alternating cur- 
rent and the associated electric and magnetic fields 
are referred to as electric (or electromagnetic) os- 
cillations. 

If a system is set into oscillation by some initial 
disturbance and then left alone, the effect is called 
a free oscillation. A forced oscillation is one in 
which the oscillation is in response to a steadily 
applied periodic disturbance. 

Any oscillation that continually decreases in am- 
plitude, usually because the oscillating system is 
sending out energy, is spoken of as a damped oscil- 
lation. An oscillation that maintains tf steady am- 
plitude, usually because of an outside source of 
energy, is undamped. See Anharmonic oscilla- 
tor; Damping; Forced oscillation; Harmonic 
oscillator; Mechanical vibration; Oscillator; 
Vibration. TJ-m.ke.I 

Oscillator 

An electronic circuit that converts energy from a 
direct-current source into a periodically varying 
electrical output. If the output voltage is a sine- 
wave function of time, the generator is called a 
sinusoidal, or harmonic, oscillator. Only sinusoidal 
oscillators are discussed in this article. If the out- 
put waveform contains abrupt changes in voltage, 
such as occur in a pulse or square wave, the device 
is called a relaxation oscillator. See Relaxation 
oscillator; Wave-shaping circuits. 

Basic principles. The fundamental laws govern- 
ing sinusoidal oscillators are the same for all oscil- 
lator circuits. These basic concepts are illustrated 
in Fig. 1. The amplifier provides an output voltage 
e n as a consequence of an external input signal volt- 
age e The voltage e 0 is applied to a circuit called 
a feedback network whose output is e/. If the feed- 
back voltage ef were made identically equal to the 
input voltage e 9 , and if the external input were dis- 
connected and the feedback voltage connected to 
the amplifier input terminals 1 and 2, the amplifier 
would continue to provide the same output voltage 
e„ as before. This requires that the instantaneous 
values of e / and e t be exactly equal at all times. 
Since no restriction was made on the waveform, it 
need not be sinusoidal. 

If the entire circuit operates linearly and the 
amplifier or feedback network or both contain re- 
active elements, the only periodic wave that will 
preserve its form is the sinusoidal waveform, and 
such a circuit will be a sinusoidal oscillator. For 
sinusoidal oscillators the condition where e« equals 
e f requires that amplitude, phase, and frequency 
of e, and e/ be identical. The phase shift intro- 
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Fig. 1. An amplifier and feedback network not yet 
connected to form a closed loop. 


duced in a signal while being transmitted through 
a reactive network is invariably a function of the 
frequency, and there is usually only one frequency 
at which e t and e H are in phase. Therefore, a sinu- 
soidal oscillator operates at the frequency for 
which the total phase shift of the amplifier and 
feedback network is precisely zero ( or an integral 
multiple of 2tt) . The frequency of a sinusoidal os- 
cillator, provided the circuit oscillates at all, is 
therefore determined by the condition that the loop 
phase shift is zero. 

Another condition, which must clearly be met if 
the oscillator is to function, is that the magnitude 
of e K and <?/ must be identical. If the amplifier has 
a voltage amplification, or gain, A then e n equals 
Ae H . The fraction of the voltage e„ applied to the 
feedback network is called the feedback factor /?. 
Therefore, 

e/ = fie,, and e/ = [$Ae a 

If ef is to equal c Hy then f3A must equal 1. f3 A is 
called the loop gain. 

An oscillator will not function if, at the oscillator 
frequency, the magnitude of the product of the 
gain of the amplifier and the feedback factor of 
the feedback network is less than unity. The condi- 
tion of unity loop gain (f3A = 1) is called the 
Barkhausen criterion . 

Referring again to Fig. 1, if /3A at the oscilla- 
tor frequency is precisely unity and the feedback 
voltage is connected to the input terminals, the 
circuit will operate with the external generator re- 
moved. If (3 A is less than unity, the removal of the 
external generator will immediately result in a 
cessation of oscillations. If (3 A is greater than 
unity, 1 volt appearing initially at the input 
terminals will, after a trip around the loop appear 
at the input as a voltage larger than 1 volt. After 
another trip around the loop this larger voltage 
will be still larger, and so on. It seems, then, that 
if /3A is larger than unity, the amplitude of the 
oscillations will continue to increase without limit. 
Of course, such increases in the amplitude can con- 
tinue only as long as it is not limited by non- 
linearity of operation in the active devices associ- 
ated with the amplifier. Such a nonlinearity be- 
comes more marked as the amplitude of oscillations 
increases. This onset of nonlinearity to limit the 
amplitude of oscillations is an essential feature of 
the operation of all practical oscillators, because 
all oscillators operate with (3A greater than one. 
The condition that f3 A equal 1 imposes a single and 


precise condition of operation, which is not practi 
cal in electronic design. Even if the circuit were 
initially designed to satisfy this condition, it could 
not be maintained because circuit components 
(especially vacuum tubes and transistors) change 
characteristics (drift) with age, temperature, and 
voltage. Therefore, if the oscillator is left to itself 
in a short time (3A will become either less than or 
larger than unity. An oscillator in which the loop 
gain is exactly unity is an abstraction that is com- 
pletely unrealizable in practice. A practical oscil- 
lator always has a /3A somewhat larger than unity 
(say 5% ) to ensure that, with incidental variations 
in transistor, tube, and circuit parameters, ftA docs 
not fall below unity., 

Phase-shift oscillator. The phase-shift oscillator. 
Fig. 2, exemplifies the principles set forth above. 
An amplifier of conventional design is followed h\ 
three cascaded arrangements of a capacitor C and 
a resistor R , the output of the last RC combination 
being returned to the grid. The phase of the signul 
is shifted 180° by the amplifier, and the network ot 
resistors and capacitors shifts the phase by an ad 
ditional amount. At some frequency the phase shift 
introduced by the RC network is precisely 180 c . 
and the total phase shift around the circuit is ex- 
actly zero. At this particular frequency the circuit 
will oscillate, provided that the magnitude of the 
amplification is sufficiently large. 

The phase shift for the RC network is 180° when 

/ = 1/(2ttRCV6) 

/ 

At this frequency of oscillation (3 equals — (1/29). 
For (3 A to he greater than unity. A must b< at 
least 29. The oscillator then cannot he made t<> 
work with a tube like the 12AIJ7 (p, = 20 K It *ill 
work with a 12AX7 (p. = 100). The tube employed 
is often a pentode like a 6AC7 or 6AU6. 

The phase-shift oscillator is particularly suited 
to frequencies from several cycles (per second) to 
several hundred thousand cycles and so include?' 
the range of audio frequencies. At frequencies in 
the range of megacycles it has no marked advan- 
tage over circuits employing a tuned LC network. 


Em 



Fig. 2. An RC phase-shift oscillator. 
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In fact, at the higher frequencies, the impedance of 
the phase-shifting network may become quite 
gin alb and the loading of the amplifier by the 
phase-shifting network may become serious. On 
the other hand, if R and C are made large, but still 
we ll within the range of commercially available 
values, frequencies of one or two cycles are easily 
attained. Inductors suitable for use in LC tuned 
oscillators for this frequency range are often im- 
practical. 



Fig. 3. A tuned-plate oscillator. 

The frequency of the oscillator may he varied by 
changing the value of any of the impedance ele- 
ments in the phase-shifting network. But if cir- 
cuit components are varied without dist rimination, 
the impedance looking into the phase-shifting net- 
work and the magnitude of the transfer function 
will change, and there is the possibility that pA 
will fall below unity and the circuit will stop oscil- 
lating. On the other hand, if PA should continue 
to increase beyond unity, the excursion of tube 
voltages must be farther into the range of nonlinear 
operation to limit the amplitude of oscillation ; as a 
result, the amplitude must increase. Hence, a 
change in frequency occasioned by an arbitrary 
variation of circuit parameters will usually affect 
tlie amplitude. For small variations of frequency a 
variation of any single circuit component is quite 
feasible. But for variations of frequency over a 
large range the three capacitors must be varied 
simultaneously. Such a variation will keep the in- 
put impedance to the phase-shifting network con- 
stant and keep constant also the magnitude of A 
variation of all three resistors simultaneously will 
keep P constant, but the impedance will vary. Such 
a variation of the impedance will vary A and con- 
sequently PA. The attenuation of the phase-shift- 
ing network can be reduced by using more than 
three sections in the phase-shifting network or by 
removing the restrictions that all the capacitors be 
equal and that all the resistors be equal, but each 
®f these methods complicates the matter of obtain- 
ing variable frequency operation. 


The phase-shift oscillator is usually operated in 
Class A to keep distortion to a minimum (see Am- 
plifier). Self-bias is obtained from the cathode 
Rk — Ck combination in Fig. 2. See Bias (elec- 
tron tube). 

Resonant-circuit oscillators. Figure 3 shows the 
tuned-plate oscillator, in which a resonant circuit 
is used to determine the frequency. In Fig. 3 r rep- 
resents a resistance in series with the plate wind- 
ing (of inductance L) to account for the losses in 
the transformer. If these losses are negligible so 
that r can be neglected, then at the frequency 
o) = 1/V7,C the impedance of the resonant circuit 
is arbitrarily large and purely resistive. See Reso- 
nance (alternating-current circuits). The volt- 
age drop across the inductor from plate to ground 
is precisely 180° out of phase with the applied in- 
put voltage to the vacuum tube. If the secondary 
winding of the transformer is connected to intro- 
duce an additional phase shift of 180° (it is as- 
sumed that the secondary is not loaded), the total 
loop phase shift is exactly zero. At this frequency, 
then, the phase-shift condition for oscillation will 
have been satisfied. Since the transformer is con- 
sidered to he unloaded, the ratio of the amplitude 
of the secondary to the primary voltage is M/L s 
where M is the mutual inductance. Since A = fi 
for an amplifier with an infinite load impedance 
(the resonant condition), pA equals 1 if L/M is 
made equal to /j.. 

The above considerations emphasize that the 
criteria stated with respect to the loop phase shift 
and the loop gain are the conditions which charac- 
terize the operation of the circuit. In particular, 
the frequency of oscillation is in the neighborhood 
of, but in no way simply related to, the frequency 
of a “natural” oscillation that might he excited in 
the resonant circuit. Neither is there any a priori 
connection between the oscillation frequency and 
the steady-state resonance frequency. The fre- 
quency of oscillation is determined solely by the 
consideration that the loop phase shift he zero. 

The bias for a resonant-circuit oscillator is ob- 
tained from an R 9 C g parallel combination in 
series with the grid, as in Fig. 3. The grid and 
cathode of the tube act as a rectifier, and if the 
R g C„ time constant is large compared with one 
cycle, the grid-leak capacitor will charge up es- 
sentially to the peak grid swing. This voltage 
across C g acts as the bias, and the grid is Jthere- 



Fig. 4. The basic configuration for many resonant-cir- 
cuit oscillators. 
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fore driven slightly positive only for a short inter- 
val at the peak of the swing. Since the grid base 
of the tube is traversed in a small fraction of one 
cycle, the operation is Class C. 

When the circuit is first energized, the grid bias 
is zero, and the tube operates with a large value of 
transconductance g m . The loop gain is therefore 
greater than unity, and the amplitude of oscillation 
starts to grow. As it does, grid current is drawn, 
and the bias automatically adjusts itself so that its 
magnitude equals the peak value of the grid volt- 
age. As the bias becomes more negative, the value 
of g m decreases, and finally the amplitude stabi- 
lizes itself at that value for which the loop gain for 
the fundamental frequency is reduced to unity. 

The tuned-plate oscillator is only one of many 
resonant-circuit oscillators, almost all of which 
have the general configuration illustrated in Fig. 4. 
If it is assumed that the impedances Z are pure re- 
actances X (either inductive or capacitive), then, 
from the Barkhatisen criterion, the circuit will os- 
cillate at the resonant frequency of the series com- 
bination of X\ n X‘> and X : \. Also, the loop gain is 
given by 


AP 




Since ft A must be positive and at least unity in 
magnitude, then X\ and X> must have the same 
sign. In other words, they must be the same kind of 
reactance, either both inductive or both capacitive. 
Then X :i ~ ~(X, + Yu) must be inductive if X\ 
and X -2 are capacitive, or vice versa. 

If X\ and X-z are capacitors and Y { is an induc- 
tor, the circuit is called a Colpitts oscillator. If X\ 
and X'z are inductors and X,\ is a capacitor, the cir- 
cuit is called a Hartley oscillator. In this latter 
case, there may be mutual coupling between X\ and 
X%. If X\ and X-i are tuned circuits and Xu repre- 
sents the grid-to-plate interelectrode capacitance, 
the circuit is called a tuned-plate, tuned-grid oscil- 
lator. Both grid and plate circuits must be tuned to 
the inductive side of resonance. 

A practical form of a Hartley oscillator is shown 
in Fig. 5. The plate voltage ’Em, is applied through 
the inductor A, whose reactance is high compared 
with X%. The capacitor C has a low reactance at the 
frequency of oscillation. However, at zero fre- 
quency it acts as an open circuit. Without this 




capacitor the ^-supply voltage would be short-cir- 
cuited by A in series with Aj. The parallel combi- 
nation of C g and R t , acts to supply the bias. The cir- 
cuit operates in Class C, and the grid current 
charges up C 0 to provide the grid bias voltage. 

For a low-power oscillator it is possible to use 
series feed instead of the shunt feed indicated in 
Fig. 5. The H supply is placed between the cathode 
(ground) and A-j. This eliminates the use of A and 
A, but Al» must be insulated from ground for a 
voltage equal to the R supply plus the peak ar 
voltage developed across Aj. 

A modified form of the Hartley cirouit rvnplnvs 
mutual coupling between L\ and Aj and places (] 
in parallel with A 2 . 

The practical lorrn of the Colpitis circuit is 
shown jfh Fig. 6. 'Phis circuit operates in Class (;. 
Capacitor C\ serves the double purpose of u fre- 
quency-determining element and a grid leak. 

Electron coupled oscillator. In this circuit a sin 
gle pentode tube is used to provide isolation be- 
tween the generator elements and the output cir- 
cuit. An example of such an oscillator is a pentode 
with the Hartley arrangement of Fig. 5 connected 
between cathode, grid and screen and with an out- 
put resonant circuit in series with the plate. Since 
the plate voltage of a pentode has little effect on 
the plate current, the load is isolated from the os- 
cillator section. 

Very-high-frequency (vhf) oscillators. These op- 
erate in the range of from a few to several hundred 
megacycles. The basic configuration of these oscil- 
lators is similar to that indicated in Fig. 4. How- 
ever, usually the impedances in the circuit arc not 
lumped elements but are rather distributed (a par- 
allel-wire transmission line or a coaxial cable). 
These elements are adjusted so that they appear as 
pure reactances. Sometimes a tuning element, 
called a butterfly, is used with a vhf oscillator. This 
element is similar to a variable air capacitor ex- 
cept that the stator plates have holes cut in them in 
the shape of the wings of a butterfly. As the rotor is 
turned the inductance (the magnetic energy stor- 
age) as well as the capacitance (the electrostatic 
energy, storage) is varied. Hence, tuning over a 
wide frequency range is possible. 

Since the transit time of an electron between the 
electrodes may be an appreciable fraction of * 
cycle at these very Jiigh frequencies, special tube# 
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Fig. 7. Wien-bridge oscillator. 

i for example, the lighthouse tube) having close 
-paring between elements are often used. 

Bridge oscillators. In a bridge circuit the output 
is in phase with the in put at the balance frequency 
.■ ... Hence, this circuit may be used as the feedback 
artwork for an oscillator, provided that the phase 
-hilt through the amplifier is zero. This condition 
requires a two-stage amplifier. Figure 7 is the 
si hematic diagram of a simple Wicn-hridge oscil- 
lator. The frequency of oscillation is precisely the 
null frequency of the balanced bridge, namely, 
/., - ]/(27tK(V). 

The output of a balanced bridge is zero when 
■■•equals cr > 0 ; therefore ft and ft A are both 0 at this 
frequency. To satisfy the Barkhausen condition 
- 1), the bridge must be unbalanced, hut in 
"ich a wav that the phase shift remains zero. 
This is accomplished by making the ratio 
A 1 .* '' ( R i + R : . ) smaller than In Fig. 7. the con 
pling capacitors are made large enough so that 
they introduce no appreciable phase shifts even at 
the lowest frequencies of operation. The resistor 
Aj serves both as an element of the bridge and also 
as a cathode resistor for the first tube. The lower of 
die two resistors R serves also a dual purpose of 
bridge element and grid resistor. 

Continuous variation of frequency is accom- 
plished by varying simultaneously the two capaci- 
tors C (ganged variable air capacitors). Changes 
m frequency range are accomplished by simultane- 
ously switching in different values for the two iden- 
tical resistors R. 

Practical frequency limits are determined from 
the circuit components. Ganged variable resistors 
that track with the same precision as do gang/ed 
triable air capacitors are not readily available. If 
variable air capacitors are to be used, they are nec- 
essarily relatively small in capacity. To attain low 
frequencies, therefore, large resistances R must be 
used. Large values of R (remember that one of the 
is also a grid-leak resistor) cause difficulty be- 
cause of the possibility that the vacuum tube will 
bl°ck and because a large impedance from grid to 
ground makes it difficult to shield the grid against 
®tray 60 -cycle voltages from the power supply. 


With the exercise of care, resistors R of the order 
of 10 megohms may be employed and the frequency 
pushed as low as two cycles. Also at low frequen- 
cies the problem of selecting adequately large 
coupling condensers becomes more difficult. At 
the higher frequencies smaller values of resist-' 
ances R are required. These decrease the imped- 
ance looking into the input terminals of the Wien 
bridge and so increase the loading on the amplifier. 
Even if the loading is not adequate to stop the os- 
cillation. it will adversely affect the stability of am- 
plitude of oscillation with change of frequency 
range. 

If in Fig. 7 the resistor R% is mplaced by a 
tungsten-filament bulb, the amplitude is stabilized 
against variations due to range switching and also 
tlio.se due to the aging of tubes and circuit compo- 
nents. The regulation mechanism introduced by 
the tungsten hulb automatically changes ft to keep 
ft A more nearly constant whenever the value of A 
should change, as when amplifier loading changes. 
The resistance of a tungsten filament increases 
with temperature, and the temperature is in turn 
determined by the root -mean-square value of the 
current which passes through it. 

Other types of bridge networks, such as the 
twin-T and bridge-T, may be used as feedback ele- 
ments to form an oscillator. The general principles 
enunciated above are applicable to these bridge- 
type oscillators, although the practical details are 
different. 

Crystal oscillators. If a piezoelectric crystal, usu- 
ally quartz, has electrodes plated on opposite faces 
and if a potential is applied between these elec- 
trodes, forces will he exerted on the bound charges 
within the crystal. When properly mounted, de- 
formations take place within the crystal, and an 
electromechanical system is formed which will vi- 
brate when properly excited. The resonant fre- 
quency and the Q depend upon the crystal dimen- 
sions, how the surfaces are oriented with respect to 
its axes, and how the device is mounted (see Pie- 
zoelectric crystal). Frequencies ranging from 



6 

Fig. 8. Electrical equivalent circuit of a piezoelectric 
crystal. 
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Fig. 9. The reactance function of a crystal (whose re- 
sistance has been neglected). 


a few kilocycles to a few megacycles and Qa in the 
range from several thousand to several hundred 
thousand are commercially available. These extraor- 
dinarily high values of Q and the extremely sta- 
ble characteristics of quartz with respect to time 
and temperature account for the exceptional fre- 
quency stability of oscillators using crystals. 

The electrical equivalent circuit of a crystal is 
indicated in Fig. 8. The inductor /-, capacitor C, 
and resistor R are the analogs of the mass, the 
compliance (the reciprocal of the spring con- 
stant). and the viscous damping factor of the me- 
chanical system. Typical values for a 90-kc crystal 
are an L of 137 henry s, a C of 0.0235 micromicro- 
farads (^./if), and an R of 15 kilohms, correspond- 
ing to a Q of 5500. The dimensions of such a crystal 
are 30 by 4 by 1.5 mm. Since ('/ represents the 
electrostatic capacitance between electrodes with the 
crystal as a dielectric, its magnitude (s*3.5 /i/xt) 
is much larger than C. 



Fig. 10. Crystal version of the tuned-plate, tuned-grid 
oscillator. 


If we neglect the resistance R , the impedance of 
the crystal is a reactance jX whose dependence 
upon frequency is given by 

. y = J (« 2 ~ W. 2 ) 

J «cr («*-«/) 

where o)* 2 = 1 /LC is the series resonant frequency 
(the zero-impedance frequency) and m rt 2 = ( i ■ / , 
(1/C + 1/6 V ) is the parallel resonant frequency 
(the infinite-impedance frequency). Since C is 
much greater than C P then For the crystal 

whose parameters are specified above, the parallel 
frequency is only 0.3 of 1 % higher than the serie> 
frequency. For <•>„ < <» < v) p the reactance of the 
crystal is inductive; outside this frequency range 
it is capacitive, as indicated in Fig. 9. 

Various crystal oscillator circuits are possible 
If, in the basic* configuration of Fig. 4, a crystal i> 
used for Z\ , a tuned LC combination for and 
the capacitance C Vl1 between plate and grid for Z 
the circuit of Fig. io results. The crystal reactance, 
as well as that of the LC network, must he indur- 





tive. Hence, the circuit oscillates at a frequence 
which lies between o>* and o> p . Since o>,> ss w*. the 
oscillator frequency is essentially determined b> 
the crystal and not by the rest of the circuit. Fig- 
ure 10 is the crystal version of the tuned-plate 
tuned-grid oscillator. 

If Z\ in Fig. 4 is grid input capacitance, Zz is 
plate output capacitance, and Za is a crystal, the 
result is the circuit of Fig. 11, called the Pierre 
crystal oscillator. This is the crystal version of the 
Colpitts oscillator. The crystal reactance must be 
inductive. The rf choke L and the blocking capaci- 
tor C serve the same functions as they did in Fig. *>• 
This circuit has the merit of not requiring any o in ' 
ing as one crystal is replaced by another to change 
the frequency. 

Tfie Meacham crystal oscillator Is a bridge-typ e 
circuit and is indicated in Fig. 12. The crystal °P‘ 
erates at its series-resonant frequency. The beh« v ‘ 
ior of this circuit is similar to that of the Wten* 
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bridge oscillator. This circuit has excellent ampli- 
tude stability because of the lamp and exceptional 
frequency stability because of the crystal. 

Negative-resistance oscillators. This designa- 
tion applies to a parallel inductance-capacitance 
combination placed across a two-terminal negative- 
resistance element. If, because of the internal phys- 
ics of the device, the input current decreases as the 
input voltage increases the component is said to 
possess a negative resistance. One such device is 
a tetrode with external terminals considered as the 
plate and cathode. An oscillator employing a tet- 
rode in this manner is called a dynatron. There are 
a number of semiconductor devices which over a 
portion of their volt-ampere characteristics possess 
a negative resistance. These elements can be used 
in oscillator circuits. 

A transient in a circuit containing a positive 
resistance must die down with time because of the 
losses. Hence, an interesting interpretation of the 
fart that the amplitude first builds up in an oscil- 
lator is that during this process the circuit exhibits 
a negative resistance. In this sense, all oscillators 
might be called negative-resistance oscillators. 

Heterodyne oscillator. In the heterodyne, or beat- 
frequency, oscillator circuit the voltage from one 
radio-frequency oscillator is mixed with the output 
from a similar device tuned to a slightly different 
frequency. The difference frequency, or heat note, 
may be varied over the audio or video range by 
means of a tuning capacitor. 

Transistor oscillators. The general theory devel- 
oped for vacuum-tube oscillators is equally valid 
for transistor sinusoidal generators. In particular, 
the Barkhausen criteria, the ideas involved in the 



Fi 9- 12. Meacham crystal bridge oscillator. 



^9- 13. Transistor resonant-circuit oscillator. 



Fig. 14. Transistor Colpitts oscillator. 



Fig. 15. Transistor phase-shift oscillator. 

building up of oscillations, and the limiting of the 
amplitude due to nonlinearities may he applied to 
transistor oscillators. Even the specific circuit ar- 
rangements using vacuum tubes have their transis- 
tor counterparts. For example, the transistor reso- 
nant-circuit oscillator of Fig. 13 is analogous to the 
vacuum-tube resonant-circuit oscillator of Fig. 3.- 
The transistor version of the Colpitts oscillator is 
given in Fig. 14 and the phase-shift oscillator in 
Fig. 15. See Transistor connection. 

Microwave oscillators. Special tubes are used for 
generating waveforms whose frequency range lies 
between a few hundred and several tens of thou- 
sands of megacycles. See Microwave tube, [j.mi.] 
Bibliography : J. Millman, Vacuum-tubes and 
Semiconductor Electronics , 1958; F. E. Terman 
and J. M. Pettit, Electronic Measurements, 2d ed., 
1952. 

Oscillistor 

The combination of a semiconductor block placed 
in a constant magnetic field and a parallel pulsed 
electric field together with a suitable load resist- 
ance and power supply. A semiconductor placed in 
parallel electric and magnetic fields will generate 
plasma oscillations under the proper conditions of 
excitation of minority carriers. Frequencies from 
a few kilocycles to about 10 megacycles have been 
observed. [l.p.hu.] 

Bibliography : R. D. Larrabee and M. C. Steele, 
The oscillistor — new type of semiconductor oscil- 
lator, /. AppL Pkys ., 31 (9) :1519-1523, 1960. 
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Oscillograph 

A measurement device for determining waveform 
by recording the instantaneous values of a quan- 
tity such as voltage, as a function of time. It con- 
sists of three major components: (1) a primary 
detector for sensing the instantaneous values of the 
quantity, (2) the timing system for introducing a 
time scale on the record, and (3) some means for 
recording the waveform. See Waveform determi- 
nation. 

There are two basic forms of oscillographs in 
common use: the electromagnetic oscillograph and 
the cathode-ray oscillograph. 

Electromagnetic oscillograph. These are either 
direct-writing oscillographs or light-beam oscillo- 
graphs. The best known of the direct-writing forms 
is the electrocardiograph. In this device the pri- 
mary detector is a galvanometer with a multiturn 
moving coil. Atlached to the moving coil is a pen 
arm, which traces an ink record on a continuously 
moving paper chart. The heart heats at about 1 
cycle per second (ops) and at this low frequency 
the pen follows the vibrations nicely and draws 
a graph in ink that can he read immediately. See 
Electrocardiography ; Galvanometer. 

When the frequency of the wave being recorded 
by a direct- writing oscillograph exceeds 100 cps, 
the required speed of the pen is too high for accu- 
rate recording. 

The light-beam oscillograph, usable up to 500 
cps, is a more accurate and more commonly used 
type of oscillograph. The essential components of 
a light -beam type magnetic oscillograph are 
shown in the illustration. 

The galvanometer has a moving coil, usually 
with a single U-shaped turn (bifilar type) but 
multiturn coils are sometimes used. The bifilar con- 



Bifilar electromagnetic oscillograph with light-beam, 
photographic-film recording means. (From I . F. Kinnard, 
Applied Electrical Measurements, Wiley, 1956) 


struction contributes to a low moment of inertia 
and a corresponding high resonant frequency of 
the moving system (from 3000-10,000 cps in com- 
rnercial oscillographs). This is desirable, because 
the resonant frequency must he considerably 
higher than the highest frequency of the waveform 
being determined; otherwise the oscillograph 
would not be sensitive enough to record the wave- 
form. 

An optical system provides an inherently high- 
speed recording means. A tiny mirror attached to 
the moving coil is the only mass added to the mov- 
ing system for recording purposes. A beam of light, 
collimated to a point of light by the lens, is re- 
flected from the mirror onto a photographic film. 
The lateral position -of the point where the light 
impinges on the film is a function of the position of 
the mirror and, therefore, the instantaneous value 
of the current flowing in the moving coil. The pho- 
tographic film is moved at a known constant speed: 
the light beam therefore traces the waveform on 
the film. Development of the film is required before 
the record is visible. 

Cathode-ray oscillograph. The low-frequency 
limitations (500 cps) of the relatively large masses 
of the electromagnetic oscillograph element are 
eliminated in the cathode-ray oscillograph. This 
device is a cathode-ray oscilloscope combined with 
a camera that makes a photographic record of the 
screen image. (See Oscilloscope, cathodf.-ray.) 

The terms cathode-ray oscillograph and cathode- 
ray oscilloscope are commonly interchanged. 
Strictly speaking the oscillograph contains means 
for producing records, whereas the oscilloscope 
does not. fi.i-.K. I 

Bibliography : H. Buckingham and E. M. Price. 
Principles of Electrical Measurements , 1955; I. I'- 
Kinnard, Applied Electrical Measurements , 1956. 

Oscilloscope, cathode-ray 

An electronic instrument which produces a lumi- 
nous plot on a fluorescent screen showing the 
relationship of two or more variables. In most 
cases it is an orthogonal (x,y) plot with the 
horizontal axis being a linear function of time. 
The vertical axis is normally a linear function of 
voltage at the signal input terminal of the instru- 
ment. Because transducers of many types are avail- 
able to convert almost any physical phenomena 
into a corresponding electric voltage, the oscillo- 
scope is a versatile tool in all forms of physical 
investigation. 

The primary advantage of a cathode-ray oscillo- 
scope over other forms of plotting devices is it* 
speed of response. Commercially available instru- 
ments in the general-purpose category can display 
frequencies as high as 100 megacycles (Me) white 
special high-speed oscilloscopes can respond as 
high as 2000 Me. The horizontal linear time axis of 
one general-purpose oscilloscope may be varied in 
25 calibrated ranges from a slow speed of 10 cm m 
50 sec to a high of 10 cm in 0.2 microseconds 
(/xsec). The same oscilloscope can record on photo- 
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^■9- 1. Typical commercial wide-band (dc— 30 Me) os- 
cilloscope with precision sweep delay and plug-in pre- 
amplifiers. ( Tektronix , In c.) 


graphic film a single trace at a rate of 250 
c, N'jusec. 

In its normal form the cathode-ray oscilloscope 
ls r nade up of five basic elements (Fig. 1 ) : 

h The cathode-ray tube and associated controls 
in focus, intensity or brightness, and astigmatism. 
, 2. The vertical or signal amplifier (plug-in unit 
,n Fir. 1) and its associated devices such as input 


terminal, attenuators, position control, and ac or dc 
amplifier operation selector. 

3. Horizontal-axis time-base circuits, frequently 
called the sweep generator. Included in this group 
are the sweep-base control, trigger or synchroniz- 
ing circuits, and usually a circuit for turning on 
the cathode-ray tube beam only when the sweep is 
going in the left-to-right direction on the screen. 
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4. Auxiliary facilities, such as amplitude or time 
calibrators and repetition rate generators. 

5. Power supplies furnishing the correct operat- 
ing voltages for the above circuits. 

Cathode-ray tube. The central component in a 
cathode-ray oscilloscope is the cathode-ray tube 
itself. This is frequently referred to as the CRT. In 
its simplest form it consists of an evacuated glass 
container with a fluorescent screen at one end and 
a focused electron gun and deflection system at the 
other end. 

Either magnetic or electric fields may be used 
for focusing and deflection. Oscilloscopes almost 
always use electric fields for both functions. Elec- 
trostatic focusing is used largely because of its con- 
venience and simplicity. Electrostatic deflection is 
almost universally used for oscilloscopes because 
it is capable of superior high-frequency response. 
The only magnetically deflected oscilloscopes are 
those using TV picture tubes for application where 
100-kc bandpass or less is adequate, but a large 
image is needed. 

The CRT designer is faced with four primary 
technical objectives: (1) high deflection sensitiv- 
ity; (2) a bright image for ease of observation and 
photogruphy; (3) small spot size relative to the 
image area; and (4) accurate deflection geometry. 
All of these are related in various ways so that each 
tube is the result of compromises which seem least 
undesirable to its designer. See Cathode-ray tube. 

Signal amplifier. The signal is usually applied 
to the vertical axis of the oscilloscope; thus this 
amplifier is frequently called the vertical amplifier. 
Signals commonly observed by means of the cath- 
ode-ray oscilloscope vary in amplitude from micro- 
volts to kilovolts and in frequency from dc to many 
megacycles. The deflection sensitivity of common 
types of cathode-ray tubes lies in ihe range of 

0.01-0.2 cm/volt, with from 4 10 cm of deflection 
available. Thus, for many purposes, it is necessary 
to amplify the signal in order to get sufficient de- 
flection on the tube for accurate observation or 
measurement. The prime requirement of this ampli- 
fier is that it must produce an amplified replica of 
the signal applied to its input with a minimum of 
distortion or variation in wave shape. This requires 
an amplifier with adequate frequency and phase 
response, in addition to a very linear transfer char- 
acteristic. 

Most modern oscilloscopes use dc amplifiers, that 
is, amplifiers whose low-frequency response extends 
to zero. This feature is valuable for several reasons. 
First and most obvious, slowly changing phenome- 
non can be accurately observed. Second, the rela- 
tion of a waveform to essentia] dc reference levels 
can be observed. See Amplifier; Direct-coupled 
amplifier; Voltage amplifier. 

Signal delay networks. In order to view widely 
spaced pulses, especially those whose spacing is 
not uniform, it is necessary to trigger the time 
sweep directly from the pulse being observed. Since 
the sweep takes a small but finite time to get 
started, it is necessary to delay the signal for a 
slightly longer time so it will appear away from the 


extreme edge of the screen. This is accomplished 
by inserting a delay network (adjusted by control 
knobs as shown in Fig. 1) in the signal channel 
after the trigger take-off point. 

If this delay network is to transmit the signal 
without waveform distortion, it must be carefully 
designed and constructed. Three types are used- 

1. Coaxial cable, which has little signal distor 
tion but is bulky— 200 ft would be necessary f or 
0.25 fi sec delay. 

2. Continuously wound delay lines, usually on a 
ferrite core. These are compact and can be made 
in convenient impedances but have rather high at- 
tenuation at frequencies of 15 Me or more. Cun 
pling networks on both ends are usually needed 
to eliminate reflectors from the capacitances of thr 
input and output circuits. 

3. Distributed constant networks. This type is 

used in commercial oscilloscopes with bandwidth** 
as high as 50 Me. They are usually of the M -de- 
rived type with an adjustable capacitance in each 
section. With push-pull amplifiers, a balanced net- 
work is used, having two sets of inductances with 
the capacitors connected between points of equal 
delay. This type of network may consist of as rnan\ 
as 90 sections. When properly adjusted, the aber- 
rations on a square pulse are less than l';' f of the 
pulse amplitude. ^ 

Attenuators and gain controls. To obtain a 
suitable image size on the cathode-ray tube, it i^ 
necessary to have a convenient means of varying the 
ampler gain or sensitivity. Two methods are used 
in modern oscilloscopes. First, a compensated step 
attenuator is placed in front of the amplifier. There 
are usually two or three steps per decade with a 
total attenuation such that signals of several hun- 
dred volts can be observed. So that the attenuator 
will have the same attenuation for all frequencies, 
it usually consists of resistance and capacitance 
dividers in parallel. When both dividers have the 
same ratio, the attenuation is independent of fre- 
quency. If only the resistive section were used, the 
stray shunt capacitance would increase the attenua- 
tion with frequency. These strays become a part of 
the capacitance divider and are rendered harmless 

The second gain control is usually an uncali- 
brated, variable one having a range of 3 to 1 or 
less. This fills in between the steps of the fixed at- 
tenuators. It is usually a low-impedance control so 
that high-frequency compensation is not necessary. 

Differential input amplifiers. Most oscilloscope 
signal amplifiers have one terminal, usually called 
the ground terminal, connected to the chassis of 
the instrument. This is normally satisfactory be- 
cause most waveforms being observed have a com- 
mon or ground reference also. Many times, how- 
ever, it is necessary to observe the waveform? 
between two points, neither of which is grounded- 
For this purpose balanced, or differential, ampb* 
fiers.are needed. 

The output of this type of amplifier is propor- 
tional to the algebraic difference of the signals ap- 
plied to its two input terminals. Thus, signals com- 
mon to both terminals are cancelled* hut potentia 



differences between the terminals are amplified. In 
high-sensitivity differential amplifiers the amplifica- 
tion of the desired signal may be as much as 10,000 
times the common mode signal. This property often 
makes it possible to observe a small signal in the 
presence of large interfering signals. A differential 
amplifier is not shown but can be plugged in in 
place of the vertical amplifier shown. 

Distortion in an oscilloscope. For purposes of 
this discussion, distortion is said to occur if the 
waveform on the screen is not a replica of the input 
waveform except, of course, for a change in scale. 
\mong the causes for distortion are the following: 

1. The cathode-ray tube may have different de- 
flection factors in various portions of the screen or 
may not have orthogonal axes. 

2. The amplifier may not have a linear relation- 
ship between input and output amplitudes. 

3. The frequency response of the oscilloscope 
may be inadequate at either or both ends of the 
frequency spectrum of the signal being observed. 

4. All components of the signal may not arrive 
at the deflection plates at the same time. 

The remedy for the first cause is obviously a cor- 
rectly designed and built cathode-ruy tube. In the 
second rase, the designer should first use tubes with 
the most linear transfer characteristics, operated 
it optimum grid bias, screen, and plate voltages. 
Further reduction in amplitude distortion can then 
he obtained by using balanced or push-pull cir- 
cuits and negative feedback when possible. 

If the high-frequency response is inadequate, 
the slope of the steeply rising and falling portions 
of the waveform will be decreased. When an in- 
finitely steep wave front, or step, is applied to a 
circuit having a finite bandpass, it will use or fall 
according to the following approximate formula: 



T r is rise time in microseconds from 10 to 90% 
amplitude, / is frequency in megacycles on the 
bandpass curve where response falls to 70% of the 
mid frequency amplitude. 

Thus, a zero-rise-time step displayed on a 1-Mc 
bandpass oscilloscope will appear to have a rise 
time of 0.35 p. sec. The bandpass necessary to ob- 
serve a signal with the desired accuracy is ob- 
tained from a formula relating the resultant rise 
time T r for a signal of finite rise time T r i going 
through an oscilloscope of known rise time T r2 . 
This is simply 

Tr - V7\i 2 4- "fra* 

» 

Thus, a pulse with a 1-^tsec rise in passing through 
a 1-Mc oscilloscope would appear to have a rise 
time of approximately 1.05 p sec. 

Inadequate low-frequency response causes a 
jlope in the horizontal portions of the waveform. 
If only one RC coupling is involved,' an oscilloscope 
^ith a 16-cycle, 70% response will cause a 10% 
8 l°pe in a 0.001-sec flat portion of the waveform. 

The distortion caused by various frequency com- 
ponents arriving at different times is frequently 
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called phase distortion. This causes overshoots or 
spurious damped oscillation following sudden steep 
portions of a waveform. The analytical problem of 
determining the effect of phase distortion on a 
given waveform is quite complicated, but fortu- 
nately the oscilloscope designer has a simple and 
direct way to observe it in practice. This is done 
by observing the response to a clean, sharp ampli- 
tude step whose rise time is short compared with 
that of the oscilloscope under test. The necessary 
adjustments to the high-frequency compensating 
circuits are then made until the waveform on the 
cathode-rav tube has the desired precision. 

Horizontal sweep and synchronization. The 

most useful oscilloscope presentation is that having 
a linear horizontal time axis accurately synchro- 
nized with the signal being observed. Prior to 1946, 
most oscilloscopes except for special-purpose pulse 
monitors and synchroscopes used a sweep generator 
of the recurrent type, which is one that continues 
to operate in the absence of synchronizing signals. 
The circuit is adjusted so that its natural fre- 
quency is slightly lower than an integral fraction 
of the signal frequency. When the signal frequency 
is then injected into the circuit, the sweep is caused 
to terminate at a fixed point on the signal wave- 
form, immediately returns to its initial value, and 
starts a new sweep. For closely spaced signals, 
such as sine waves, square waves, and the like, this 
method is simple and satisfactory. For observation 
of pulses or other widely spaced waveforms, it can- 
not he used. Consider the case of a l-psec pulse at 
a repetition rate of 1000 pulses/sec. The sweep 
would operate at the pulse repetition rate and be 
almost 1000 /x. sec long. A l-/zsec pulse would be 
hardly visible on such a sweep and certainly no de- 
tail could be observed. 

Triggered sweep is the solution to this problem. 
In this circuit the sweep is inoperative except when 
started by a trigger signal. When the sweep is com- 
pleted the circuit returns to its original state and 
awaits another trigger. With this circuit there is 
no necessary relationship between the repetition 
rate and sweep speeds so that sweep-speed con- 
trols may be varied at will without affecting the 
synchronization. 

In modern oscilloscopes, the sweep generator 
usually consists of the following elements: (1) 
trigger selector and amplifier; (2) sweep wave- 
form generator; (3) sweep amplifier; and- (4) 
CRT unblanking circuits. 

Trigger selector and amplifier . If the oscillo- 
scope is to provide a stable image, each sweep must 
start at the same point on the signal waveform. The 
information needed by the sweep generator to ac- 
complish this may come from several sources: 
first and most useful, from the signal waveform 
itself ; second, from a separate waveform which has 
an accurate time relationship with the signal, for 
example, the synchronizing signals in a television 
system; and third, from the power-line frequency, 
because many waveforms such as those found in 
power supplies are accurately related to it. A selec- 
tor switch is frequently provided to enable conven- 
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ient choice of these sources (trigger-mode adjust- 
ing knobs in Fig. 1 ) . These trigger signals may be 
too small to activate the sweep generator; thus an 
amplifier is usually provided. This amplifier is fre- 
quently of the regenerative type whose output is 
always a rectangular wave of fixed amplitude re- 
gardless of the shape of the input signal. A single 
steep portion of this wave provides a sharp definite 
starting signal for the sweep generator. The sweep 
amplifier frequently provides facilities for causing 
the sweep generator to start at any selected portion 
of the waveform. 

Sweep waveform generator. To provide a linear 
time axis, it is necessary to apply a sawtooth volt- 
age waveform to the CRT horizontal plates. This 
waveform is one which starts at a fixed voltage, 
rises or falls at a linear rate to a second fixed 
voltage, and then returns to the first reference to 
repeat the cycle. The sweep waveform is generated 
by the charge and discharge of a capacitor. The 
linear portion used on the sweep is obtained by 
charging or discharging the capacitor with a con- 
stant current. When the linear portion is completed, 
the capacitor is brought back to its original volt- 
age as rapidly as possible. Fn order to make sure 
that the linear portion starts from a stable refer- 
ence on each sweep, auxiliary circuits are fre- 
quently used which prohibit the trigger signals 
from reacting the sweep generator until the timing 
capacitor has had adequate time to stabilize at 
its initial reference voltage. This circuit is usually 
called the hold off. See Sweei* generator. 

Sweep amplifiers. Two functions are usually pro- 
vided by the sweep amplifier. First, it amplifies the 
sweep generator waveform to that required to de- 
flect the CRT beam: and second, it provides bal- 
anced signals to the deflection plates of the CRT. 
Balanced signals imply that as one plate goes in a 
negative direction, the other goes positive an equal 
voltage. This is essential for accurate image geome- 
try. 

In order to accomplish its function, a sweep 
amplifier must have a very linear transfer char- 
acteristic, high gain stability, and a frequency 
response adequate to amplify the linear portion of 
the sweep waveform uniformity from the slowest to 
the fastest sweep rates. 

CRT unblanking circuits . The CRT beam is nor- 
mally turned on only during the linear portion of 
the sweep waveform. This is especially necessary 
in pulse observation because the space between 
pulses may be several hundred times the sweep 
length. Ff the beam were not turned off between 
sweeps, it would rest in a bright spot at the edge of 
the screen, causing much extraneous light, and 
would probaldy damage the screen. 

Time-interval measurement. There are several 
methods of measuring time intervals. 

Calibrated sweeps . Practically all laboratory 
oscilloscopes have calibrated horizontal sweeps so 
that time interval measurements may be read di- 
rectly from a graticule over the cathode-ray tube 
screen. Probable error of this method ranges from 
1 to 10%, depending on the precision of the oscillo- 


scope and adequacy of maintenance and calibra- 
tion. This method combines convenience with an 
ability to cover a wide range of time intervals. One 
popular oscilloscope has 25 ranges accurate to 
within 3% covering a range of 5 sec/cm to 0.02 
/isec/cm. 

Precision sweep delay . For greater accuracy 
some form of expanded scale is needed. This may 
be accomplished by an accurately calibrated sweep, 
delay circuit. To use this method, the oscilloscope 
sweep is set to a speed so that adequate resolution 
of the waveform is available. The sweep-delay dial 
(usually having 1000 divisions) is then turned so 
that the start of the waveform being measured is 
under the center mark of the screen. The dial read- 
ing is noted and the -dial turned so that the end of 
the waveform is now under the center mark. The 
time interval is thus tlie difference of the two dial 
readings. This method is capable of accuracy within 
1 % or better. 

Time marker. Another method which is used 
principally in connection with radar range meas- 
urement and television uses a synchronized pre- 
cision marker generator. This is usually an accuiale 
sine- wave oscillator started and stopped by the 
sweep generator. The sine waves are put through 
shaping circuits which produce a sharp pulse or 
pips at the same point on each cyclc^ These pips 
are usually applied to tlie cathode-ray tube so as to 
brighten the trace once during eacFi cycle of the 
oscillator. These bright pips are referred to as 
time tt^u'kcrs. The advantage of this method is that 
its accuracy is dependent on the calibration of n 
sine-wave generator rather than the usually less 
stable sweep generator and cathode-ray tube rir 
cuits. If the time mark pips are sharp and the wave- 
form being measured has steep rises and falls, the 
reading accuracy of this system is excellent, be- 
cause a small horizontal displacement of a pip will 
move it a large vertical distance on the waveform 
Time-mark generators arc not widely used on gen- 
eral-purpose oscilloscopes for several reasons. 
First, many ranges would he needed, each with a 
different time between marks. This means a large 
number of components to be switched. Second, on 
the faster sweep ranges the pips must be very short. 
On a 0.02 /a sec/cm sweep, the pip should be 0.005 
/as ec or less. This requires a bandwidth for the 
circuits carrying the pip of about 200 Me. 

Dual-trace oscilloscopes. Frequently it is desir- 
able to compare two waveforms on the face of a 
single cathode-ray tube. For this purpose several 
methods are used. 

Dual-trace amplifier and single-gun CRT. lh* s 
method uses a circuit frequently called an elec- 
tronic switch. The oscilloscope amplifier is switched 
electronically between the two signals under ob- 
servation. If this switching is made to take pl ace 
in the interval between sweeps when the beam 
blanked out, the presentation on the screen J* 
indistinguishable from a dual-beam oscilloscope* 
This method of presentation is simpler and le»j 
expensive than a true dual-beam oscilloscope and 
also provides more accurate time comparisons 
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tw<#n the two signals because time-base errors are 
common to both waveforms. 

Split-beam CRT. This oscilloscope has been 
popular in England for many years. It uses a single 
electron beam with a splitter plate in front of the 
final aperture. The beam is divided into two parts, 
pa rh receiving separate vertical deflection. Both 
parts of the beam, however, pass through a single 
pair of horizontal deflection plates. 

Dual-gun CRT . This method is similar to the 
s plit-beam method but has the additional flexibility 
of separate brightness, focus control, and separate 
balanced vertical-deflection plates. Dual-trace am- 
plifiers can be provided in both vertical systems so 
that four traces are available, if desired. 

The most versatile arrangement is that with two 
separate oscilloscopes presenting their waveforms 
on a common screen for convenient comparison. A 
0-30 Me instrument with versatile sweep facilities 
i.» available. One sweep is available to provide a 
precision delay for the other sweep. Thus, an entire 
waveform and a highly magnified portion of it can 
be shown simultaneously on the same screen. 

High-speed oscilloscopes. As technology pro- 
gresses, the need for a higher degree of time resol u- 
ijnn becomes increasingly important. When signal 
components reach into the hundreds or thousands 
of megacycles, conventional amplification becomes 
impractical. Great care must be taken to avoid 
mismatches in the signal channel because the re- 
sulting reflections would distort the signals being 
observed. Very fast sweeps must he provided so 
that rise times of millimicroseconds or less may be 
measured. The problem of taking a trigger from 
the signal being observed without di«’orting or 
heriouslv attenuating it is very difficult. To make 
matters even more difficult, it is frequently neces- 
sary to have sufficient light output from the CRT 
"" that single traces may be photographed with the 
'•pot traveling at speeds approaching the velocity of 
light. This requires very high accelerating voltages, 
which reduce the deflection sensitivity. Since the 
deflection sensitivity increases as the scan angle 
decreases, most millimicrosecond (m/isec) oscillo- 
scopes have small deflection areas with a corre- 
spondingly small spot so that resolution is main- 
tained. In these small display areas, the usual 
measure of sensitivity, volts/cm, becomes meaning- 
ly. A more significant measure is to use volts/ 
trace width. This is termed sensibility. 

The problem of transit time of the electron beam 
through the deflection plates is solved in most cases 
by some form of a traveling-wave system. Here the 
deflection plates are broken up into a number 
se Rments and arrangements made so that the signal 
travels from one segment to the next at the same 
s Pfced as the electrons in the beam. Thus any elec- 
tr°n is deflected by the same signal component 
throughout its entire time in the deflection system. 

Figure 2 shows a cutaway drawing of a com- 
mercial traveling-wave CRT having the following 
Performance: (1) vertical (TW) sensibility 0.03 
y«lt/trace width ; ( 2 ) maximum vertical scan 0.4 
ln *i (3) vertical frequency response of approxi- 
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Fig. 2. Cutaway drawing of a commercial traveling- 
wave deflection cathode-ray tube. (Edgerton, Germes- 
hausen , and Grier , Inc.) 


matcly 2000 Me; (4) horizontal sensibility 0.2 
voll/tracc width; (5) horizontal scan 0.6 in.; and 
(6) writing speed 10* 1 trace widths/sec. 

A different approach is possible when the signal 
to he observed is a repetitive one. This involves an 
amplitude-sampling technique using a short gating 
pulse, less than 1 m/xsec. Samples are taken at a 
slightly later time at each recurrence of the signal. 
These samples are amplified and lengthened in 
time and displayed on a much slower sweep. The 
time resolution of this type of instrument is limited 
by the length of the gating pulse and the accuracy 
with which successive pulses may be positioned 
along the signal. It also has relatively high sensi- 
tivity. limited by random noise. The limitation of 
this type is its inability to observe single transients 
and the slowness of the presentation for low repeti- 
tive rates. For example, a 60-cycle signal would 
need 2 sec to produce a trace made up of 120 
samples. The performance specifications of a com- 
mercial sampling oscilloscope are as follows: 
(1) rise time, 0.4 m/xsec; (2) vertical sensitivity, 
0.4 cin/mv; and (3) maximum apparent sweep 
rate, 0.04 m/xsec /cm. 

Electrical measurements. In addition to provid- 
ing a visual indication of waveform, the modern 
oscilloscope provides an accurate method of elec- 
trical measurement. 

Measurement of frequency. If the oscilloscope 
has a calibrated horizontal axis or time base, fre- 
quency may he measured by reading the time neces- 
sary for one complete cycle and inverting the result. 
The accuracy is essentially that of the time-base 
calibration, whose errors are usually between 1 
and 10%. For greater accuracy, the usual method 
is to substitute a variable calibrated sinusridal 
oscillator for the time base and adjust it until a 
stationary pattern is obtained. For a discussion of 
this method see Lissajous figures. 

Measurement of phase difference . A common 
method of measuring the relative phase of two 
signals of the same frequency is to apply them to 
the two axes of the oscilloscope and compute the 
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Fig. 3. Measuring phase between two signals by 
means of Lissajous figure. 

answer by means of the method shown in Fig. 3. 
The sine of the phase angle 0 between the two 
signals is given directly by measuring the relative 
heights A and B as indicated in the figure. Any 
suitable scale, such as inches, may be used. 

sin 6 = =fc B/A 

A more convenient method is to use a dual-beam 
oscilloscope having a common calibrated time base. 
The phase angle can be read directly from the 
pattern on the screen. 

Measurement of voltage. Complementing their 
calibrated sweeps, modern laboratory oscilloscopes 
have directly calibrated amplitude scales. Thus the 
voltage difference in dc or peak-to-peak volts is 
easily read from the calibrated graticule. This 
method is made possible by the development of 
highly stable amplifiers. 

To aid in maintaining the accuracy of calibration, 
many oscilloscopes have built-in precision refer- 
ence voltage sources. These are usually square- 
wave generators whose limits are set by precision 
dc voltages and voltage dividers. 

An oscilloscope always measures in peak-to-peak 
volts. If the form factor is known for any particular 
waveform, the peak-to-peak may be converted into 
rms, average, or any other voltage system. 

Photography of oscilloscope patterns. Oscillo- 
scope patterns are frequently photographed for 
two reasons, first, to preserve a repetitive image for 
future study and comparison, and second, to record 
for study single brief transient waveforms which 
could otherwise not be studied in detail. The first 
case is relatively easy because an exposure of suffi- 
cient length can be made so that wide-aperture 
lenses and high-intensity oscilloscopes are not 
needed. A typical exposure might be 1 sec at // 8. 

For photography of all but the faster single 
transient, cameras using the Polaroid-Land system 
are popular. A finished positive paper print is 
available about 1 min after the exposure is made. 
If for some reason a good picture is not obtained, 
additional exposures can be made until a good one 
is obtained. 


In order to photograph single transients at speeds 
of 25 cm/jisec or more, conventional 35-mm minia. 
ture cameras using wide-aperture lenses (//1.4 or 
f/2) and high-speed films are frequently used. 

High contrast, rather than a good tonal range. i§ 
wanted ; therefore extended development in a high- 
energy developer is usual to obtain maximum film 
speed. Exposure is less critical than in norma] 
photography for the same reason. [h.v.] 

Bibliography: I. A. Greenwood, J. V. Holdam. 
and D. MacRae, Electronic Instruments , vol. 21 
1948; I. A. D. Lewis and F. H. Wells, Millimicro- 
second, Pulse Techniques , 1954; O. S. Puckle, 
Time Bases , 2d ed., 1951; T. Soller, M. A. Starr! 
and G. E. Valley, Jr. (eds.), Cathode-ray Tube Di $ - 
plays , vol. 22, 1948. 

Osmium 

A chemical element, O 9 , atomic number 76, and 
atomic weight 190.2. Osmium is a hard white metal 
of rare natural occurrence. 

Uses. Osmium tetroxide is used for the hydrox- 
ylation of double bonds in the synthesis of cer- 
tain organic compounds. Particular applications of 
this reaction occur in the synthesis of cortisone 
Osmium tetroxide is also used as a stain for tissue 
in microscopy. Osmium is an excellenWhydrogcna- 
tion catalyst. It is used in the alloy osmiridium for 
making pen points. 
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Chemical and physical properties. Density of 
osmium is 22.47 g/cm 3 at 20°C, melting point is 
over 3000°C, boiling point is 5500°C, and electrical 
resistivity is 9.5 microhms/cm at 0°C. Radioactive 
isotopes of these mass numbers are known: 182, 
183, 185, 191, 193, and 194. The stable isotopes 
of osmium have the mass numbers 184, 186, 187, 
188, 189, 190, and 192. The natural abundances of 
these are respectively 0.018, 1.59, 1.64, 13.3, 16. L 
26.4, and 41.0% of the element. Although osmium 
is very refractory, even at room temperature, a blue 
oxide film is formed on the metal surface. When 
heated in air it oxidizes readily to osmium tetrox- 
ide, which is volatile and very poisonous. This prop' 
erty complicates the analysis and refining of os- 
mium .since losses due to volatilization may be m* 
advertently encountered. Osmium is readily solubfc 
in hot nitric acid. When fused in alkaline oxidizing 
fluxes, water-soluble osmates, OsO* 8 "* are formed. 


Q s mium forms compounds in which it has valences 
of 24 , 34*. 4+, 6+, and 8+. The chemistry of 
osmium is very complicated because of the many 
valences exhibited by the element and the tendency 
of each of these to form numerous complex ions. 

Metallurgical extraction. After osmium has been 
brought into solution, it may be distilled from ni- 
tric acid as the tetroxide. Often solids containing 
osmium can be roasted in air to volatilize the te- 
troxide which is then absorbed in an alcoholic caus- 
tic solution. The resulting osmate solution may be 
precipitated as the sulfide or neutralized and pre- 
cipitated as the hydroxide. Either precipitate is 
then reduced in hydrogen to yield the metal. 

Principal compounds. Osmium tetrachloride, 
OsCli, is a black solid which is insoluble in non- 
oxidizing acids; it is made by treating osmium with 
chlorine at 700° C. Osmium tetroxide, OsO*, is a 
very pale yellow crystalline solid with a melting 
point of 40°C and a boiling point of 130°C. It is 
the most important osmium compound, and is made 
bv oxidizing the metal with air, nitric acid, or sul- 
furic acid. This very poisonous compound is solu- 
ble in water and carbon tetrachloride. It is a pow- 
erful oxidizing agent. When a potassium hydroxide 
solution of the tetroxide is treated with alcohol, the 
osmium is partly reduced, and slightly soluble vio- 
let-red crystals of potassium osmate, K^OsO-r 
2H/0, are precipitated. The dihydrate of osmium 
dioxide, 0s0 2 *2H 2 0, is made by neutralizing an al- 
coholic* sodium hydroxide solution of the tetroxide. 
It is a brown or blue-black insoluble solid. The solid 
hexachloroosmio acid, H 2 OsClfl, has not been defi- 
nitely isolated. However, when the tetroxide is re- 
fluxed in hydrochloric acid and then treated with 
ammonium chloride, ammonium hexachloi oosmate, 
(NH 1 ) 2 OsC 1„, is precipitated. When heated in hy- 
drogen, this black compound yields osmium. 

Analytical techniques. Osmium is best isolated 
as the tetroxide from nitric acid. Hydrated osmium 
dioxide may then be precipitated, reduced in hydro- 
gen, and the resulting osmium metal may be 
weighed. The red color developed by the reaction 
of thiourea with osmium distillates is used for the 
colorimetric determination of osmium. 

For a discussion of natural occurrence, and met- 
allurgical extraction, see Platinum; see also Ibid- 
em; Rhodium. [e.a.ha.] 

Bibliography : M. J. Wahll, Defense Metals In- 
formation Center Selected Accessions , U.S. Atomic 
Energy Comm., 1960. 

Osmoregulatory mechanisms 

The maintenance of an optimal and constant level 
°f osmotic activity of the fluid within and around 
die cells considered to be most favorable for the 
Initiation and maintenance of vital reactions in the 
fell and for maximal survival and efficient function- 
fn g of the entire organism. 

Evolution. Practically all living cells function in 
a fluid environment. This includes isolated unicellu- 
forms such as paramecia and amebas as well 
as cells comprising tissues in air-breathing terres- 
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trial animals. Thus, the ionic composition and os- 
motic activity of extracellular fluids have biological 
significance with respect to survival of the living 
cells. The fluid environment of simple unicellular 
forms of life consists of the ocean, lakes, or 
streams in which the forms are found, while that of 
the complex animal forms consists of the fluid me- 
dia enclosed by the various compartments of the 
body. 

Presumably, life originated in the primitive 
ocean, the salinity of which was lower in prehis- 
toric than in modern times. The first unicellular 
forms of life remained in a stale of osmotic equi- 
librium with their dilute sea-water surroundings; 
that is, they had no osmoregulatory devices. In the 
course of evolution, unicellular and multicellular 
animals migrated from the sea to fresh-water 
streams, and eventually to dry land. Survival of such 
forms was associated with maintenance of constant 
osmotic activity of their body fluids through evolu- 
tion of osmoregulatory devices while fluids de- 
creased. 

Changing osmotic conditions occasioned the evo- 
lution of special cells and tissues which permitted 
retention or exclusion of the proper amount of wa- 
ter and solute for the animal. 

Biological mechanisms. The actions of osmoreg- 
ulatory mechanisms are (1) to impose constraints 
upon the passage of water and solute between the 
organism and its surroundings and (2) to accel- 
erate passage oi water and solute between organ- 
ism and surroundings. The first effect requires a 
change of architecture of membranes in that they 
become selectively permeable and achieve their 
purpose without expenditure of energy. The accel- 
erating effect, apart from requiring a change of ar- 
chitecture of cell membranes, requires expenditure 
of energy and performance of useful osmotic work. 
Thus, substances may be moved from a region of 
low to a region of higher chemical activity. Such 
movement can occur in opposition to the forces of 
diffusion, of electric field, and of pressure gradient 
which act across the cell membrane. It follows that 
there must be an energy source derived from the 
chemical reactions of cellular metabolism and that 
part of the free energy so generated must be stored 
in molecules driven across the membrane barrier. 
Active transport is the modern term for Buch proc- 
esses. The manner whereby chemical energy can be 
transferred into osmotic energy has not yet been 
determined. Examples of osmoregulation follow. 

Fresh- water fish and frogs can pump water out 
of the body via the urine. The survival in dilute 
fluids is thereby accomplished. The salt-water fish 
pumps salt from its body to the sea across the gills. 
This removes the salts of ingested ocean water, 
thus permitting survival with brine as the source 
of water. Of interest is the absence of glomeruli in 
the kidneys of some marine forms like the toadfish 
and the goosefish. Such aglomerular kidneys ex- 
crete smaller volumes of urine than do glomerular 
kidneys and possess, in their tubular cells, trans- 
port systems for the excretion of salt. The alba- 
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Summary of osmotic performance In various animals* 


Osmotic char- 
acteristics 

Principal 

mechanisms 

Examples 

Osmotic adjust- 

No volume regula- 

Marine inverte- 

ment 

lion 

bral<* eggs, 
Phascolosorna 


Volume regulation 

Marine inollusks, 
Maja , Nereis 
ftelagica, 

N. rullrifera 

Limited osmo- 

low permeability; 

/V. diversicolor 

regulation 

suit reahsorption 
in nephridiaP 



Water storage 

Gunda 

Fair osmoregula- 

Selective ahsorp- 

Care inns 

tion in hypo- 

lion of salts from 


tonic media 

medium, kidney 
reahsorption or 
secretion, low 
permeability 


Regulation in 

Unknown 

Urn 

hyper- and in 
hypotonic 
media except 
at extremes 

Unlimited regu- 

Hypotonic copious 

Crayfish, fresh- 

la lion in hypo- 

urine, salt reab- 

water leleosls. 

tonic media 

sorption or water 
secretion, low 
surface permea- 
bility 

Amphibia 


Water imperniea- 

Fresh- water 


bility 

embryos 

Maintenance of 

Urea retention 

Klusinohrunchs 

hyper tonicity 
in all media 

Regulation in 

Kxlmrenal salt ex- 

Marine t.eleosts 

hypertonic 

crelion, low water 


media 

intake 



Unknown 

Artemia 

Regulation in 

low skin perinea- 

Earthworm, frog 

moist air 

bilily, salt ab- 
sorption from 
medium, salt re- 
absorption in 
kidney 


Regulation in 

Impermeable 

Insects 

dry air 

cuticle; hyper- 
tonic urine 



Hypertonic urine. 

Birds and mam- 


water reabsorp- 
tion in kidney 

mala 


* From G. L. Prosser el al. (eds.), (' om par alive Animal 
Physiolttgy , Saunders, 1950. 


tross and penguin, by secreting an extremely hy- 
pertonic nasal fluid, can survive with sea water as 
the sole source of water, a unique biological ad- 
vantage for a terrestrial animal. See Salt gland. 

The table presents a zoological c lassification of 
various modes of osmotic defense in several phyla 
of animals. 

Theoretically, the requirements for efficient os- 
moregulation would be (1) development of active 
transport mechanisms for solute and for water, (2) 
development of barriers to free diffusion of solute 
across membranes or cells, that is, selective perme- 
ability characteristics, and (3) the integration of 
such mechanisms into appropriate organ systems in 
intact animals. This includes the development of 
complex controlling systems for osmoregulatory 
organs. For example, the posterior-pituitary neu- 
rohormonal system regulates urinary flow and con- 


centration in birds and mammals. See Urinary sys- 
tem. 

TRANSPORT PROCESSES 

A stringent definition of active transport of j ons 
requires that a net amount of material must be 
moved unidirectionally across a biological harrier 
that is. either a membrane or cell, against the 
forces of diffusion, against the forces of an cltvtri. 
cal field, and even against the force of a hydrostatic 
pressure gradient. For individual ions, such a move 
ment is said to be against the electrochemical p<*. 
tential gradient, a term defined thermodynamicalb 
by E. Guggenheim and by J. Gibbs. An equalb 
stringent definition applied to water transport 
would require movement of water against gradi- 
ents of hydrostatic pressure and of chemical poten- 
tial. In the most general sense, active transport of 
a substance means its movement against the free 
energy gradient; therefore, the process requites j 
source of free energy from cellular metabolism. 
Exactly how metabolic energy is funneled into a 
cellular mechanism capable of doing osmotic work 
is unknown. Various hypotheses have been pro- 
posed to account for the transport of solutes across 
cellular membranes. The following is a brief de- 
scription of the elements of some of the populai 
schemes for solute transport. 

Oxidation-reduction systems. The%lements of 
such a scheme are that ( 1 ) there is the presence of 
oriented electron transporting reaction in the mom 
hraney>(2l the reaction results in movement of a 
given ion, at a single site from a region oj low 
to a region of high electrochemical activity, with 
generation of an electromotive force; and (3i tin* 
electric field so generated transports another ion ot 
opposite charge in the same direction. Alternative!) 
the field could move a similarly charged ion. at a 
separate site in the membrane, in a direction oppo- 
site to that of the primary ion movement. In either 
case, the laws of eleetroneutrality are satisfied for 
the whole system, while osmotic work is done on 
the transported particles. The active transport of 
sodium (Na 4 ) ion with passive transport of chlo- 
ride (Cl ) ion across the frog skin can be described 
in stepwise manner using the assumptions of an ox- 
idation-reduction mechanism. 

Figure 1 illustrates schematically the operation 
of an oxidation-reduction mechanism designed for 
the active transport of Na + ions. 

The reaction in the membrane is oriented, b\ 
means of unspecified constraints, at the interface 
across which the actively transported ion is ejected. 
Thus Na + ion enters the cell membrane by combin- 
ing electrostatically with a carrier substance X i° 
yield undissociated NaX. The undissociated com- 
plex diffuses across the membrane wherein the ori- 
ented reaction is between cytochrome-oxidized and 
cytochrome-reduced. Then 

NaX + Cyt +++ Na* + X neutral + Cyt 44 

and the free Na+ ion formed is ejected from the 
cell as the electron moves in the opposite direc- 
tion and reduces the oxidized cytochrome. To sat* 




0.10 M NaCI. 

i4y electroneutrality, a negative ion (Cl ) must he 
transported at a site spatially separated from that 
of cation transport. A separate electron donor sub- 
stance must he present to convert X neutral to X 
inn. a process requiring metabolic energy. Although 
never proven rigorously, the assumptions of this 
-rheme may he used to account for many osmoregu- 
l.iltuy processes in cells across which a measurable 
fleet ric field exists. 

Forced ionic exchange and carrier systems. 

Some investigators believe that electrical potentials 
across cell membranes are merely diffusion poten- 
tials secondary to the ionic gradients produced by 
a carrier-type of transport. They postulate the ex- 
istence in a membrane of a charged substance, say 
X . in the case of cation transport. At one inter- 
lace, the carrier or the mechanism ejects Na‘ ion 
from the cell and simultaneously injects K' ion into 
the cells. This is called a forced ionic exchange 
process and produces no electrical potential. At an- 
other site of the membrane, there are pores filled 
with water. According to the K. Meyer, J. Sievers 
and T. Teorell concept, there are fixed negative 
charges along the inner walls of such pores; hence 
electropositive ions can enter the pores more read- 
ily than can electronegative ions. Therefore, the po- 
tential difference across the membrane interface 
°ught to be predicted by the Nernst relation 

AE = RT/F\nA*/A , 

where A E is the potential difference; R and T the 
gas constant and absolute temperature; F the fara- 
way; n the number of equivalents of ion moved; 
and A i and A 2 the chemical activities of the pas- 
sively transported ion on each side of the mem- 
brane. This means that the transmembrane distri- 
bution of ions produced by the forced exchange 
mechanism results in the production of diffusion 
Potentials across the negatively charged pores. Ac- 
cording to this scheme, most of the observed poten- 
tial difference is due to the high intracellular con- 
centration of potassium. The absence of a diffusion 
Potential from the high extracellular concentration 
of sodium has been related to a high specific resist- 
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ance for this ion across the membrane. A Nernst 
type of relationship has been observed within a lim- 
ited range of concentrations of K + and Na* in the 
external medium of systems like frog skin and 
squid axon. A precise measurement of intracellular 
K + and Na* content and the equilibrium assumption 
inherent to the Nernst equation remain unsolved 
problems. Moreover, the postulated carrier sub- 
stance has never been isolated. Nevertheless, the 
assumptions of forced ionic exchange with carrier- 
transport can explain several observations in os- 
moregulating systems. 

An interesting example of a carrierlike concept 
is that of R. Goldacre. A protein molecule is pic- 
tured in the coiled state such that its charges on 
carboxyl and amino groups are satisfied, and such 
that it has no net charge. The uncharged coiled 
molecule diffuses to the cell membrane where it is 
uncoiled by an energy-requiring process and attains 
a net charge. It attracts ions from the medium by 
coulomhic forces, and the ion-protein complex 
moves across the cell to the opposite side. There 
it is ac tivated energetically to resume the coiled or 
spiral shape, whence its attached ions are released 
into the solution or ejected from inside to outside 
of the cell. Goldacre has used the scheme to ac- 
count for osmotic work done by amebas. 

Dependence on membrane properties. R. Oster- 
houl and others have noted that NH :4 (ammonia) 
rather than NIT 1 1 (ammonium) ions could pene- 
trate the membrane of marine eggs and mammalian 
red blond cells. This deduction, made from observed 
staining of cells with neutral red, received support 
when the observation was extended to include the 
movement of several weak acids and bases across 
various biological membranes. The so-called trap- 
ping concept of diffusion of weak electrolytes was 
developed as follows. The membrane is assumed 
permeable for the undissociafed. but not for the 
dissociated, species of a given buffer pair, (riven a 
gradient of pH across the cell such that the 
pH of external fluid is less than that in the cell, 
and the molecules involved are NIG — NH.|, then 
NH.x would diffuse down its chemical concentration 
gradient into the acidic solution where it forms 
NHjOH (ammonium hydroxide) and dissociates 
forming NIG'. If the pH gradient is kept constant. 
NH.i will diffuse continuously to the acid side where 
it accumulates NHj + ions. The concentration ratio 
of rNHal -4- I NH 4 + 1 of the fluid on each side* of 
the membrane is predictable from the Henderson 
relationship. Thus it can be shown that 

[NH^irOHr] = rNHw][OH„] 

where the subscripts denote the concentrations in- 
side and outside the cell. 

The formation of undis9ociated molecules 01 of 
ion pairs occurs in the nonaqueous solvent phase 
of a membrane. This principle has been employed 
to account for the accumulation of potassium in 
cells. Thus K* and OH ions combine in the mem- 
brane to form KOH, which in turn diffuses across 
the membrane toward the cell interior, at which in- 
terface the ion pair "dissociates into K + and OH“ 
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ions. The force causing dissociation of KOH at the 
cytoplasmic interface is the maintenance of a low 
cellular pH. This is achieved in plants by metabolic 
acid production, by diffusions, or by both, and 
by several anions in plant and in animal cells, and 
consequently the performance of osmotic work may 
be explained by the concept of trapping and ion- 
pair formation. 

MEMBRANE PERMEABILITY 

Implicit in all theories of transport of water or 
solutes are assumptions on the permeability prop- 
erties of the membrane. For example, in a Na + 
transporting system, the carrier concept implies 
that NaX will diffuse rapidly across the membrane, 
while free Na' ions diffuse slowly or not at all. This 
is a device for potentiating diffusion of a sluggishly 
diffusible substance and is economical from a 
thermodynamic viewpoint. If the membrane were 
freely permeable for a transported solute, the rate 
of back diffusion of that solute would increase as 
its concentration on the transported side in- 
creased. Since concentration gradients across cell 
membranes are high, back diffusion rates would be 
high. Thus, the mechanism would require a large 
amount of energy to accomplish net transport for 
a solute, while overcoming the force of back diffu- 
sion of that solute. These and other considerations 
led to much experimental and theoretical work 
from which emerged concepts of membrane perme- 
ability. 

Lipid-pore concept. The modern picture of mem- 
brane structure is approximately a composite of 
older ones of a lipid phase permeated with pores. 
Presumably, fatty acid molecules are lined up per- 
pendicular to the cell surface with their polar ends 
pointing toward the aqueous medium. Biological 
membranes are at least of a thickness equal to the 
length of two fatty acid molecules. Protein mole- 
cules, arranged so that their long axes are tan- 
gential to the membrane surface, form a lacy net- 
work or mosaiclike pattern over the membrane. The 
hydrocarbon groups link the polypeptide chains to 
the underlying fatty acid, while the polar groups 
remain in aqueous phase. A protein film, so ad- 
sorbed, is insoluble in water, and is about 5-50 
angstroms thick and quite stable. The over-all bio- 
logical concept is that nonpolar molecules pene- 
trate the membranes by dissolving in the lipoid 
phase, while polar substances, like the inorganic 
ions, can penetrate if the membrane pore diame- 
ter is larger than the ionic diameter. See Cell 
MEMBRANES AND MONOLAYERS. 

Resin network. A commonly used assumption 
pictures the pore as a cylindrical hole penetrating 
the membrane at a right angle to its surface. The 
concept of the aqueous filled pore is a complicated 
one. C. Scatchard has postulated that the mem- 
brane is a continuous resin network formed like a 
sponge. The .aqueous interstitial fluid forms a con- 
tinuous network between the branching molecules of 
resin lattice. This aqueous network is functionally 
equivalent to a pore. 


Fixed ionic charges. Assuming the presence of 
pores in membranes, Meyer, Sievers, and Teorell 
formulated the theory of fixed charges on p f)rr 
walls. It is known that artificial membranes such a* 
collodion, silicates, or protein, when interposed be- 
tween two electrolyte solutions of different conccn 
tration, give rise to an electrical potential differ- 
ence. In a membrane with positively charged pores 
the dilute solution would be positive in an external 
circuit to the concentrated one; in a membrane 
with negatively charged pores, the reverse orienta- 
tion would hold. According to K. Sollner, the dc. 
viation of magnitude of the membrane potential 
from that of free diffusion between the same two 
electrolytes at a liquid junction with no membrane 
is an inverse function of membrane porosity. The 
assumption of fixed charges on pore walN has ex- 
plained a wide variety of data in artificial perm- 
selective membranes. There are gaps in the theory 
such as the nature of Donnan forces between im- 
movable charges and penetrating ions a: the two 
interfaces of the membrane and within the charged 
pore itself. However, useful analogies between ar- 
tificial perm-selective membranes and biological 
membranes have been made. In particular, perm- 
selectivity of nerve, muscle, or frog skin mem- 
branes, and diffusion potentials have been invoked 
to account for the electrical and osmotic proper- 
ties of these tissues. 

MECHANISMS OF WATER TRANSPORT 

Thc^mechanisms for water transport in living ami 
in nonliving systems may be listed as follow*: 
(1) hydrostatic forces; (2) osmotic gradient* 
(3) electroosmosis; and (4) miscellaneous -ohem 
ical reactions, thermal gradients, contractile vacu- 
ole, and pinocytosis. 

Hydrostatic forces. Operationally, one uMialh 
defines flow of fluid through a tube in terms of two 
main parameters, namely, pressure and resistance 
to flow. It follows that a bulk flow of fluid across 
any boundary requires a force, and that the direc- 
tion of such flow is down the gradient of pressure 
Filtration refers to the passage of water or solu- 
tion under the influence of a hydrostatic: force 
through the pores of a membrane interposed be 
tween two solutions of identical concentration A 
filtration process separates undissolved constituent" 
from a solution, while ultrafiltration separates dis- 
solved constituents (proteinate) from a solution. 

Gibbs-Donnan forces . Ultrafiltration refers to the 
passage of solute and water across a membrane 
between two nonidentical solutions in a system lik e 
that conceived by J. Gibbs and F. Donnan. The sim- 
plest example of such a system is shown below. 

Nai+ Clf Na*+ Cl 2 ' 

Prot 

(1) Membrane (II) 

Figure 3 presents an experimental model of the 
system at equilibrium. 

Conditions are that the membrane M P errn,ts 
passage of Na + , Cl“, and water, blit not of protein 




Fig. 2. Simple model illustrating a Gibbs-Donnan 
equilibrium system. 

Ue. At equilibrium, one can derive the well-known 
i flat ion 

NWlfClf 1 - |Na 2 4 1 KV] 

Since [Na 2 ~* ] = [Gl^ - ! it follows that 

[N ai ‘J + [Cl, 1 > [Na 2 l ] + [Clr] 

This means that a hydrostatic pressure must be 
applied to side I to prevent the osmotic flow of 
solvent from IT to I. The osmotic conditions at equi- 
librium (no bulk flow) are 

INV] + [Clr] + [Protl 

- [Na 2 + ] + [Clr] 4 \p/ RT] 

"here p is the hydrostatic pressure difference be- 
lUep n I and II, R the gas constant, and T the ab- 
^‘lute temperature. Ultrafiltration will occur when 
{ he pressure applied to solution I is sufficient to 
^ove the solution from I to II, that is, in a direc- 
bon opposite to that of the osmotic gradient. 

Movement of material by filtration must be dia- 
^nguished from movement by diffusion. In filtra- 
l, °n, a net movement of a finite mass of solvent oc- 
enra; while in diffusion, as it is usually defined, 
l here is no net movement of solvent. By definition, 
Ihe only force operative in a diffusion cell is that 
°f the gradient of chemical potential of the trans- 
ported solute material. H. Ussing made use of such 
differences when he measured permeability coeffi- 
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cients of various biological membranes with and 
without net movement of solution. 

Filtration across capillaries . Examples of hydro- 
static movement of water or solution in biological 
systems may he found in capillary beds and in 
glomeruli of kidneys. As blood is pumped by the 
heart into the arterial side of a capillary system, 
the hydrostatic pressure head pushes an essen- 
tially protein-free filtrate of the blood plasma 
across the capillary wall into the interstitial fluid. 
When the blood reaches the venous side of the cap- 
illaries, the blood pressure has been dissipated, 
and, as predicted from the balance of Donnan 
forces and of hydrostatic pressure forces, an os- 
motic* flow of fluid occurs from the interstitial fluid, 
across the capillary wall, and into the venous cap- 
illary. Tn the steady state, the amount of fluid fil- 
tered equals the amount of fluid reabsorbed from 
the capillaries. This is a skeletal description of the 
classic concept of capillary function patterned 
mainly after the work of E. Starling and E. Landis. 
Recent modifications are (1) that of R. Chambers. 
R. Zweifaeh, and E. Shorr, who have found evidence 
of capillary shunts through which blood can flow 
without losing or gaining protein-free fluid; and 
(2) that of F. Chinard, who can explain data on 
isotopic flux in many capillary beds by invoking 
the action of diffusional forces. Chinard, by means 
of phenomenological equations, has shown that 
glomerular filtration must be occasioned by both 
osmotic and hydrostatic forces. Without hydrostatic 
pressure, there would he no hulk flow, and theoreti- 
cally, solutes would get from glomerular arteriole 
to glomerular capsular fluid by virtue of the diffu- 
sional forces operating across the glomerular mem- 
brane. 

The aforementioned considerations apply not 
only to all animals possessing a vascular system, 
but to any cellular forms containing protein-rich 
cytoplasm within a plasma membrane surrounded 
by a protein-free fluid environment. This criterion 
can be applied to unicellular animals, multicellular 
animals, as well as to the tissues of practically all 
invertebrates and vertebrates, aquatic and terres- 
trial. In animal cells, hydrostatic pressure is small 
\ about 10-50 mm Tig) but sufficient to balance os- 
motic difference occasioned by the Donnan forces 
operative across the plasma membrane. However, 
in plant cells, the hydrostatic pressure can be rela- 
tively tremendous (15-30 atmospheres) owing* to 
the tough cellulose wall encasing the plasma mem- 
brane. 

Osmotic gradients. The presence of osmotic 
pressure differences across porous membranes is 
considered as one of the most important factors 
causing a net osmotic flow of water in biological 
systems. The usual assumption made for the system 
| Solution I | Membrane | Solution II | is that 
the membrane is permeable to solvent, but not to 
solute. Such a requirement for the membrane is 
approximated in highly selective cation- or anion- 
permeahle membranes. However, most living mem- 
branes such as amphibian skin and bladder, nerve. 
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eggs, erythrocytes, stomach, intestine, bladder, cap- 
illaries, and even mitochondria appear to be perme- 
able to solutes of small molecular weight, that is, 
of molecular weights up to at least 200, as well as 
to water. This means that the water activity of 
cellular fluid tends to equilibrate rapidly with that 
of extracellular fluid, so that appreciable osmotic 
differences between the phases rarely exist. Despite 
wide differences in chemical composition between 
cellular and extracellular fluid, there exist no 
measurable differences of water activity. Water 
aclivity has been evaluated by the usual measures 
of colligative properties such as freezing point de- 
pression, melting point, or vapor tension lowering. 

The aforementioned remarks are not so general 
as they might appear, because large osmotic pres- 
sure differences are present, or appear to be pres- 
ent, across membrane in many biological systems. 
All of the osmoregulating forms present such os- 
motic pressure differences. 

Examples of systems with apparent osmotic gra- 
dients are [ | body fluid | gills j pond water | | 
in fresh-water fish, crabs, and worms; | | body 
fluid | skin | pond water | ] in Amphibia; [ | 
body fluid | renal tubular cell | urine | | in kid- 
neys producing urine either hypertonic or hypo- 
tonic to the body fluids; and [ | soil water | pro- 
toplast | cytoplasm | ] in plants. 

Franck-Mayer hypothesis. The steady-state main- 
tenance of osmotic gradients across cells has been 
a biological problem for years. The magnitude of 
some gradients (such as the urine of a hydroponic 
dog, 1S00 milliosrnoles per kilogram and plasma. 
300 rnilliosmoles per kilogram) is too great to be 
explained by hydrostatic pressure gradients, except 
in plant cells. This led to the Franck and Mayer 
hypothesis of osmotic gradients. Apart from main- 
tenance of gradients, their hypothesis included a 
mechanism for transporting water (solvent) from 
a solution of high osinolaritv to a solution of low 
osmolarity; that is, the mechanism could move wa- 
ter up its gradient of activity. Figure 3 illustrates 
the essentials of the Franck-Mayer scheme as ap- 
plied to the process of formation of hypertonic 
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Fig. 3. Scheme of an intracellular osmotic gradient in 
a kidney tubule during production of osmotically con- 
centrated urine. Osmotic activity C is plotted along the 
ordinate, while cell thickness X is plotted along the 
abscissa. 


urine. When the intracellular osmotic activity (' 
at the lumen side of a renal tubular cell is slightly 
greater than that of the luminal fluid (urine), and 
the intracellular osmotic activity at the interstitial 
side of the cell C is equal to that of the intersti- 
tial fluid, water could be transported from the hj. 
men to the interstitial fluid. The postulated source 
of solutes at Co was a depolymerizing reaction, en- 
zymatically catalyzed, whence a large molecule was 
split into numerous small particles at the interface. 
Thermodynamically, the minimum free energy ex- 
penditure for maintenance of the gradient by the 
mechanism, regardless of its origin, must be at least 
equal to the heat dissipation, or to the decrease of 
free energy of solute diffusing from to X\. The 
number of particle^ Q diffusing across an area A of 
cell in unit time is 


Q = - DA 


(Ci - Co) 

(Ai — Xu) 


for steady-state conditions. D is the diffusion, co- 
efficient X = X\ = Xo. the cell thickness or path 
length for diffusion. The equation is an integrated 
form of Fick’s equation with the implicit assump 
tion of a flat sheet of cells and zero hulk flow. The 
rate of decrease of free energy for the diffusion is 


~ QRT In (Co/r> 

where A F is the change of free energy, t the time 
R the gas constant, and T the absolute tempcratiue 
Sinc^ diffusion is an irreversible process, the free 
energy loss cannot he funneled hack into the t rail- 
porting or gradient-creating mechanism. An evalua- 
tion of the minimum rate of expenditure of free en- 
ergy, made by W. Brodsky, W. Rehm, W. Dcnnh 
and D. Miller, in the case of mammalian renal 
cell, yielded a value of 21,000 kcal/(kg) (hour I 
This is about 1000 times the maximal rate of respi- 
ration for living cells and imposes a severe limita- 
tion on the theoretical use of intracellular osmotic 
gradients as devices for water transport in biologi- 
cal systems. A major limitation of the Franck- 
Mayer scheme is the short diffusion path, one cell 
width or about 20 p.. If the whole gradient were 
confined to the plasma membrane of water-trans- 
porting cells, the intensity of energy expenditure 
would be greater than that calculated, for mem- 
brane thickness is only about 100 angstroms. 

Countercurrent systems . An ingenious way out o. 
the Franck-Mayer dilemma is the so-called counter- 
current multiplier system of B. Hargitay. W. Kuhn, 
and H. Wirz. This scheme wa9 originated by ana *’ 
ogy with the well-known physical laws of heat fj ovv 
in concentric pipes containing counterflowing nuiu s - 
The elements of the scheme applied to the mam- 
malian kidney are illustrated in Fig. 4. The ni>t 
step in the production of osmotically concentrate 
urine is glomerular filtration which produce* an 
ultrafiltrate of 300 milliosmoles/liter, isoosmotj 1 
with plasma. The filtrate in the proximal ttibu 1 
suffers a reduction of volume without change of 
motic activity. Next the fluid enters the descending 




Fig. 4. (a) Schematic presentation of a renal counter- 
current system for production of an osmotic gradient 
in the interstitial fluid and consequently for production 
of urine of osmotic activity greater than that of plasma. 
All numbers indicate osmotic activity in milliosmoles 
per liter; s, direction of the diffusion of salts; w, direc- 
tion of diffusion of water, (b) An anatomical reference 
diagram of the structures shown in a. 

limb of the loop of Ilcnle where it suffers further 
reduction of volume, but increases in osmotic ac 
tivity by equilibrating with hypertonic interstitial 
fluid. This raises the questions of how hypertonic 
interstitial fluid is produced and how the osmotic 
gradient from cortex to papilla is maintained. 

C. (rottschalk has assumed that the ascending 
limb of the loop of Henle contains a salt pump 
which can pump salt from the lumen to the inter- 
stitial fluid and that this region of tubule is im- 
permeable to water. Such a pump would tend to 
produce a region of hypertonicity in the intersti- 
tial fluid. The maintenance of the gradient under 
S teady-state conditions is occasioned by the coun- 
torcnrrent design of the vasa recta (postglornerular 
branches of arterioles from glomeruli in the sub- 
cortical regions of the kidney). As the descending 
Part of the vasa recta plunges into the hypertor\ie 
Papilla, salts diffuse into the blood, concentrating 
l \ toward the hypertonic level of papillary intersli- 
tl al fluid. As the ascending branch of the vasa 
^merges from the papilla, it moves salt-laden blood 
toward the cortex, a region isotonic with peripheral 
blood. Therefore, salts diffuse from the blood to- 
ward the interstitial fluid and the osmotic gradient 
maintained. 

The source of energy for this process is the Na + 
0r salt pump in the ascending limb of the loop of 


Osmoregulatory mechanisms 439 

Henle. The lumen fluid herein is actually diluted as 
the tubule moves from the loop to the. juxtaglom- 
erular portion of the tubule. Between the juxta- 
glomerular region of the tubule and the point 
where it joins the collecting duct, the tubular walls 
are supposedly water- permeable. Water then moves 
from the lumen to the isotonic interstitial fluid, 
from which it is carried back to the body by the 
renal vein. This step is the true water-economy 
mechanism for the body. A tubular fluid, isotonic 
with peiiphera! blood, then enters the cortical por- 
tion of the collecting duct. As the collecting duct 
proceeds toward the papilla, its contents equili- 
brate osmotically with those of the interstitial fluid. 
Since osmotic activity of interstitial fluid increases 
in moving from cortex to papilla, the osmotic equi- 
libration renders the final urine hypertonic to the 
systemic plasma. 

During periods of excess water intake, the mam- 
malian kidney elaborates a urine hypotonic to the 
pla«ma. Presumably, dilution of body fluids during 
water ingestion reduces secretion of the antidiu- 
retic hormone of the posterior pituitary gland. Ab- 
sence of this hormone may, according to (Issing, 
reduce the le\el of water permeability of the tubu- 
lar cells. Thus, the salt pump in the ascending limb 
of Henle’s loop will dilute its luminal fluid, but this 
fluid will not equilibrate osmotically with intersti- 
tial fluid as it passes through the distal tubule and 
collecting duct. 

The biologic al applications of countercurrent 
systems have been fruitful for the explanation of 
diverse phenomena. It has been invoked to account 
for heat conservation in the extremities or skin of 
aquatic warm-blooded animals such as seals, 
whales, or ducks. Tt may be present in gill systems, 
in swim bladders, or in any system containing or 
separating two solutions of different osmotic ac- 
tivity. K. Sohmidt-Nielsen has noted the importance 
of diffusion length in such systems, showing that 
the relative length of renal papillae in desert ani- 
mals is greater than that in other mammals. 

Osmotic gradient in plant cells . A typical plant 
cell is that found lining the pith, phloem, cortex, 
or xylem of succulent plant organs. It consists of 
a cell wall of great tensile strength, cytoplasm, and 
nuclei. An osmotic gradient between the cell and its 
surrounding fluid is created by a mechanism trans- 
porting salts from the external region of low con- 
centration to the intracellular region of relatively 
high salt concentration. The exact mechanism for 
the transport could be the transmembrane transport 
of an anion such as nitrate (NCbr) at a site sep- 
arate from that of cation movement. Alternatively, 
it could be b> formation of ion-pairs in the mem- 
brane. In either case, the osmotic pressure differ- 
ence across the membrane provides a force oriented 
to drive water from the exterior to the interior of 
the cell. Water penetrates into the cell, until the 
interna] (turgor) pressure is sufficient to stop the 
flow. Such turgor pressures are of the order of 
10-20 atmospheres. 

Plasmolysis . The process (Fig. 5) of shrinking 
the cytoplasm and vacuole by immersing an isolated 
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Fig. 5. Osmotic behavior of plant cell during plasmol- 
ysis. (a) The plant cell is immersed in an external me- 
dium which is hypotonic to the cytoplasm, (b) The cell 
is immersed in an external medium which is hypertonic 
to the cytoplasm. 


plant cell in a solution of higher osmotic activity 
than that of plant cytoplasm is plasmolysis. Pre- 
sumably, no osmotic shrinking or swelling would 
occur if the cells were immersed in a solution of 
the same osmotic activity as its cytoplasm. Such 
data on plasmolysis may not give a true measure 
of osmotic activity of plant cells because of sol- 
ute penetration. Nevertheless, a good approxima- 
tion may be made in cells from which solute leaks 
very slowly and into which external solute does not 
penetrate. The data are usually checked by cryo- 
scopic determinations on the juice of pulverized 
cells. Discrepancies in the results have been found 
when both techniques have been applied to the same 
plant tissue. 

Electroosmosis. If a membrane of porous clay, 
collodion, or silicate is placed between two identi- 
cal electrolyte solutions and electrical current is 
passed across the whole system, a flow of solution 
across the membrane occurs. This phenomenon, 
known as electroosmosis, led to much work on ar- 
tificial membranes. The implication is that an elec- 
trical force can transport water up an osmotic gra- 
dient and up a hydrostatic pressure gradient. 
K. Sollner has postulated that electroosmosis is 
related to the sign and density of fixed charges on 
the pore walls of membranes and the differences in 
mean or effective pore diameters in a given mem- 
brane. This led to the preparation of membranes 
of high electrochemical activity. 

In the system 

| Electrolyte solution I | Membrane { 

Electrolyte solution II | 

an electric potential difference .can be detected 
across the membrane. The magnitude and orienta- 
tion of the potential depends on the nature and con- 
centration of the two solutions, and the pore diam- 
eters and density of fixed charges on the walls of 
the pores. The fixed charges are negative carboxyl 
groups in cation- permeable membranes and posi- 
tively charged amino groups (— NH.i f ) in anion- 
permeable membranes. 


A perfect electronegative membrane would be 
permeable to cations only; hence the Nernst rela- 
tion 


E« RTa 2 
E Fa, 

would hold, implying that current through mem- 
brane pores is carried by cations only. Of biological 
interest are certain properties common to both liv- 
ing and nonliving membranes. For example, an 
electrical potential difference across a membrane 
separating two dissimilar solutions and ion selec- 
tivity in the membrane are characteristic of sys- 
tems in plant cells, muscle tissue, frog skin, kidney 
tubules, gastric mucosa, and many others. Apart 
from such qualitative analogy, the fixed charge 
scheme of Meyer, Sievers, and Teorell and the 
membrane pore heterogeneity of Sollner have not 
been fitted precisely into a theory involving living 
membrane. 

With externally applied current, a process known 
as anomalous osmosis has been observed in ion-se- 
lective membranes. Thus, when a charged mem- 
brane, such as oxyhemoglobin collodion, separates 
two electrolyte solutions, each of different osmot in- 
activity, water will flow for a transient period from 
the concentrate to the dilute solution (negative 
anomalous osmosis). Under certain conditions, wa- 
ter flows transiently in the direction Required b\ 
the osmotic force assembly, but with magnitude dif- 
ferent from that occasioned by the osmotic force. 
Sollner has determined the contribution of osmotic 
flow dlfe to osmotic force and due to anomalous 
osmosis. First, the transient flow is measured across 
an uncharged membrane. Then the transient flow is 
measured across the same membrane after it has 
been rendered positively or negatively charged !>> 
adjusting its pH. The difference of transient flow 
rates permits an estimate of ordinary and of anom- 
alous osmosis. Since anomalous flows were detected 
easily in systems at physiological concentration 
levels, the phenomenon is of biological interest. 

Miscellaneous forces related to water trans- 
port. Thermal gradients, if present in living cells, 
could provide a force for water movement. This is 
purely speculative, because the amount of water 
moved would be small and the direction of move- 
ment would be uncertain. 

Chemical reactions with production of, or with 
consumption of, water would provide a device for 
water transport. However, the molar quantity of 
water involved in most known reactions is small 
compared to the known rates of water transport 
in animals. 

Hydration and dehydration of protein molecule* 
have been invoked as water-transporting processes 
It is difficult to tell whether a protein molecule ab- 
sorbs pure solvent or bulk solution, and it is even 
more difficult to see how such a system could drive 
water in a given direction. 

Contractile vacuoles, the structures in the cyto- 
plasm of Protozoa such as paramecia, have been 
observed extensively while the paramecia were ifl»- 



Osmosis 441 


versed in solutions of varying osmotic activity. The 
vacuole appears to fill with water, burst, and conse- 
quently extrude its contents. The rate of pulsation 
of the vacuole increases as the external medium is 
rendered dilute. Vacuolar activity depends on met- 
abolic energy as shown by the suppressing action of 
cvanide. The mechanism of water transport of con- 
tractile vacuoles could be by a secretion of water 
into the vacuole, by hydrostatic pressure forces ap- 
plied to the vacuole, or by secretion of solute and 
diffusion of water into the vacuole. 

Pinocytosis is a term applied to the engulfing of 
water or solution by pscudopodlike processes of 
leukocyte membranes. The droplet of water is en- 
gulfed by the outer surface of the membrane, 
wherein it migrates to the inner surface at which 
point it is pushed into the cell. 

Neurohormonal control systems. Given the pres- 
ence of water- and solute-transporting mechanisms, 
the organism requires controlling machinery to 
govern such processes so that effective osmotic reg- 
ulation will be maintained. The system in mam- 
mals. though complex, has been studied extensively. 
Therefore, a presentation of the elements of such a 
Kirill can provide a model, applicable by analogy 
to the osmoregulating system of other animal 
hums. Anatomical elements of the mammalian sys- 
tem are the neurohypophyseal tract of the hypothal- 
amus and posterior pituitary and the kidney tubule, 
probably the distal part plus collecting ducts. 
Osmoreceptor cells, sensitive to small (1-4 % ) 
changes of blood osmotic activity, are present in 
'itprahvpophyseal tract of the hypothalamus. When 
these cells respond to osmotic stimuli, impulses 
arc sent through the nerve tract to the nosterior 
portion of the pituitary gland. The gland responds 
In increasing or by decreasing the rate of secretion 
"f antidi uretic hormone, ADH. The hormone, after 
reaching the blood, is carried to the kidney where 
it affects the water-transporting cells of the tubule 
and collecting ducts so that they transport water, 
apparently against the forces of osmosis, from the 
tubular lumina to the blood. The entire nerve-hor- 
mone-renal osmotic chain helps maintain constant 
^molarity of the body fluids under conditions of 
excessive as well as deficient water intake. 

If the animal ingests a large volume of water, 
p qual to 2-5% of its body weight, the absorbed 
fluid becomes distributed through the total body of 
water and thereby dilutes the osmotic activity of 
Ce llular, interstitial, and plasma fluids by 1-3%. 
Presumably, the osmoreceptors respond by reduc- 
es their rate of transmission of impulses, and con- 
sequently the output of ADH from the posterior 
pituitary to blood i9 reduced. The absence of per- 
fusing hormone is supposed to reduce the osmotic 
Permeability to water of the tubular and collecting 
duct cells. This means that water remains in the 
lumen and that urine, of copious volume and hypo- 
l °nic to blood, is produced. Consequently, the in- 
fested load of water is eliminated, and the body 
fluids are concentrated back to the optimal level 
°f osmotic activity. 


If the animal is deprived of water for 12-24 
hours, the body fluid becomes slightly concentrated. 
The osmoreceptor cells transmit impulses to the 
posterior pituitary which in turn secretes ADH at 
an accelerated rate into the blood. The hormone 
supposedly increases the osmotic permeability of 
tubular and collecting duct cells. Then water is re- 
moved by osmotic forces from the lumen to the hy- 
pertonic interstitial fluid surrounding the collecting 
duct. This process concentrates the urine osmoti- 
cally and reduces the volume excreted. Conse- 
quently. a small amount of water without solute is 
returned to the body fluids. This tends to reduce 
the osmotic activity of body fluid toward a normal 
level. I'w.a.br.] 

Bibliography : F. P. Chinard, Formation of glom- 
erular fluid, Am.. J. Physiol ., 171:578-606, 1952; 
H. T. Clarke (ed.). Ion Transport Across Mem- 
branes , 1954; A. S. Crafts, II. B. Currier, and C. R. 
Stocking, Water in the Physiology of Plants , 1949; 
A. Krogh. Osmotic Regulation in Aquatic Animals , 
1939; C. L. Prosser (ed.). Comparative Animal 
Physiology , 1 950. 

Osmosis 

The transport of solvent through a semi permeable 
membrane separating two solutions of different sol- 
ute concentration. The solvent diffuses from the 
solution that is dilute in solute to the solution 
that is concentrated. The phenomenon may be 
observed by immersing in water a tube partially 
filled with an aqueous sugar solution and closed at 
the end with parchment. An increase in the level of 
the liquid in the solution results from a flow of wa- 
ter through the parchment into the solution. The 
process occurs as a result of a thermodynamic 
tendency to equalize the sugar concentrations on 
both sides of the barrier. The parchment permits 
the passage of water, but hinders that of the sugar, 
and is said to he semipermcable. Specially treated 
collodion and cellophane membranes al$o exhibit 
this behavior. These membranes are not perfect, 
and a gradual diffusion of solute molecules into the 
more dilute solution will occur. Of all artificial 
membranes, a deposit of cupric ferrocyanide in the 
pores of a fine-grained porcelain most nearly ap- 
proaches complete semipermeability. 

The flow of liquid through such a barrier may be 
stopped by applying pressure to the liquid on the 
side of higher solute concentration. The applied 
pressure required to prevent the flow of solvent 
across a perfectly semipermeable membrane is 
called the osmotic pressure and is a characteristic 
of the solution. The walls of cells in living organ- 
isms permit the passage of water and certain sol- 
utes, while preventing the passage of other solutes, 
usually of relatively high molecular weight. These 
walls act as selectively permeable membranes, and 
allow osmosis to occur between the interior of the 
cell and the surrounding media. See Edema ; Plant, 

WATER RELATIONS OF; SOLUTION. [F.J.J.] 

Bibliography \ A. E. Alexander and P. Johnson, 
Colloid Science, vol. 1, 1949. 
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Osteichthyes 

The bony fishes. one of three classes of Recent 
fishlike vertebrates which includes most of the fa- 
miliar fishes. The class is similar to the Chon- 
drichthyes or cartilaginous fishes, and contrasts 
with the Agnatha in having jaws, paired nostrils, 
true teeth, paired fins and girdles (unless lost sec- 
ondarily), three semicircular canals, and scales 
(unless lost or modified). The Osteichthyes con- 
trast with the Chondrichthyes in having a bony 
skeleton, a swimbladder (at least primitively), a 
true gill cover, and mesodermal ganoid, cycloid, 
or ctenoid scales. These scales are sometimes ab- 
sent or modified. Fertilization is usually external, 
but if it is internal, the intromittent organ is not 
derived from pelvic-fin claspers. Most often a mod- 
ified anal fin or a fleshy tube or sheath functions 
in sperm transfer. 

Phylogeny. It is now believed that bony fishes 
preceded cartilaginous fishes. This interpretation 
runs counter to the long-accepted belief that carti- 
lage preceded bone in phylogeny as well as in on- 
togeny. This assumption received support from the 
largely cartilaginous endoskelelon of lungfishes 
and sturgeons, which are living representatives of 
ancient groups. It was also believed that sharks 
were ancestral to bony fishes. It is noted, however, 
that the oldest fishes were bony, and that in such 
temporal lineages as the old aelinnpterygiun fishes 
and the lungfishes. ancient forms were better ossi- 
fied than are their recent derivatives. Thus carti- 
lage may he regarded as having been acquired sec- 
ondarily. The adaptive advantage of cartilage in 
developmental stages appears to explain satisfac- 
torily its prevalence in young fishes. 

Classification. The Osieiehthves are divided 
into two subclasses, the Actinopterygii, or ray-fin 
fishes, and the Sareoptervgii. or ehoanate fishes. 
The latter are subdivided into the two superorders, 
Crossoptervgii and Dipnoi. It is instructive to note 
that bony fishes made their first appearance in the 
Middle Devonian, with the more or less simultane- 
ous appearance of the Actinopterygii. the Crossop- 
tervgii, and the Dipnoi. The three groups were well 
differentiated at that time: it seems clear, then, 
that the history of the group extends further back 
than the record thus far reveuls. 

The Sareoptervgii were destined to experience 
moderate success until early Mesozoic time after 
which they barely persist. Today’s fauna includes 
only three families, four genera, and seven species 
of this subclass. The major contribution of the 
group has been its successful paternity, in the 
croRsopterygian line, of amphibians and higher 
classes of vertebrates. In the late Paleozoic the 
Actinopterygii, developing somewhat more slowly, 
realized marked success in the palaeonisciform 
line, a group that was replaced by ascendant de- 
velopment of amiiforms and related groups in the 
Mesozoic, to he succeeded hv the enormous out- 
bursts of clupeiform, cypriniform, and perciform 
successors in the Upper Cretaceous and Eocene. 
Most modern fishes belong to these same groups 


which are conveniently termed teleosts. The Recent 
fauna of the class Osteichthyes includes 2 su[, 
classes. 31 orders, about 333 families, very roughly 
3,100 genera, and probably between 15,000 and 17. 
000 species. 

A classification scheme of the Osteichthyes f 0 |. 
lows. Equivalent names of each group are gi\e n i n 
parentheses. See separate articles on each group 

Class Osteichthyes 

Subclass Actinopterygii 

Order Polypteriformes (Cladistia) 

Order Acipenseriformes (Chondrostei \ 
Order Seinionotiformes (Protospondvli and 
( ringlymodi ) 

Order Amiiformes ( Halecotnorphi ) 

Order Clupei'forines (Isospondyli and Hap- 
lomi ) 

Order Myetophiformes ( Ininmi ) 

Order Saecopharyngi formes (l.vomeri) 
Order Cyprini formes (Ostariophysi ) 

Order Anguilliformes (Apodes) 

Order Notacanthiformes (Heteromi I 
Order Belnni formes (Svnentognathi ) 

Order Cvprinodonti formes ( Microcv print i 
Order Gasterostei formes (Thorucostei and 
Soleniehthyes ) 

Order Gadiformes ( Anaennthini ) 

Order Gampridi formes ( Allotriegnalhi l 
Order Percnpsi formes ( Salmopereae ) 

Order Bervciformes ( Beryeomorphi ) 

Order Zei formes (Zeomorphi ) 

/Order Perei formes i Aeanthopfery gii • 

Order Pegasiformes (Hypostomides \ 

Order Pleuronertiforines ( Heterosomata ) 
Order Erheneiforines ( DGcocepluili > 

Order Tetraodnnti formes ( Pleetognuthi ) 
Order Gohiesoeiformes (Xenoptery gii ) 
Order Batraehoidiformes (llaplodoei) 
Order Lophiiformes ( Pedieulati ) 

Order Mastaeeniheliforrnes (Opisthomi) 
Order Synbranchiformes (Symhranchii ) 
Subc lass Sarcopterygii ( Amphihioidei ) 
Superorder Crossopterygii 

Order Osteolepiformes (Hhipidistia ) 

Order Coelacanthiformcs (Coelacant^m 
and Aetinistia) 

Superorder Dipnoi (Dipneusta ) 

Currently, there is a lack of general agreement 
as to the nomenclature of higher groups of fi^hrv 
Broadly, two systems are employed, that of C. G 
Regan and the more recent one of L. Berg. In d ,r 
Berg system, ordinal names, like familv names, are 
formed by the addition of a standard suffix, -forme*, 
to the stem of a type genus. See Actinopterygii- 
Osteichthyes fossils; Pisces (zoology); 
COPTERYGII. fn.M.B-. 

Bibliography. L. S. Berg. Classification 
Fishes , Both Recent and Fossil t 1947. 

Osteichthyes fossils 

The class Osteichthyes includes all the higher bon> 
fishes as distinguished from the more priijnRh'e oP 
tracoderms and placoderms which al&o had a bon> 
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Chondrostean 


Structure 

(palaeoniscoid) 

llolostean 

Primitive teleost 

Advanced teleost 

skull roof 

Nearly smooth 

Neurly smooth 

With crests and de- 
pressions 

With e rests and de- 
pressions 

Check area 

Covered with hones 

Covered with Itones 

Open 

Open 

Notochord 

Rodlike 

Still present; replaced 
in some by bony ver- 
tebrae 

Replaced by Itony 
vertebrae 

Possesses vertebrae 

Dorsal fin 

Single 

Single 

Single 

Spiny-rayed part, 
soft-rayed part 

Caudal fin 

Notochord extends 
into upper lobe 

Notochord ends ut 
base of fin; upper 
lobe composed of 
rays only 

Hays attached to en- 
larged bones at end 
of vertebral column 

Rays attached to en- 
larged l tones at end 
of vertebral column 

Cpper jaw 

Fastened to cheek 
bones 

Freed from cheek 

Attached only at 
snout 

Attached only at 

SIlOlll 

Paired fins 

Broad bases; scales on 
front Itorders 

Narrow bases 

Narrow bases; in 
primitive position 

Modified in position: 
pelvic, forward; pec- 
toral, elevated 

\ikiI fin 

Scales along front 
border 

Scales along front 
lx >rder 

No scales on front 
border 

Spines phis rays 


-kHcton. and from the sharks which have a carti- 
laginous skeleton. The osteichthyan bony skeleton 
i«s ii retention, with modifications and elaborations, 
of the skeleton of ancestral placodcrms. The 
•lull, in particular, has a basic architecture which 
v\a^ early modified into three types: the actinop- 
icrygian, the crossopterygian, and the dipnoan. See 
OsTR \ CODER M t ; Pf.ACOUF.RMI. 

Osteichtlivan classification (A. S. Homer. 1945; 
i - S. Berg, 1958 ) is unsettled mainly because the 
nh\letic relationships of the included groups are 
poorly understood. A conservative arrangement is 
therefore followed here. 

Clds< Osteichthyes 

Subclass Actinopterygii, ray-finned fishes 
Superorder Chondrostei, palaeoniscoids. stur- 
geons 

Superorder Holostei, semionotoids, amioids 
Superorder Teleostei, elupeoids 

•Subclass Sarcopterygii ( = Choanichthyes) , 
lobe-finned fishes 

Order Crossopterygii, rhipidistians and coe- 
lacanths 

Order Dipnoi, lungfishes 

The placoderm ancestry of the Osteichthyes is 
unknown. With the first appearance of the class in 
the Devonian, it was already separated into the 
atfinopterygians and the sarcopterygians. 

Subclass Actinopterygii. In addition to a char- 
acteristic skull pattern, the actinopterygians may 
hr readily distinguished by the structure of the 
paired fins which have the rays attached to a small 
internal skeleton at the fin base. The three super- 
stars Chondrostei, Holostei, and Teleostei are ac- 
tually evolutionary grades (see table) rather than 
natural categories (Fig. 1). 

Superorder Chondrostei . The primitive chondros- 
teans » or palaeoniscoids, were a conservative group 
J^hich existed from the Devonian to the Jurassic. 
They gave rise to a more progressive group, the 


Triassic Mjbliolosteans, which combined palaeonis- 
coid and hulostean characters in various ways, and 
were transitional to the Holostei. The transition 
included changes in the feeding mechanism, in the 
opercular region, in the braincase, in the fins, and 
in the tail. 

Superorder Holostei. There are at least four 
major evolutionary lines at the holostean level: 

( J ) the semionotoids, which first appeared in the 
late Permian and include the living gars; (2) the 
more diversified amioids which began in the Trias- 
sic and include the modern Amia; (3) the long- 
snouted aspidorhynchoids which lasted from the 
late Jurassic through the Cretaceous; and (4) the 
Mesozoic pholidophoroids which gave rise to the 
teleosts. The aberrant pycnodonts, frequently re- 
garded as holosteans, may have arisen directly 
from the palaeoniscoids. 

Superorder Teleostei. The pholidophoroid-tele- 
ost transition probably occurred in the late Trias- 
sic and involved no major morphologic change. The 
lowest teleost level, represented by the heterogene- 
ous isospondyi assemblage, retained abdominal 
pelvic fins and other pholidophoroid characters 
which were lost in the more advanced groups. The 
elupeoids, which appeared in the Jurassic, are the 
most generalized isoepondyls and include the basic 
stocks for all the other teleost lines. A number of 
other living groups were represented in the Creta- 
ceous, such as the salmonoids, stomiatoids, Apodes, 
heteromids, and iniomids. The berycoids and a 
primitive carangoid also are known from the Late 
Cretaceous. They introduced the highest level of 
teleost organization, the mostly marine Acanthop- 
terygii, with spines on the fins, thoracic pelvic fins, 
and a characteristic modification of the hyoid ap- 
paratus. Most modern teleost families which have 
a fossil record appear abruptly at the beginning 
of the Tertiary. This can only mean that there was 
an explosive radiation during the Cretaceous in 
both fresh water and" marine environments which 
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coelacanth 



f, 9- 2. The lobe-finned fishes. 


are poorly represented in the fossil record. The 
°slariophysids, percoids, scombroids, blennioids, 
plfii’Tognaths and scorpaenoids are examples of 
B r( mps which were fully differentiated in the Eo- 

Subclass Sarcopterygii. The term Choanichthyes 
,s n ° longer appropriate for this subclass because 
coelacanths, and possibly the Dipnoi, do not 
^ ave choanae. The class Sarcopterygii (substitute 
riaf ne that was suggested by Alfred S. Romer, 1955) 
Was separated into the Crossopterygii and Dipnoi 
a * least by the Early Devonian. The structure 
the paired fins, with an internal skeleton of 
ar chipterygial type, the structure of the scales. 


and the presence of two dorsal fins indicate, among 
other resemblances, that they probably had a com- 
mon origin and that they are only distantly related 
to the actinopterygians (Fig. 2). 

Order Crossopterygii. The crossopterygians were 
divided into two branches in the Devonian, the 
rhipidistians and the coelacanths. The fresh-wa- 
ter rhipidistians, which were heavy-bodied, preda- 
ceous fishes, gave rise to the tetrapods, also in the 
Devonian. This is demonstrated by the structure of 
the skull, the vertebrae, and the skeleton of the 
paired fins. The rhipidistians became extinct dur- 
ing the Permian. The coelacanths evolved from 
primitive rhipidistians and developed distinctive 
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modifications in the skull and the postcranial 
skeleton. During the course of their long history, 
they inhabited both fresh-water and marine envi- 
ronments. Coelacanths have not been found in Ter- 
tiary rocks, but the living Latimeria closely resem- 
bles its Mesozoic ancestors. 

Order Dipnoi. The dipnoans, with their crush- 
ing dentition and characteristic skull structure, 
have been a strictly fresh-water group since the 
Devonian. Like the coelacanths, they have had a 
conservative history, mostly involving a reduc- 
tion in ossification and modifications in the fins and 
scales. I B.s.j 

Bibliography : L. S. Berg, System der rezenten 
and fossilen Fischartigen und Fisc hr (translated 
from 1955 Russian edition), Berlin, 1958; A. S. 
Romcr, Vertebrate Paleontology , 2d ed., 1945. 

Osteolepiformes 

An order of fossil crossopterygians also known as 
the Rhipidistia and Osteolepidoti. Osteolepis mac- 
ro! epidotus is the best-known species. The body of 
Osteolepis was covered with cosmoid scales. A pair 
of small premaxillae and large maxillae were pres- 
ent and armed with small teeth. The tail was het- 
erocercal or trifid diphyccrcal, and the paired fins 
were bluntly lobed. A pineal “eye” occurred in this 
species. See Crossocterycii. I l.h.l. ] 

Osteomyelitis 

Inflammation of a bone and its adjacent bone mar- 
row, usually resulting from infection. Pyogenic 
(pus-forming) organisms, such as the hemolytic 
staphylococci, are the most frequent agents in acute 
cases. Chronic forms occur and may be induced by 
tuberculosis, syphilis, and other microorganisms. 
All forms have decreased in incidence since the 
advent of the antibiotics. See Staphylococcus; 
Syphilis; Tuberculosis. 

Pyogenic infections may he blood-borne in a se- 
ries of conditions which vary from relatively mild 
local infections to fully developed bacteremias. The 
simple act of chewing, for example, may cause the 
release of bacteria from periodontal abscesses into 
the blood. Other routes of infection include local 
or direct spread from a neighboring soft-tissue le- 
sion such as a boil or abscess, or may be due to con- 
tamination of bone exposed during trauma. 

The long tubular bones of the arms and legs are 
most often involved. Bone destruction can become 
extensive if prompt diagnosis and treatment is not 
initiated. The acute phase is marked by suppura- 
tion, that is, a pus-forming inflammatory reaction. 
A persistent osteomyelitis tends to become chronic 
and shows combined reparative attempts mingled 
with continued tissue breakdown. The acute clini- 
cal course is marked by fever, chills, leukocytosis, 
and local symptoms of inflammation such as pain, 
swelling, and redness of the affected part. 

Chronic osteomyelitis may show little direct evi- 
dence of its presence, and attention may be directed 
to it only incidentally or as the result of fracture 
of a weakened bone after minor stress. In other 


cases, however, a chronic osteomyelitis may gj^ 
constant signs and symptoms of its presence, de- 
pending on the etiologic agent and the bone in- 
volved. See Bone. c st 1 

Osteostraci 

An order of extinct jawless vertebrate fishes of the 
class Agnatha known from the Late Silurian and 
Devonian of Europe, Asia, and North America 
Also called Cephalaspida, they were mostly small, 
about 2 in. to 2 ft in length. The head and pari 
of the body were encased in a solid armor of bom* 
while the posterior part of the body and the tail 
were covered with thick scales. Some early forin^ 
lacked paired fins, though most possessed flaplikr 
pectoral fins. One *>r two dorsal fins were present 
Their depressed shape and the position of the eye*, 
on the top of the head suggest that Osteostraci 
were bottom dwellers (Fig. 1). The throat region 



Fig. 1. The ostracoderm, Hemicyclaspis, a cephalas 
pid, a very early jawless vertebrate^of the Lower 
Devonian. About one-half natural size. (From E. H 
Colbert, Evolution of the Vertebrates, Wiley, 1955 ] 



Fig. 2. The upper and lower surfaces of the head in 
the Devonian ostracoderm, Cephalaspis, a cephalai 
pid. ( From E. H. Colbert, Evolution of the Vertebrates , 
Wiley, 1955) 


was covered below by small plates and had a srii'iU 
mouth in front. 

The gill chamber was large and contained a- 
many as 10 pairs of gills, each opening * e P a ' 
rately to the exterior (Fig. 2). It is believed that 
they fed by sucking in water and straining out the 
contained food particles in the gills. Because the 
internal skeleton of the head was often bony, ,N 
structure is well known. Details of this structure- 
particularly the single, dorsal, median nostril - an 
the presence of only two pairs of semicircular <’ a 
nals indicate a relationship to extinct Anaspida an 
to some living Cyclostomata. All are grouped ,n 
the^ subclass Cephalaspidomorphi. The Devonia 11 
Cephalaspis is the best-known genus. See AgNAJH 
Anaspida; Cephalaspidomorphi; Cyclostomat* 
(Chordata); Ostracoderm. [r.h-u* > 
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Ostracoda 

\n order of the class Crustacea considered by some 
authorities to be a subclass. They are hivalved or- 
ganKnis. world-wide in distribution, found in a vari- 
Hy of marine and fresh-water habitats. Mesoeypris 
terrpstris Harding is a land inhabiting species. The 
\a«t majority of the approximately 1700 known 
living species of ostracods are free-living; how- 
ever. members of the genus Entocy there live as com- 
mensals on the gills of crayfish. The reported spe- 
cies of the genus Sphaeromicola live eommensally 
on amph ipods and isopods. Cypridopsis hartivigi 
Vliiller is predaceous, preying upon snails of the 
-pecies Hu! linns contort us and Blanorbis glabratus . 
See Amphji’OOa; Isopooa. 

LIVING OSTRACODS 

r.xtant o-tramds are divided into the Myodocopa. 
I’ldhcopa. Cladocopa. and Podocopa. In addition 
to tht“<e. paleontologists add the Paleocopa. which 
are extinct. These five* groups are classified as 01 - 
flcisor suborders by different authorities. See sepa- 
rate articles on each group. 

Morphology. Knowledge of the morphology of 
ostracods has been obtained mainly from studies of 


representatives of the fresh- water family Cypridae. 
The ostracod shell is composed of three layers: a 
thin waxy outer layer, a hard mineralized portion 
consisting of an organic mesh impregnated with 
calcium carbonate and other minerals, and an inner 
chitinous coaling composed principally of chitin 
and proteins. The valves range in length from 0.35 
mm. in the fresh-water species Cypridopsis yura- 
tanensis Furtos, to several inches in some species. 
The shell is commonly pigmented, and may be 
covered with spines, tubercles, hairs, pustules, and 
pore canals. The valves are closed by the action of 
adductor muscles. 

Appendages. Ostracods tvpically possess seven 
pairs of segmented appendages and one unseg- 
niented pair. Usually, there are four pairs of 
postoral appendages: however, species of the sub- 
order Platyeopa have just three pairs, and the 
Cladocopa have two pairs of appendage ^ posterior 
to the mouth. The appendages starting from the 
anterior are first antennae, second antennae, man- 
dibles, maxillae, first thoracic legs, second thoracic- 
legs. third thoracic legs, and the imseginented 
caudal rami, or furcac. The thoracic appendages, 
though commonly referred to as walking legs, are 
not always adapted to locomotion. 



( a » 




Right valve of Cypricercus tuberculatus (Sharpe 
1^08). (b) Cypria turneri Hoff 1942, first antenna. 

Cypria turneri, second antenna. ( d ) Cypricercus 
tuberculatus (Sharpe 1908), maxilla, (e) Cypricercus 
^berculatus, mandible. (/) Candona hoffi Ferguson 
^53, first thoracic appendage of female, (g) Candona 


hoffi, second thoracic appendage of female, (h) Can- 
dona hoffi, third thoracic appendage of female, 
(i) Candona hoffi, caudal ramus (furca) of female. 
(/) Cypria ophthalmica (Jurine 1820), mesial view of 
right valve showing testes, (k) Physocypria pustulosa 
(Sharpe 1897), lateral view of the left valve of male. 
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Digestive system. The alimentary canal of ostra- 
cods consists of the atrium, or mouth, the esopha- 
gus, stomach, intestine, hindgut, and anus. The 
hepatopancreases, or livers, are paired glands situ- 
ated in the hypodermis: they discharge their secre- 
tions into the stomach through ducts. 

Excretory system. The excretory system of the 
fresh-water Cypridae includes a pair of excretory 
glands (glands of the first antennae) located along- 
side the esophagus, a pair of shell glands, and a 
single; maxillary gland. Each of these glands pos- 
sesses a dorsal urinary canal and a ventral endsac. 

Respiratory system. Among the Ostracoda, the 
typical respiratory structures, common in most or- 
ders of Crustacea, are absent. Oil Is have been ob- 
served in only a few species of the subfamily 
Asteropinae. The respiratory epithelium of the in- 
ner lamellae of the shell, the branchial plates of the 
appendages, and the natatory setae of the antennae 
are considered among the more important respira- 
tory organs of ostraeods. 

Nervous system. The central portion of the nerv- 
ous system consists of a cerebrum, a eircumeM>pha- 
geal ganglion, and a ventral series of fused ganglia. 
The principal nerves are the optic, antennulary, 
nntennary. labral. labial, mandibular, maxillary, 
thoracic (legs), and abdominal. 

The sense organs include a conspicuous, heavily 
pigmented eye, absent in the Cladocopa and Platv- 
copa. that is situated in the anterodorsal portion of 
the body. Auditory structures, in the form of ellip- 
soidal bodies, are located at the bases of the first 
antennae. An olfactory club is attached to the ante- 
penultimate podoinere (segment of an appendage) 
of the second antenna. Sensory hairs are present on 
both pairs of antennae and on the distal podomcres 
of the mandibular palpi. 

Muscles. Tn addition to the adductor muscles, 
well developed muscles are attached to both pairs 
of antennae and to the labium, labrum. mandibles, 
maxillae, thoracic legs, and furcae. 

Reproductive organs. The reproductive organs 
follow the bilaterality common to other organs of 
the body. Ostraeods are dioecious, that is, the sexes 
are separate. The female reproductive system in- 
cludes the ovaries in the posteroventral region of 
the shell, the oviducts, seminal receptacles, and 
vaginae. The male organs of generation are the 
testes, that appear as circuitous bundlike organs; 
the vasa deferentia. coiled threadlike structures 
resembling a coiled watch spring; the ductus ejacu- 
latorius which is placed posterodorsally ; and the 
paired penis, situated posterior to the ejaculatory 
duct. 

Production and Development* Reproduction is 
always sexual. Both parthenogenetic (development 
of an unfertilized egg) and syngamic (development 
of a fertilized egg) types of reproduction are com- 
mon among members of this order. Some species, 
for example, Cypridopsis vidua (Muller), repro- 
duce only by parthenogenesis. In other species, syn- 
gamy apparently is the sole method of reproduction. 
Many species are oviparous (egg-laying), while 


others, such as Darwinula stevensoni (Brady and 
Robertson), are viviparous (bear living young) 
The spermatozoa are long, threadlike structures 
frequently longer than the adult ostracod. The eggs 
arc usually round or oval in shape. Many species 
produce eggs that are brightly colored. Due to n<. 
calcium-impregnated, double- wall shell and the 
presence of a large quantity of water within its 
cavity, the ostracod egg is able to remain viable 
during long periods of drought. Because the ostra- 
cods have the ability to withstand desiccation, one 
investigator was able to culture them in aquaria 
from mud imported to Norway from South America. 
Africa, and Australia. 

The egg of the fresh-water Cypridae hatches into 
a bivalved nauplius. The nauplius has three pairs of 
appendages, the first and second antennae and the 
mandibles. During the course of development, nine 
instars appear, the last being the sexually mature 
adult. | k.i.| 

FOSSIL OSTRACODS 

These have been studied intensively since the\ 
were found to be useful in petroleum geulngx. Cer- 
tain species and genera lived onl\ during a rela- 
tively brief geologic interval, and are important a* 
guide fossils, or keys to geologic age (sec India 
iossil). Like other microfossits. they* small size 
permits the paleontologist to obtain complete fau- 
nas fiom well cores. Ostraeods were numeions in 
the past, and occur in many kinds of sediments. 

Clarification is difficult because the soft parts, 
by which living ostraeods are classified, are onl\ 
very rarely fossilized. It is therefore based on -hap*- 
of the carapace, nature of the hinge, the wav one 
valve overlaps the other, muscle scars, the presence 
ol dimorphism, lobution. and presence or absence 
of such structures as dupliraturc. frill, evespnt. or 
brood pouch. Many families, superfaniilies. ami 
suborders are extinct, and possessed structures m.t 
known in living ostraeods. These forms have m» 
living descendants to which they can he compared. 
Other difficulties stem from incomplete descriptions 
and inadequate illustrations in the older literature. 
Immature instars (developmental stages) muM he 
recognized as such, and included in the same spe 
ries as the adults. 

Orientation of extinct ostraeods is done by com- 
parison with living forms. In general, adductor 
muscles migrate forward during ontogeny (develop- 
ment of the individual) and are anterior in the 
adult. The posterior part of the carapace is the 
widest, and the anterior part is highest. From the*** 
criteria, the relative positions of other structure* 
can be determined. 

The range of fossil Ostracoda is questionable- 
Certain flexible, partly calcified carapaces from 
Cambrian strata arc thought by some to be Ostra- 
coda; if so, they are the oldest known. Undoubted 
ostraeods occur frofn the Ordovician to the Recent. 

Many fossil ostraeods belong to the suborders 
Podocopa and Myodocopa, which are still extant. 
Others, from Paleozoic rocks, are classified as the 
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^border Paleocopa. See Cladocopa; Crustacea; 
\1yodocopa; Paleocopa; Platycopa; Podocopa; 
see also Parthenogenesis. [r.v.k.] 

Bibliography: R. S. Bassler and B. Kellett, Bibli- 
ographic Index of Paleozoic Ostracoda , Geol. Soc. 
Am. Spec. Papers 1, 1934; E. Ferguson, Jr., A new 
cyprid Ostracod from Maryland, /. IP ash. Acad . 
Sci. 43:194-197, 1953; C. C. Hoff, The Ostracods of 
Illinois , Illinois Biol. Monograph, 19:1-196, 1942; 
R. V. Kesling, The Morphology of Ostracod Molt 
Stages , Illinois Biol. Monograph, 21:1-324, 1951; 
G. W. Muller, Ostracoda, Das Tierreich , 31:1-434, 
1912. 

Ostracoderm 

A popular name applied to several groups of ex- 
tinct jawless vertebrates (fishes). Most of them 
were covered with an external skeleton or armor of 
bone, from which is derived their name, meaning 
“shell-skinned.” They are known from the Ordovi- 
cian, Silurian, and Devonian periods, and thus in- 
clude the earliest known vertebrates. Together with 
their presumed descendants, the living Cyclosto- 
mata. they form the class Agnatha. Sec Agnatha; 
Cyclostomata (chordata). 



Ostracoderms, jawless vertebrates of Silurian and De- 
vonian age, drawn to the same scale, (a) Hemicyclas- 
pis was a cephalaspid or Osteostrad. (b) Pterolepis, 
on anaspid. (c) Pteraspis, a pteraspid or Heterostraci. 
kf) The/odus, a coelolepid. (From E. H. Colbert, Evo- 
lution of the Vertebrates , Wiley, 1955) * 

The following groups are generally considered 
as ostracoderms : ( 1 ) Osteostraci, bottom-living 
forms with the head and anterior part of the body 
encased in a single shield; (2) Anaspida, relatives 
°f Osteostraci with a more normal fishlike shape 
and with small, thick scales; (3) Heterostraci, a 
group unrelated to Osteostraci and Anaspida, with 
the head and anterior part of the body enclosed 


in an armor formed of several or numerous plates; 
(4) Coelolepida, small forms whose skin is set with 
minute scales. Sec Anaspida; Coelolepida; Het- 
erostraci; Osteostraci. [r.h.de.] 

Ostrich 

Any of four large, terrestrial, flightless birds of the 
genus StruZhio , order Struthioniformes, which are 
widely distributed in Africa. Best known is the 




The ostrich, Struthio camelus camelus. ( Arthur W. 
Ambler , National Audubon Society) 


ostrich of northern Africa, S. camelus. This is the 
largest of all living birds; the males attain a height 
of 8 ft and weigh 200 lb. Ostrich eggs and flesh 
are used as food. The birds are reared in captivity 
as novelties and for their plumes, which are 
plucked from living birds. The plumes are widely 
used in millinery and for other ornamental pur- 
poses. 

Somewhat similar to the ostrich, but structurally 
different and classified in separate orders, are the 
emus of Australia, the rheas of South America, 
and the now extinct moas of New Zealand. See 
Struthioniformes. [j.d.b.] 

Otter 

Either of two aquatic or semiaquatic carnivores of 
the family Mustelidae; one is marine, the other a 
fresh- water species. The fur of both is valuable; 
for example, at one time that of the sea otter, En - 
hydra lutris , commanded prices of $2500 or more 
apiece. The sea otter is now present only in very 
limited numbers in the Aleutian Islands and off 
southern California, and is completely protected. 
The river otter, LuJtra canadensis , formerly ranged 
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The otter, Lutra canadensis ; length 4—5 ft. (From E. L. 
Palmer, Fieldbook of Natural History, McGraw-Hill, 
1949) 


over all except the arid parts of North America, 
hut is now extinct throughout much of its original 
range. However, it is still moderately common in 
the southern swamps, where a few pelts are har- 
vested each vear. It is an intelligent, plavfnl ani- 
mal. attaining a length of 4 ft and weighing up to 
20 lb. The sea otter is about the same length hut 
much heavier-bodied: a large adult may weigh 
80 lb. .Sec Carnivora. | j.d.b. | 

Otto cycle 

Spark ignition reciprocating engines such as are 
used in automobiles operate in accordance with 
the Otto cycle. N. A. Otto (1832 18 C >1 > built a 
highly successful engine that used the sequence of 
engine operations proposed bv Beau do Boehas in 
1862. The Otto cycle can be adapted to run either 
as a four-stroke engine cycle or as a two-stroke en- 
gine cycle. 

Four-Stroke cycle. The engine mechanism con- 
sists of a piston in a cylinder. An intake valve and 
an exhaust valve are located in the top or head end 
of the cylinder (Kig. 1 ). 

In operation a charge, consisting of an explosive 
mixture of air and fuel, is drawn into the engine 
cylinder through the intake valve as the piston 
moves down from its initial top center position. At 
the end of this suction stroke, the intake valve 
closes, and the piston moves back on its second, or 
compression stroke. Shortly before the piston has 
reached the top of its stroke, a spark igniles the 
fuel mixture, and the resulting combustion rapidly 
raises the temperature and pressure of the gas held 
bv the top center position of the piston. On the 
third stroke (downward), expansion of the gases 
does useful work. Near the bottom of this expansion 
stroke, the exhaust valve opens and some exhaust 
gases rush out. The bulk of the remaining exhaust 
gases are pushed out by the sweep of the piston on 
the fourth (upward) return stroke of the cycle. The 
exhaust valve then closes, the intake valve opens, 
and the cycle is repeated. In this engine arrange- 
ment, one power stroke is obtained for every four 
strokes of the piston, or for every two revolutions 
of the crankshaft. 

Two-Stroke cycle. The two-stroke cycle engine re- 
quires an auxiliary air pump, which introduces the 
new charge by blowing the spent gases out of the 
cylinder. In this way, it is possible to obtain one 


power stroke for every revolution of the crankshaft 
This two-stroke spark-ignition arrangement is 
efficient than the four-stroke engine because extra 
air is handled beyond that required for combustion 
and because some incoming fresh charge is lost j n 
scavenging the spent gases from the cylindei be- 
tween cycles. 

Actual engine process. The actual processes of 
an internal combustion engine depart widely from 
the ideal cycle. The actual cycle uses a mixture of 
air and a complex chemical fuel which is either a 
volatile liquid or a gas. The rate of the combustion 
process and the intermediate steps through which 
it proceeds must he established. The combustion 
process shifts the analysis from one set of chemi- 
cals, constituting the incoming mixture, to a new 
set representing the burned products of combus- 
tion. Determination of temperatures and pres^m^ 









Fig. 1. Air-standard Otto cycle. 




Fig. 2. Effect of compression ratio on efficiency of air- 
standard Otto cycle and on actual Otto engine. 


at each point of the periodic sequence of processes 
K*qiiires information on such factors as variable 
qif'ciiie heats, dissociation, chemical equilibrium, 
.uul heal tiansfer to and from the engine parts. 

Air-standard cycle. Heeause of this complexity of 
the actual internal combustion engine, it is helpful 
to uve the air-^landard cycle (see Thermodynamic 
i w i.K ) to analyze the Olio cvele. Such a procedure 
HilMitutes a thermodynamic cycle for an engine 
(informing with changing mass and a periodic rep- 
H it ion of the processes. The employment of an air- 
"tandard e\de give*- considerable insight into the 
< haracteristics of important noncvelic gas power 
plants, and also paves the way for possible future 
advances in which cyclic gas power plant** mav play 
a i ole in conjunction with nuclear heat sources. 

The air-standard Otto cycle employs a unit quan- 
tity of ail in an insulated cylinder equipped with a 
Irirt ionless piston. The cylinder head is alternate!) 
insulated and uncovered for heat transfer purposes. 
With the piston at top center, the compressed air 

initially exposed to heat transfer from a hot 
body. This constant-volume heat addition process, 
marked a-b on Fig. 1. is followed hy insulation of 
•he cylinder head and an isentropic expansion b-c 

tilt' bottom of the piston travel. Then the cylinder 
head is provided with a cold body so that the path 
'■</ represents a constant- volume heat rejection 
process. Insulation is returned to the cylindei head 
Iul *he last process d-a % which is an isentropic com- 
pression; this process completes the cycle. 

Because of the simplifying assumptions, tliis air- 
standard approximation to the Otto cycle gives re- 
vl,, h« that differ numerically from those measured 
b*r the actual Otto engine, hut the trends are simi- 
lar as illustrated hy Fig. 2. This graph shows that 
p fficieney increases with the compression ratio, but 
ihe situation becomes one of diminishing returns 
a * Ihe higher-compression ratios. The efficiency of 
^°*h the air-standard and the actual Otto engine in- 
cases with increasing compression ratio. 

Ihe efficiency of the idealized air-standard Otto 
'Trie can be expressed by 
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T) — efficiency 

r v = volumetric compression ratio 
/r -■= ratio of the specific heat at constant pressure 
to the specific heat at constant volume; it has 
the value of 1.40 for air 

In 1%8, laboratory evidence indicated that actual 
Otto engines have peak efficiencies at a compression 
ratio of about 17:1. Above this ratio, efficiency falls. 
The most probable explanation offered is that the 
extreme peak pressures associated with high com- 
pression ratios cause increasing amounts of disso- 
ciation of the combustion pioducts. This dissocia- 
tion near the beginning of the expansion stroke ex- 
erts a more deleterious effect on efficiency than the 
corresponding gain due to increasing the compres- 
sion ratio bevond 17:1. (j.n.l 

Ovary 

A part of the reproductive system of all, female ver- 
tebrates. Although not vital to individual survival, 
the ovary is vital to perpetuation of the species. 
The function of the ovarv is to produce the female 
germ cells or ova. and, in some species, to elabo- 
rate hormones that assist in regulating the repro- 
durt ive cycle. 

Although the ovaries develop f as bilateral struc- 
tures in all vertebrates, adult asymmetry is found 
in certain species of all vertebrates from the elas- 
mobranehs to the mammals. This asymmetry may 
he morphological a- a result of fusion or atrophy, 
or it may he physiological. 

The position of the ovaries in the coelom varies 
within different vertebrate groups. Those animals 
producing large numbers of eggs possess ovaries 
that almost fill the eoelomie cavity during the 
breeding season, hut most vertebrates have rela- 
tively small ovaries. The ovaries may he anchored 
to the dorsal body wall anywhere between the 
transverse septum (lower vertebrates) and the pel- 
vic cavity (higher mammals). Sec (’rONAD. 

Histology. The ovary of all vertebrates functions 
in essentially the same manner. However, the ovar- 
ian histology of the various groups differs consid- 
erably. Even such a fundamental element as the 
ovum exhibits differences in various groups. The 
ovum of oviparous forms is large, and it synthesizes 
and stores large amounts of yolk. The ovum of vi- 
viparous forms, espec ially the mammals, is small 
and contains little yolk. 

Mammalian ovary. The mammalian ovary is at- 
tached to the dorsal body wall hy a mesovarium. 
The free surface of the ovary is covered hy a modi- 
fied peritoneum called the germinal epithelium, 
shown in illustration (ci). This layer may consist of 
a single or a stratified layer of cells, and the cell 
shape may vary from squamous to eolunmar. de- 
pending upon the species. The activity of this 
layer, especially during the embryonic develop- 
ment of the gonad whereby cells are proliferated 
into the interior, is responsible for its name. The 
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(o) Ovary of pika, Ochotona princeps. (b) Ovary of 
pocket gopher, (c) Ovary of prairie dog, Cynomys 
leueurus. ( d ) Ovary of chicken, Gallus domesticus . (From 
W. Andrew, Textbook of Comparative Histology, Ox- 
ford, 1959) (e) Ovary of lizard, Xantusia vigi/is. (Cour- 


fesy Or.. M. Miller) (f) Ovary of frog, Rana sp. (From 
W. Andrew, Textbook of Comparative Histology, 0* 
ford, 1959) (g) Ovary of viviparous fish, Neofoco 
bilineata. (From G. Mendoza, Biol. Bull., vol. B4, 1943) 






potentialities of this layer are still a matter of con- 
troversy. 

Just beneath the germinal epithelium is a layer 
of fibrous connective tissue, varying in thickness 
and density in different species and at different 
phases of the reproductive cycle in the same spe- 
cies. This is the tunica albuginea, shown in illus- 
tration (a). Most of the rest of the ovary is made 
up of a more cellular and more loosely arranged 
connective tissue (stroma) in which are embedded 
the germinal, endocrine, vascular, and nervous ele- 
ments (fl,b). 

The most obvious ovarian structures are the fol- 
licles and the corpora lutea. The smallest, or pri- 
mary, follicle consists of an oocyte surrounded by a 
layer of follicle (nurse) cells (a,b). Follicular 
growth results from an increase in oocyte size, mul- 
tiplication of the follicle cells to form several con- 
centric layers called the granulosa, and the differ- 
entiation of the perifollicular stroma to form a 
fibrocellular envelope called the theca interna 
ib,c). Finally, a fluid-filled antrum develops in the 
granulosa layer, resulting in a vesicular folli- 
cle (b) . 

The cells of the theca interna hypertrophy dur- 
ing follicular growth and many capillaries invade 
the layer (6), thus forming the endocrine element 
that is thought to secrete estrogen. The other 
known endocrine structure is the corpus luteum 
l>) which is primarily the product of hypertrophy 
of the granulosa cells remaining after the follicu- 
lar wall ruptures to release the ovum. Ingrowths 
of connective tissue from the theca interna deliver 
capillaries to vascularize the hypertrophied folli- 
cle cells of this newly formed corpus luteum ; the 
hormone progesterone is secreted here. 

Most follicles degenerate before attaining ovula- 
tory size (a,b, and c). In some species the theca 
interna of such follicles hypertrophies to form the 
so-called interstitial cells (6). The function of this 
tissue is unknown. 

Avian ovary . The avian ovary has much the same 
general arrangement as that of the mammal, the 
chief difference being the size of the mature ova. 
Other differences are a greatly reduced amount of 
stroma, the thinness of the theca interna, the re- 
duced number of follicle-cell layers, and the ab- 
sence of follicular antra and of corpora lutea ( d ). 

Reptilian and amphibian ovary . The reptilian 
ovary is quite similar in appearance to that of the 
bird. The follicles are similar, and some viviparous 
forms are reported to have corpora lutea, although 
the physiology of them is uncertain. Centrally 
placed, epithelial-lined spaces, said to be lym- 
phatic spaces, are present in reptilian ovaries (e). 

The amphibian ovary is similar to the reptilian 
type but contains many more follicles which are of 
reduced size. No corpora lutea are formed (/). 

Fishes . The fishes represent a diverse group as 
hr as ovarian morphology is concerned. Many 
forms have an arrangement similar to the amphib- 
ians. Others have the germinal epithelium covering 
°vigerous folds within a centrally placed ovarian 
lumen, instead of covering the outer surface ( g ). 
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Some elasmobranchs develop corpora lutea, but 
the endocrine function is doubtful. [k.l.d.] 

Physiology. The ovaries function to produce 
both the female gametes (ova) and hormones. 
There are about 400,000 primordial follicles in the 
ovaries of the human infant, but this number de- 
creases progressively throughout life and after the 
menopause they may be absent. During the sexual 
life of the human female the number of eggs re- 
leased from the ovaries does not ordinarily exceed 
about 400; this means that large numbers of folli- 
cles degenerate (atresia) without ovulating. After 
ovulation, the cavity of the ruptured follicle fills 
with large cells containing a yellow pigment; this 
constitutes an important endocrine structure called 
the corpus luteum. Cyclic changes in the female 
tract are regulated by the ovarian hormones which 
in turn are conditioned by the pituitary gonado- 
tropins. See Ovum ; Pituitary gland. 

Ovarian hormones. Ovarian hormones fall into 
two classes: (1) estrogens which produce sexual 
receptivity (heat), vaginal cornification, and other 
changes in the genital tissues when Administered 
to spayed subjects; and (2) progesterone, the hor- 
mone of the corpus luteum, which cooperates with 
estrogen to produce full mammary development 
and to prepare the uterus for implantation of the 
blastocyst. Progesterone also functions in the 
maintenance of pregnancy. 

Formulas of the principal natural estrogens 
are: 



Estrogenic compounds have been identified in 
lower animals and in a great variety of plants. Un- 
der certain conditions, they can produce tumors of 
the reproductive organs as well as at other sites. 
Cancer of the mammary glands in mice has been 
produced by 17 (/?) -estradiol, estrone, equilin, and 
equilenin. 

17 (/?) -Estradiol is thought to be the major hor- 
mone synthesized by the maturing ovarian follicle. 
Although the ovary and placenta are the main sites 
of estrogen synthesis, some estrogen is produced 
by the adrenal cortex and by the testis. It is gener- 
ally believed that estriol is the end product of es- 
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trogen metabolism, according to the equation 

Estradiol Estrone — * Estriol 

The interconversion of estrone and 17 (f3) -estradiol 
can be accomplished by microorganisms of the 
genus Pseudomonas. The human placenta contains 
a dehydrogenase which catalyzes the interconver- 
sion of estrone and 1 7 (/?) -estradiol, but the en- 
zyme system does not affect 17 (a) -estradiol, an 
estrogen present in the urine of mares. 

Testosterone and progesterone probably serve 
as intermediates in the biosynthesis of estrogens. 
Placental tissue can form estrone from testosterone 
by way of A 4 -androstene-3,17-dione; ovarian tissue 
also forms estrogens from testosterone and con- 
verts progesterone to A 4 -androstene-3,l 7-dione. 
Estrogen catabolism and interconversion occur 
chiefly in the liver, the metabolites being elimi- 
nated through the bile and urine. 

A number of unnatural estrogens have been pre- 
pared synthetically, the most important of which 
is stilbestrol. This compound is highly potent, can 
be prepared cheaply, and is active when admin- 
istered orally. 

In man and certain other mammals, pregnanediol 
is a major urinary metabolite of progesterone: 

CH 3 CI1 3 

C-0 CIIOH 

h 3 <: | h 3 c | 



Progesterone Pregnanediol, Pregnane- 

3(a), 20(a) -diol 


Progesterone is elaborated in relatively large 
amounts by the corpus luteum, and during preg- 
nancy, by the placenta. Some is present in the adre- 
nal cortex, where it serves as an intermediate in 
the biosynthesis of the adrenocortical hormones. 
In these various tissues the main biosynthetic path- 
way probably is 

Cholesterol — » Pregnenolone — » Progesterone 

In the liver progesterone is reduced to pregnane- 
diol, conjugated with glucuronic acid, and is ex- 
creted in the urine as a biologically inactive glu- 
curonide. See Estrogen. 

Menstrual cycle . The human menstrual cycle is 
about 30 days in length and is divided into several 
phases on the basis of endometrial histology. Dur- 
ing the preovulatory stage one or /nore follicles be- 
gin to grow and the secretion of estrogen in- 
creases; the endometrium thickens but the uterine 
glands remain relatively straight and unbranched. 
Ovulation, occurring near the middle of the cycle, 
is followed by the progestational stage. Proges- 
terone, acting upon an estrogen-primed endome- 
trium, causes the stroma to become loose and edem- 
atous and the glands to secrete actively. This is the 


only kind of endometrium in which a blastocyst can 
implant. If pregnancy does not ensue, the endo- 
metrium again degenerates and is partly sloughed 
at the next mensis. 

Complete development of the uterus requires 
both estrogen from the follicles and progesterone 
from the corpus luteum. Anovulatory cycles are su- 
perficially indistinguishable from ovulatory cycles- 
but if a corpus luteum is not formed, the progesta- 
tional endometrium fails to differentiate. 

The rhythmic nature of ovarian activity is due to 
a reciprocal relationship between the gonads and 
the anterior hypophysis (pituitary). The three 
gonadotropins in proper combinations cause fol- 
licular growth, secretion of estrogen, ovulation, 
formation of corpora lutea, and secretion of pro- 
gesterone. The ovarian hormones in turn regulate 
the release of pituitary gonadotropins. Cyclic 
changes in the female are abolished by ovariectomy 
or by hypophyseefomy. See Reproductive systkm. 

Estrus. Estrus cycles are characteristic of <*uh- 
human mammals, in which it is only at estrus that 
the female is receptive to the male. The estrus pe- 
riods may recur throughout the year or may he lim- 
ited to a particular season. In laboratory rats and 
mice, estrus recurs every 4-5 days; ovulation take** 
place spontaneously at this time. There an* mam 
modifications of the estrus cycle in different spe- 
cies. The guinea pig’s cycle lasts for about 1(» 
days; in rabbits, the estrus periods are prolonged 
and ovulation depends upon copulation or some 
comparable stimulation. The dog comes into heat 
twice fa year, the intervening quiescent period be- 
ing termed anestrus. 

Endocrine mechanisms that operate during the 
estrus cycle of the rat have been carefully studied 
The follicular stimulating hormone (FSH) seem* 
to be released at a rather uniform rate throughout 
the cycle, and its primary action is to stimulate 
growth of the ovarian follicles. The luteinizing 
hormone (LH) acts synergistirally with FSH and 
promotes the secretion of estrogen. Larger 
amounts of LH synergize with FSH to produce ovu- 
lation. It appears that LH and luteotrophin act 
together to cause growth of the corpus luteum and, 
with a relative increase in the titers of lutcotro- 
phin, progesterone secretion begins. Estrogen is 
the chief hormone secreted by the ovary before 
ovulation; the secretion of progesterone begins 
shortly before ovulation and increases markedly 
thereafter. During the normal cycle the release of 
LH from the anterior pituitary i 9 probably condi- 
tioned by the circulating levels of progesterone and 
estrogen. When the corpora lutea begin to wane 
the titers of ovarian hormones are reduced and. 
as a consequence, a new cycle is initiated under 
the influence of FSH. During pregnancy the cor- 
pora lutea persist for longer periods than usual; m 
certain species, new corpora lutea may be formed. 
See Estrus. 

Placenta. The placenta performs an endocrine 
function during pregnancy and seems to serve as 
an adjunct to the ovaries and the anterior hyp 0. 
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physis. In man and monkeys, the ovaries may be re- 
moved after the first month of pregnancy without 
terminating pregnancy. Certain species may be 
hvpophysectomized after the first half of gestation 
with normal continuation of pregnancy. It is gen- 
erally believed that the placenta secretes estro- 
gens. progesterone, und gonadotropin. There is 
M»me evidence that it also produces luteotrophin 
and growth hormone. See Placentation. 

lactation. Lactation is a complicated process 
requiring complete development of the mammary 
glands, an adequate supply of milk precursors, ac- 
tivation of the alveolar secretory cells, and evacua- 
tion of milk. Hormones are essential in all these 
processes. Although estrogen seems to be responsi- 
ble chiefly for growth of the mammary ducts, a 
combination of estrogen and progesterone pro- 
duces the best alveolar development. In certain 
specie*, tin ejection of milk is accomplished by 
the reflexive release of oxytocin from the posterior 
pituitary body. A large number of hormones un- 
doubtedly influence milk secretion, but the site and 
mode of action remain obscure. In addition to lutc- 
otrofihin, it is probable that growth hormone, adre- 
nocorticotropic hormone (ACTH). thyroid-stimu- 
lating hormone (TSII), thyroxin, insulin, and the 
parathyroid hormone all directly or indirectly in- 
fluence milk secretion. See Lactation; Mammary 
(.land: see also Reproductive system. | c.d.t.'I 

Ovenbird 

A terrestrial American wood warbler, Seiurus auro- 
rapillus , breeds from Canada and Montana south- 
ward into Georgia and Arkansas. This warbler is 
a thrushlike bird and lives on the forest floor, gen- 
erally where there is underbrush. The built on 
the ground, is covered, with the entrance at the 
side; the bird derives its name from the shape «»f 



Ihe ovenbird, Seiurus aurocapillus ; length to 6^ in. 
vAMon D. Cruickshank, National Audubon Society) 


the nest. The ovenbird is olive-green above and 
white below, with black streaks on .the sides, 
breast, and throat. It has a dark orange crown, 
bordered with black; its legs are pink. The oven- 
bird is shy. and is usually heard rather than seen. 
Its ringing “teacher, teacher, teacher” song, each 
note louder than the one before, is one of the most 
memorable sounds of the spring forest. See Pas- 
seriformes. [ j.d.b.J 

Overdrive 

An automotive device supplied as special equip- 
ment and containing a step-up planetary gear 
arrangement located between the transmission and 
propeller shaft. Overdrive permits the propeller 
shaft to be driven at transmission output shaft 
speed, or faster than transmission output shaft 
speed when the overdrive comes into operation. 

Purpose. For a given forward speed of the car, 
overdrive gives lower engine speed, quieter opera- 
tion. and reduced gasoline consumption. Most over- 
drives used in the United States reduce engine 
speed 28 r /, for a given car speed. For example, 
without overdrive action, a car engine might turn 
at 2000 rpm to achieve a speed of 40 mph. As over- 
drive comes into operation, engine speed could 
drop to about 1400 rpm at the same car speed of 
40 mph. This provides quieter operation and re- 
duced gasoline consumption and engine wear. 

Operation. The overdrive contains two major 
components, a planetary gear system and a free- 
wheeling device (or overrunning clutch). .See 
Clutch; Planetary gear train. 

The overrunning dutch has two functions. It 
locks the transmission rnainshaft and the overdrive 
output shaft together when the planetary gear 
svstem is inactive, providing direct drive through 
the overdrive. The second function is to permit the 
output shaft to overrun the transmission rnainshaft 
when the planetaiy gear train is in action, provid- 
ing overdrive. The overrunning clutch consists of an 
outer shell attached to the output shaft as illus- 
trated. A circular inner member attached to the 
transmission shaft carries a series of cams or flats; 
hardened steel rollers ride in each cam. When the 
dutch is in action, the rollers wedge between the 
cams and outer shell so that the earns drive the 
outer shell. During overrunning, the outer shell ro- 
tates faster than the cams; the rollers move from 
loaded contact with the cams to disengage the 
clutch and permit overrunning. 

The planetary gear system contains a sun gear 
which floats freely on the transmission rnainshaft in 
direct drive. In overdrive, the sun gear is held 
stationary by a pawl that enters one of the slots in 
the sun gear plate which is splined to the sun gear. 

With the sun gear stationary, the planet pinions 
are forced to rotate as they are carried around the 
sun gear by rotation of the planet pinion cage 
splined to the transmission rnainshaft. Pinion teeth 
meshed with the sun gear are momentarily at rest. 
The teeth opposite, which are meshed with the ring 
gear, are therefore required to move faster than the 
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Cutaway view of overdrive mechanism. 

cage. The ring gear is thus driven faster than the 
cage and transmission mainshaft. The ring gear is 
integral with the clutch outer shell and the output 
shaft. Therefore, with the sun gear stationary, the 
out put shaft is driven faster than the mainshaft. 

Overdrive controls. The overdrive? will not oper- 
ate at low car speed. However, when operating 
speed is reached (around 20 mph in many cars), a 
governor that senses car speed connects the sole- 
noid to the ear battery. The solenoid plunger com- 
presses an internal spring which urges the pawl 
against a ledge on the blocker ring. The blocker 
ring is frietionally mounted to the sun gear plate, 
hut it does not rotate. It bus only limited freedom 
of rotary movement. 

The driver of the ear must make a conscious 
movement to cause the overdrive to go into opera- 
tion. This movement is a momentary release of the 
accelerator pedal. As this takes place, the engine 
slows down and causes a reversal of rotation of the 
sun gear. As the sun gear reverses rotation, friction 
on the hlockcr ring causes it to turn a few degrees. 
The ledge on the blocker ring moves out from under 
the pawl, allowing the pawl to drop into one of 
the notches in the sun gear plate, locking the plate, 
and thus the sun gear. With the sun gear stationary, 
the overdrive goes into action. 

When the car speed drops below an established 
speed, the governor deenergizes the solenoid, per- 
mitting withdrawal of the pawl to restore direct 
drive. When direct drive is desired at higher speeds 
for additional passing ability, depressing the ac- 
celerator pedal past the full-throttle position will 
interrupt the ignition for a fraction of a second, 
causing an instantaneous reversal of the sun gear 
and permitting return to direct drive by the process 
just described. 

In reverse gear, the lockout ring is moved rear- 
ward, its internal splines connecting the external 
splines on the member attached to the transmission 
output shaft to the overdrive output shaft. Use of 
the friction torque of the engine in first or second 
transmission gear for hill descent is accomplished 


by locking out the overrunning clutch by pulling 
out a knob under the dashboard. 

Automatic transmissions, with torque ratios con- 
siderably greater than those of standard layshaft 
transmissions, have permitted the use of rear-axle 
ratios equivalent to the over-all ratios previousK 
used by overdrives. This fact, together with cost 
considerations, has resulted in application of the 
overdrive to standard layshaft transmissions only. 
The automatic transmissions generally have a 
means of obtaining increased passing ability by 
depression of the accelerator pedal past the full 
throttle position, similar to that on overdrives. .Sec 
Transmission, automotive. I t.k.m. j 

Overtone (music .and acoustics) 

An upper partial tone. The word overtone ap- 
peared in English about a century ago as an un- 
fortunate translation of the German word Ohertnn 
As a consequence of the distinction “upper.” ;i 
sixth overtone, for example, is the same as the 
seventh partial tone, so that numbering tends to 
become confused. The word overtone has been used 
as a synonvm for partial, harmonic, or mode of \i 
bration. and the word tone has still other meaning 
in music. It seems desirable, therefore, not lo u^c 
overtone at all. but to select one of the other word" 
that has a more specific meaning. Svv H mimhmi 
(PERIODIC PHENOMENA ) ; MoiJK ()l VIIUIATION : Pvi! 
tial tone; Tone (music anij acoustics). 

I it.w.y. i 

Overvoltage 

The difference between electrode potential under 
electrolysis conditions and the thermodynamic 
value of the electrode potential in the absence »•< 
electrolysis for the same experimental conditions; 
sometimes called overpotential. It is expressed in 
volts and is often quoted in absolute value. Scr 
Electrode potential. 

Overvoltage phenomena were first studied foi 
electrolytic evolution of hydrogen and oxygen. Un- 
derstanding of overvoltage phenomena is essential 
in industrial electrochemistry since they are often 
a major factor in determining the efficiency of elec 
trode processes. See Decomposition potential. 
Electrochemical process; Electrolysis. 

The overvoltage for a given electrode reaction 
depends on electrolysis conditions such as current 
density (current per unit area), concentration of 
electrolyzed substance, temperature. presence of 
foreign electrolytes, nature of the solvent, and 
absorption of foreign substances on the electrode. 
The overvoltage for given electrolysis condition*' 
varies greatly from one electrolyzed substance to 
another — from less than 1 millivolt to a few volt.". 

Overvoltage values are determined from the varia- 
tions of electrode potential with current density b> 
the following method. The electrolytic cell is eon- 
nected to a direct-current power supply and the 
potential of the electrode being studied is measured 
against a reference electrode for different current 
densities. The ohmic drop, or voltage drop, in solu* 
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Fig. 1. Current-potential curve. 

lion must be eliminated or greatly minimized in 
Mirh measurements: and special methods have been 
developed to achieve this result. Results are plotted 
a current-potential curve, and the overvoltage is 
read on this curve. 

Concentration overvoltage and activation over- 
wdtage are the two components into which the 
overvoltage can generally he decomposed. 

Concentration overvoltage. This type of over- 
voltage arises from local variations of the concen- 
tration of reactants or products of electrolysis, or 
both, near the electrode. For instance, in the elee- 
tndvtic deposition of a metal from an uipieous solu- 
tion of one of its salts, the concentration of metal 
ions being consumed at the electrode is smaller 
near the electrode than in the hulk of solution. Thh' 
h called concentration polarization. As a result, the 
thermodynamic, potential calculated for the con- 
centrations at the electrode surface under electrol- 
vms conditions is different from the potential in the 
absence of electrolysis. The difference between 
these two potentials is the concentration overvolt- 

Jge. 

The consumption of reactants and consequently 
the concentration overvoltage increases with cur- 
rent density for given electrolysis conditions. Con- 
versfly. concentration polarization foi a given cur- 
rent density is minimized bv vigorous stirring, and 
the* concentration overvoltage is decreased accord- 
ingly. The concentration overvoltage can he calcu- 
lated when the transport of substances to and from 
the electrode can be treated mathematically. De- 
tailed theory has been developed for transport fiy 
convection and diffusion: for application to analyti- 
•‘‘d chemistry, see Polakoghathic analysis. 

Activation overvoltage. The other component of 
overvoltage results from the relative slowness of 
electrode reactions. An energy barrier must he 
overcome by the substances involved in an electrode 
faction just as for purely chemical reactions. 
Ele ctrieal energy in addition to that required by 
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the thermodynamics of the electrode reaction is 
expended to overcome this energy barrier. Activa- 
tion overvoltage corresponds to this additional con- 
sumption of electrical energy. 

The activation overvoltage increases with the 
velocity of the electrode reaction, that is, with cur- 
rent density. For many processes and for overvolt- 
ages exceeding 0.1 volt in absolute value, the cur- 
rent density is essentially an exponential function 
of activation overvoltage over a fairly wide range 
of current densities (perhaps several orders of 
magnitude). This relationship follows the general 
exponential dependence of a reaction velocity on 
an energy term. This term for electrode processes 
is proportional to the activation overvoltage. 

It follows from the relationship between current 
density and activation overvoltage that a plot of 
activation overvoltage against logarithm of current 
density is linear for overvoltages exceeding ap- 
proximately 0.1 volt in absolute value (Tafel law). 
Several Tafel lines with different slopes are ob- 
tained when the reaction mechanism changes from 
one range of current densities to another. 

The Tafel law was established experimentally. 
Theoretical justification has been developed and 
has shown the approximate nature of this law. More 
rigorous analysis requires consideration of the elec- 
trolyte structure near the electrode. 

The Tafel law does not hold for small overvolt- 
ages because of the effect of the backward elec- 
trode reaction. Thus, an electrode process with a 
single rate-determining step can he conceived as 
the result of twn opposite processes, the forward 
and the backward reactions. The net velocity and 
the corresponding experimental current density is 
the algebraic sum of the current densities for the 
forward and backward electrode reactions. Each 
current density term varies exponentially with acti- 
vation overvoltage, and the net current density is 
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Fig. 2. Tafel plot. 
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the sum of two exponential functions of activation 
overvoltage. One of these exponential functions be- 
comes negligible and the Tafel law is obeyed when 
the activation overvoltage exceeds 0.1 volt in abso- 
lute value. 

In the absence of electrolysis, the net current is 
e«|ual to zero, and the current densities for the for- 
ward and backward electrode reactions are the 
same in absolute value but of opposite sign. The 
exchange current density defined in the absence of 
electrolysis for the forward and backward reactions 
cannot be measured directly but can be obtained by 
extrapolation of the Tafel line to zero activation 
overvoltage. The exchange current density is a 
characteristic of an electrode reac tion because it is 
independent of current density, whereas this is not 
the* case for activation overvoltage. However, elec- 
trolysis conditions such as temperature, nature of 
solvent, and presence of foreign electrolyte affect 
the exchange current density for a given electrode 
reaction. Kxrhange current densities are generally 
expressed in units amp/cnr and. in general, for 
11 nil concentrations of reactants. 

The larger the exchange current density, the 
inherently faster is the electrode reaction. The acti- 
vation overvoltage required for different processes 
for identical conditions decreases as the exchange 
current density increases. When the exchange cur- 
rent density is so large that the activation overvolt- 
age is negligible under given electrolysis conditions, 
the electrode process is said to be reversible for 
these conditions. Irreversible electrode processes 
have a nonnegligiblc activation overvoltage. The 
terms reversible and irreversible, although not rig- 
orous, arc convenient and in general use. 

Since only concentration overvoltage can be 
determined for reversible electrode processes under 
usual electrolysis conditions, the exchange current 
density for such processes is obtained by special 
methods of nonsteady state electrolysis. The effect 
of concentration polarization is minimized in these 
methods by rapid variation of one of the electrical 
variables, electrode potential or current, and by 
measurement of the resulting change of the other 
electrical variable. The exchange current density 
is determined from oscillographic recordings of 
current-time curves (potentiostatic method) or po- 
tential-time curves ( galvanostatir method). Dura- 
tion of electrolysis in these methods may vary from 
a few microseconds to perhaps 1 second. Another 
method for the study of reversible electrode proc- 
esses involves periodic variations of electrode po- 
tential and current (electrolysis with superimposed 
alternating current ) . 

Overvoltage phenomena are sometimes com pli- 
cated by coupling of the electrode reaction with a 
purely chemical reaction or a crystallization proc- 
ess (metal deposition). The chemical reaction may 
precede or follow the electrochemical step. For 
instance, the activation overvoltage for hydrogen 
evolution on certain metals depends on the rate of 
formation of hydrogen molecules by recombination 
of pairs of hydrogen atoms. Experimental methods 


for the study of such effects and theoretical analysis 
have been developed. [ I> D ; 

Bibliography : G. Kortum, Lehrbuch dor FAcll 
trorhemie , 1957; E. C. Potter, Elertrochtmistn 
1956. ‘ ’ 


Ovum 

The term that designates the egg or female sex (<*1| 
While strictly speaking it refers to this cell when 
it is ready for fertilization, the term is often ap- 
plied to earlier or later stages. Confusion is avoided 
by the use of qualifying adjectives such as imma- 
ture. ripe, mature, fertilized, or developing ova. The 
mature ova are generally of spheroidal shape and 
of large size. In fact, the largest known ce|U of a 
living animal are represented bv the mature o\a 0 { 
the ostrich and the shark Chlamydosehtche. which 
are about 8 cm in diameter. Among oviparous ani- 
mals, which spawn eggs at or before the time of 
fertilization, those that produce larvae capable o! 
feeding at an early stage have small eggs, t.nd their 
development is generally characterized bv radical 
transitions in appearance, railed metamorplio-k 
before the adult form is attained. The typimlb u 
viparous mammals, in which the developing cnibr\o 
receives nourishment for growth through the incl- 
ine tissues of the mother, also characterislicalh 
have relatively small eggs which are about 0.1 mm 
in diameter. The number of ova produced at one 
time varies in different animals, from millions in 
many marine animals that spawn into the sun mind- 
ing sea water, to about a dozen or less in mammal-, 
in whtfh adaptations for internal nourishment nl 
the developing embryo and care ol the young an* 
highly developed. 

In the ovary, the immature ovum is associated 
with follicle cells through which it receives mate- 
rial for growth. In mammals, as the egg matures, 
these cells arrange themselves into a structiuc 
known as the Graafian, or vesicular, follicle, con- 
sisting of a large fluid-filled c avity into vvliic h tie 
ovum, surrounded by several layers of cells, protect 1 * 
from the layer of follicle cells that constitutes tin 
inner wall. The fluid contains estrogenic female sev 
hormone. 

Yolk, or deutoplasm, is essentially a food 
serve in the form of small spherules, present to a 
greater or lesser extent in all eggs. It account" 
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Representative types of ova. (a) Isolecithal, human. 

Telolecithal, frog, (c) Telolecithal, hen. (d) Centro- 
tacithal, fly. 


largely for the differences in egg size. Eggs are 
classified according to the distribution of yolk. In 
the isolecithal type there is a nearly uniform dis- 
tribution through the cytoplasm, as in most small 
eggs. The volk in telolec ithal eggs is increasingly 
concentrated toward one pole, as in the large eggs 
of fish, amphibians, reptiles, and birds. Centroleei- 
tlial. or centrally located yolk, occurs in eggs of 
insects and cephalopod mollusks. 

Polarity of organization is manifest, in teloleci- 
thal eggs, by the higher concentration of yolk at 
the vegetal than at the animal pole, the distribution 
being radiallv symmetrical about the polar axis. 
This distribution is present, though less marked, in 
isolecithal eggs. The animal pole of the egg is 
also the place where the polar bodies are formed 
(srr ( » a metoce m ksis ; Oogenesis). It marks the re- 
gion where the future head of the embryo will de- 
velop. 

Hi lateral symmetry is sometimes evident in the 
shape of the egg. as in insects. The bisecting plane 
represents the future plane of bilateral symmetry 
of the embryo. In chickens, the plane of bilateral 
symmetry of the developing embryo is generally 
perpendicular to the long axis of the shell, and its 
left side is towards the blunt end of the shell. In 
Irogs and many invertebrates, it has been discov- 
ered that the point at which the fertilizing sperma- 
tozoon enters the egg determines the position of the 
future plane of bilateral symmetry of the embryo, 
including its dorsoventral axis. The significance 
of this may he appreciated when it is realized that, 
together with the j»«»lar axis, the position of the 
dorsoventral axis specifies completely the future lo- 
cation of all the organs of the developing embryo 
and adult. The establishment of these axes pro- 
vides the basic pattern of internal organization of 
the egg. Sec Animal symmetry. 

Regulative and mosaic eggs. Despite this pat- 
terning at an early stage, it has been possible ex- 
perimentally. in many species of animals, to obtain 
complete individuals from fragments of unfertilized 
or of developing eggs ( see Embryology experi- 
mental). This is generally successful when the 
cuts are made through the polar axis. Eggs in 
which such fragments develop as a whole are 
termed regulative and are widely distributed 
throughout the animal kingdom, including man, as 
evidenced by the occurrence of identical, multiple 
birth.'. Eggs in which the fragments develop as 
structural l> defective embryos have been termed 
mosaic and have been reported principally among 
the annelids, mollusks. and tunicatcs. However, 
the distinction has lost much of its original signifi- 
cance in recent years with the demonstration that 
twins and double monsters were also experimen- 
tally obtainable in eggs of the latter group b.v ap- 
propriate procedures. Experiments involving cut- 
ting across the polar axis have provided a further 
clue as to the nature of the internal organization 
of the egg. When thus cut in half, each fragment 
develops defectively, but a combination of animal 
and vegetal quarters develops into a normal indi- 
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vidual, as does also the remaining middle frag- 
ment. Thus, there are interactions of materials dis- 
tributed along the polar axis, and a proper balance 
is essential for normal development. 

Egg membranes. The membranes which sur- 
round the egg are designated as primary, second- 
ary, and tertiary according to their derivation from 
the ovum itself, the surrounding follicle cells of the 
ovary, and the lining of the oviduct, respectively. 
The primary membrane, in practically all animals, 
is also termed a vitelline membrane. Tn many ani- 
mals this becomes elevated from the surface upon 
fertilization and is termed a fertilization membrane. 
Secondary membranes are represented by the zona 
pellucida and surrounding gelatinous, follicle cell- 
containing material known as the cumulus oophorus 
in the mammalian egg. Often, however, it is diffi- 
cult to decide if a particular coat of the egg is pro- 
duced by the egg itself, by the surrounding follicle 
cells, or by both. The distinction also loses some of 
its significance in view of the evidence that most of 
the materials of the growing oocyte are supplied to 
it in practically fully formed state. Tertiary mem- 
branes are illustrated by the gelatinous coats of am- 
phibian eggs and by the white, or albumen, shell 
membranes and the leathery or calcareous shells of 
eggs of reptiles and birds. These structures are ap- 
plied to the egg as it descends the oviduct after 
ovulation. 

In higher plants, the phanerogams, the egg nu- 
cleus of the embryo sac represents the equivalent 
of the ovum of animals. Tn lower plants, the cryp- 
togams, egg formation in an arehegonium is more 
nearly analogous to the production of eggs in the 
ovary in animals. [ a. tylkh | 

Owl 

Any member of the order Strigiformes, a group of 
predatory birds of cosmopolitan distribution. 
There are 2 living families and 143 species. Owls 
are nocturnal birds with soft plumage and a fringe 
on the leading edge of each wing which enables 
them to fly noiselessly. They have strong, booked 
beaks and strong talons. The large, round head is 
frequently equipped with ear tufts. The eyes are 
large, directed forward, and specially adapted for 
nocturnal activities. The young are downy when 
they hatch. 

Owls feed primarily upon mammals, but they 
also eat birds, other land vertebrates, and some- 
times insects and other arthropods. The preferred 
food for most of them appears to be rodents. 
Owls swallow their prey whole or in large pieces. 
The undigestible bones, fur, and feathers are rolled 
into balls, called pellets, and disgorged from the 
mouth. 

The family Tytonidae, the barn owls, is a small 
family with only 10 species, but is almost cosmo- 
politan in distribution. The barn owl. Tyto alba , 
absent only in New Zealand and Hawaii, is the only 
barn owl in the United States. This bird, sometimes 
called the monkey-faced owl, is unusually shy and 
secretive and may live for years in a barn or hol- 
low tree without being noticed. 


All of the other owls in the United States belo n 
to the family Strigidae. This is also a cosmopolitan 
family, but the species are not so far-ranging as the 
barn owl. Of the 133 species in this family, 17 or . 
cur in the United States. The great horned <,w| 
Bubo virginianus , is fairly common throughout 
North and South America. It is almost 2 ft long ami 
has prominent ear tufts, the only large owl with 
these tufts. Its color varies sharply in different h,. 
calities. The somewhat smaller barred owl, Stiix 
varia , shares with the great horned owl the name 
hoot owl in many localities. The barred owl b 
barred with dark and light gray markings, some- 
times brownish or buff. It does not have ear tufts. 
Tn the United States this owl is found in the deeid- 
iioiis forests cast of fcfie Great Plains. 

The screech owl, Otus asio, a small owl with 
short ear tufts, is equally familiar both by sight 
and by its quavering cry. It is found throughout 
most of North America. There arc two color 
phases, not related to sex or locality, one predomi- 
nantly gray, the other rufous; sometimes both 
hatch in the same nest. This little owl, onlv 10 in 
long, feeds upon insects, mice, small birds. and 
other animals. Sec Strici formes. f ,i. n. ri.-vck ! 

Oxalate 

A salt or ester of oxalic acid with the formula 

<). -C- () K 

I 

(>--C <) K' 

where^R and IT arc alkyl groups or metallic ion* 
attached to the acid to produce a series »>t 
salts and esters. In general, alkali-metal ^alN 
arc water-soluble; others are insoluble. Calcium 
and potassium hydrogen oxalate arc found in man\ 
plants; the former is also found in urinary calculi. 
Many salts have practical applications, for exam- 
ple, in pyrotechnics (sodium), blue printing (po- 
tassium-iron), and analytical procedures (ammo- 
nium). Esters of the simpler alcohols hydrolyze 
readily; others are more stable. Diethyl oxalate i- 
used as a solvent, as a dyestuff intermediate, and in 
plastics. Sec Ester; Oxalic acid. | k. ii. hadley I 

Oxalic acid 

A white solid acid melting with decomposition at 
189.5°C; it is obtained by careful drying of the 
dihydrate, which melts at 101.5°C. Oxalic acid 
(ethanedioic acid) , 

0=C— O — H 

I 

O— C- O— H 

is the first of a series of diearboxylic acids. Its salt 1 - 
(oxalates) are prevalent in nature, for example. 
KHQjO* in plants of the oxalis family (wood sor- 
rel ) , and CaCaO.* in eucalyptus bark. , 

Sodium oxalate is formed when sawdust is fuse 
with sodium hydroxide; sodium formate is forme 
by a similar vacuum fusion in the presence of hy- 
drogen at 300° C. Oxalic acid is formed directly by 
the nitric, acid oxidation of sucrose or stare • 
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The arid is liberated from its salts by addition of 
dilute sulfuric acid. It is used as a bleaching agent 
}or rust and ink stains, in textile and leather pro- 
duction. and as monoglyceryl oxalate in the manu- 
facture of ally] alcohol and formic acid. Easily 
oxidized, it is determined by titration with KMnOi 
in dilute sulfuric acid. When heated with concen- 
trated H 2 SO 1 , it gives equal volumes of CO and 
t;Oj. See Carboxylic acid; Oxalate. [k. b. reiuJ 


Oxazole 

One of a group of organic heterocyclic compound** 
(ontuiiiing oxygen and nitrogen in the 1 and 3 posi- 
tions of a five-memhered diunsaturated ling, For- 
mulu (1) shows the structure and numbering s\s- 
tein for a typical member ot the group, l,3-o\a/ole. 
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vc A/oi.k; Heterocyclic compounds. 

Properties. The parent compound (I) is a 
, oiorless. volatile. weakly basic I it ] 11 ill (bp (>9 
~i) C), with an odor resembling that nt p\ridinc. 
Oxazole is miscible w it li water and organic sol 
w*nK Mineral acids lorm sails that lend In dis- 
Miciatc in wain. Oxa/oles show uppicriuhlc lcsisi- 
(iiirc to disruption by heal, bv acid, and by alkali. 
I hr nucleus is susceptible t • * oxidation, the 4.5 
position being the usual point of attack. Ilxdrogen- 
al ion oxer a platinum cutalxst or with sodium and 
alcohol gives let rally dro derivatives (oxazolidines) 
i*r ling-clcax age products. 

Preparation. Standard synthese- start with 
M-arv lamidocarhonyl compounds (II), or with o- 
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halokrtones (TV). Cydization of (II) with sulfuric 
id or phosphorus pentachloridc generates an 
oxazole (III). The R groups may be aryl or alkvl. 
The reaction of o-lialoketoncs (IV) with ammo 
ni| ir.i sails of carboxylic acids gives oxazoles (V). 


H, c-o 

l -» K3C00NH, 

k 2 -ui-x 

(IV) 


K 2 O' 
(V) 




harhoxy oxazoles obtained from these syntheses 
tan he decarboxylated with relative case, and 
therefore serve as useful intermediates in syntheses 
°f carboxyl-free oxazoles. 

“ Oxazolines (VTT) are formed by cydization of 
/I-liydroxyalkylamides (VI) or by reaction of 
/'•ainiiioaleohols with iminoethers (VIII). Hot 
at |ueoi)s acid hydrolyzes 2-oxazolines to (7-acylctha- 
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Oxidation procots 

nolamines or to ethanolamines. Alkali converts 
2-oxazolines to A'-acylethanolamines or to ethanol- 
amines. 2-0xazolincs are intermediates in the acid- 
or base-catalyzed interconversion of O-acyl- (X) 
and /V-acy lethanolamines (IX). 
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(IX) (X) 

Tetrahvdrooxazoles, or oxazolidines (XI), are 
formed fr >rn ctlianolamines and aldehydes. 'Hie 
process ran he reversed. Oxazolidines under suit- 
able conditions exist either in equilibrium with, or 
entirely in the form of, the isomeric imine (XII). 
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\zlactones. or 5-oxo- 2-oxazolines (XIV). ate 
generally formed bv cydization of o-aevlamido 
acid^ (XIII). I Ivdrolvds in the presence of acids 
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(XUl) 


(XIV) 


i»r basev regenerates the original n-ary larnido acid. 
Mcoliols or amine- iracl to give the corresponding 
o-u» \ laniido ester or amide, respcctivrlv. When an 
aldclivde. generally aromatic, is warmed with acetic 
anhydride and A -ben/ov Igly cine, hippmir acid 
( \\ l. imsaturated azlactones (XVI) are formed. 
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presumably b\ condensation of the aldehyde witli 
the 2-plieny l-5-oxo-2-oxazoline formed first. Such 
imsaturated lactones (XVI) by standard conver- 
sions furnish several useful products. 

[W. ,J. CI NSItKR I 

liihIio$irnphx : E. I). Hergmann. The oxazolidines, 
Chem. Rev ., 53:309 352, 1953; H. T. Clarke, J. R. 
Johnson, and R. Robinson (eds. ), The Chemistry 
of Penieiltiiu 1949; R. C. Klderfidd (ed.). Hetero- 
cyclic Compounds, vol. 5, 1957. 

Oxidation process 

Literally, the reaction of an element or compound 
with oxygen. In the broadest sense, it is un increase 
in the valence of an atom or ion as a result of the 
loss of electrons. See Oxidation-reduction. 

Many common oxidation processes lead to stable 
oxides such as metal oxides, carbon dioxide, water, 
and the oxides of suTfur. nitrogen, and phosphorus. 
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They are typified in the natural processes of cor- 
rosion, decay, respiration, and combustion. Con- 
trolled by man, they are part of the foundation of 
the heavy chemicals industry. The most valuable to 
the organic chemical industry are the partial oxida- 
tion products obtainable by careful control of the 
process. From the chemical engineering viewpoint, 
the oxidant is the most significant variable by 
which oxidation is controlled. The oxygen of the 
air is the ultimate oxidizing agent in most oxida- 
tions. It is used directly wherever sufficient control 
of the other variables yields the desired product 
economically. Where this is not possible, its action 
may be modified by conversion to some other form, 
such as to an oxidizing agent which shows greater 
selectivity in its attack on the other molecules. 

Frequently, spent oxidant can he regenerated by 
contact with air or oxygen under reaction condi- 
tions similar to those under which it is employed. 
In cases where minute amounts of an oxidant can 
be utilized with air or oxygen, the oxidant is said to 
be a catalyst. Catalysis continues to be one of the 
most lucrative methods of controlling oxidation re- 
actions to preselected products. With proper cata- 
lyst selection, elemental oxvgen may then he sub 
stituted for more expensive oxidants to give sim- 
pler processes. 

Oxidations often are induced by means other 
than true catalysts, such as by energy or by high- 
velocity particles. The entire spectrum of radiant 
energy, including heat, light. <v-. /?-, and y-radia- 
tion, lias found applications in the field of oxida- 
tion. The extreme example, in which energy be- 
comes the prime source of the oxidant, is electro- 
lytic oxidation. The oxidant is generated in situ by 
application of electrical energy. See Elixtro- 

CII KM I CAL PROCESS. 

Bacteria, aided by enzymes acting as catalysts, 
may consume oxygen and transform material to a 
higher state of oxidation. Fermentation, sewage- 
sludge digestion, and acetic acid production from 
ethanol utilize such agents. 

Oxidations with air or oxygen represent the most 
important group of commercial processes. The man- 
ufacture of most other oxidizing agents falls in 
this category. Functionally, air and oxygen are 
interchangeable. Selection depends upon cost, heat 
removal, reaction rate, and product recovery prob- 
lems, Classification is made into inorganic and or- 
ganic oxidations. On the basis of the physical state 
at reaction temperature, oxidations are effected in 
the vapor, liquid, or solid phase. 

Inorganic processes. These are typified by their 
high heat evolution. They are essentially combus- 
tion reactions, but because most are carried to the 
highest stable oxidation state, process control is 
simplified. 

Vapor-phase oxidations are used to produce the 
major heavy chemicals, for example, air oxidation 
of hydrogen sulfide or sulfur dioxide to sulfuric 
acid, of ammonia to nitric acid, of phosphorus 
vapor to phosphoric acid, of hydrogen chloride to 
chlorine, and of vaporized zinc to zinc oxide. 

Liquid-phase oxidations of inorganic compounds 


are rare because so few are liquids. Liquid su]f Ur 
is burned to sulfur dioxide. At high temperatures 
mercuric oxide is made from its elements, and 
litharge from molten lead. Air and oxygen, blown 
through molten iron, make steel by oxidizing S u r h 
impurities as carbon, sulfur, and phosphorus. 

Solid-phase oxidations are applied most com- 
monly to obtain oxides from the elements. High- 
purity carbon dioxide is made from coke in thb 
way. Oxidation of magnesium and aluminum ha\<* 
been considered in rocket and jet fuels. Lower 
oxides arc converted to higher ones. Mixed Hul 
oxides are purified to the monoxide litharge by 
roasting. Barium peroxide forms from the oxide. 
Two of the more powerful and costly inorganic 
oxidizing agents ate obtained by processes in- 
volving gas-solid phase reactions. Potassium per- 
manganate is produced by roasting a mixture of 
manganese dioxide and potassium hydroxide with 
air in a kiln or muffle furnace. Tn an analogous 
way, chromite ore and sodium carbonate \ ield 
sodium chromate. 

Organic processes. This group includes the oxi- 
dation of organic raw materials to their poten- 
tial oxidation products. Catalytic and nnncatalvtir 
oxidation, both in vapor and liquid phase, are em- 
ployed. Intermediate products, all of which are 
recovered in commercial quantities, include olefins, 
acetylenes, alcohols, hydroperoxides, epoxides, 
aldehydes, ketones, acids, anhydrides, and e-ters 

Vapor-phase processes. Uncontrolled, most or 
ganic compounds will oxidize h> combustion tn 
such low-value products as CO. CO L >, and xvater. 
These are of interest only where energv is the de- 
sired product. Other products max he obtained In 
use of catalysts and hv exercising control ovci the 
usual variables. 

In one nonratalytir process, control of the prod- 
ucts is provided by diluting the reaction mixture. 
Lower hydrocarhons such as propane or butane, 
mixed with air and diluents of recycling spent 
gases, are permitted to react in empty tubes under 
about 100 psi and 700 900° F, and are then 
quenched with an aqueous product stream such as 
formaldehyde. The products in solution consist of 
up to 40 different products of value. An elaborate 
recovery system isolates methanol, formaldehyde, 
acetaldehyde, acetone, aliphatic acids, and mixed 
solvents. Others present include n-propyl and butvl 
alcohols, methyl ethyl ketone, and oxides of lower 
olefins. 

The same principle is used to produce acetylene 
from methane by the Sachsse process. Pure oxygen 
is used to burn part of the feed to achieve tempera- 
tures of 1500-f °C, at which temperatures cracking 
of the remainder occurs. Products must he 
quenched with water after extremely short reaction 
times (less than 0.01 sec) to catch the relatively 
unstable acetylene before it decomposes further. 
IJnder^ different reaction conditions, methane yielflj 
carbon. By burning in a limited air supply an< * 
quenching the products by impingement on chan- 
nel irons, channel black is formed. , 

Mixtures, such as those from noncataly*®" 
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butane oxidation, are avoided by oxidizing com- 
pounds selected for their reactivity toward oxygen 
in the presence of catalysts. Thus, ethylene, when 
mixed with oxygen and passed over a silver catalyst, 
vield* ethylene oxide by direct addition. Many 
,|cohols, when treated similarly over silver or cop- 
per. are dehydrogenated to aldehyde or ketones. 
The oxygen in this case combines only with the 
removed hydrogen to form water. In this way, 
formaldehyde is made from methanol, acetaldehyde 
trom ethanol, and acetone from isopropyl alcohol. 
Noth addition of oxygen and dehydrogenation can 
be induced to occur at activated positions in a 
molecule by the proper catalysts. Propylene, which 
might he expected to he attacked at the double 
bond, is oxidized to acrolein over copper- and 
elcniuin-containing catalysts because of the acti- 
\ating effect of the double bond on the a Hylic rar- 
bun-h>drogen bond. The benzene ring has a similar 
r fleet on the methyl groups of toluene, so that 
ben/aldehyde can he produced in commercial 
quantities. The aromatic ring in this case not only 
actuates the side chain, hut is itself stable toward 
oxidation. This stability, combined with the selec- 
tive catahtic effect of the oxides of vanadium, has 
hi to the commercial processes which oxidize 
naphthalene and o-xvletie to phthalic anhydride. 
The volatility and stability of this cyclic anhydride 
helps prevent its further oxidation before issuing 
'nun the reactor. At higher temperatures, even tin* 
benzene ring will disintegrate over this catalyst, 
giving commercially attractive yields of maleic 
mlivdride from benzene itself. 

The air oxidation of ammonia to nitric oxide*-. 
! hem selves powerful oxidants, can he ombined 
with the oxidation of organic compounds to yield 
the nitrile grouping. Hydrogen cyanide is now 
produced on a large scale from methane, ammonia, 
Jnd air, with catalysts such as platinum hastening 
inversions. Aromatic nitriles are obtainable from 
‘•'une of the rnetliylbenzenes in a siniilai manner. 

liquid-phase processes . This mode of operation 
limits the amount of oxygen which contacts the nr- 
panic system at any one time. Increased control of 
lu'at of reaction and conversions is thus possible. 
Catalysts are used in solution to avoid problems of 
iking and regeneration. Solvents can he employed, 
often with strong influences on the oxidations. 

Most noncatalytic oxidations are autocatalytic; 
unce started, they may be self-perpetuating. They 
ar c chain reactions in which free radicals are 
formed and consumed continually in a series of 
" te Ps involving both oxygen and hydrocarbons. The 
vitiating step is open to question, but may involve 
the small amount of ozone occurring in air or 
oxygen. Hydroperoxides are the first stable species 
tsolable. In the early 1950s, a commercial process 
^ as developed to produce phenol from cumene by 
” r8t forming the hydroperoxide, which is then 
p Ieaved with acid to the phenol and acetone. The 
s ame grouping forms in acetaldehyde oxidation, 
fiving peracetic acid, an extremely useful reagent. 
Hydrogen peroxide itself is now made commer- 
CIa Uy by the autoxidation of 2-ethyl hydroanthra- 
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quinone in an organic solvent from which the 
peroxide is extracted. The resultant ethyl anthra- 
quinone is reduced with hydrogen and recycled. 

Hydroperoxides are unstable to heat, and many 
functional groupings and surfaces decompose them 
to new species, as in the case of cumene hydro- 
peroxide to phenol. Metals and their oxides and 
salts can he used to favor aldehyde or ketone 
formation. Because the former are easily oxidized 
to acids, in one operation a variety of hydrocarbons 
can be converted catalytically to carboxylic acids. 
Benzoic and Muilylbenzoic acids are obtained from 
toluene and /-butyltoluene, respectively. The toluic 
and phthalic acids are formed from their respec- 
tive xvlenes. Liquid-phase butane oxidation again 
gives mixed products, including appreciable quan- 
tities of acetic acid. Paraffin wax oxidizes to fatty 
acids, which w T ere used in World War II to make 
synthetic soap and butler in Germany. Secondary 
hydroperoxides decompose to ketones instead of 
aldehydes under such conditions. These are more 
resistant to oxidation. Acetophenone is produced 
from ethylbenzene and cyclohexanone from cyclo- 
hexane. More vigorous oxidation will cleave car- 
bon-carbon bonds to give benzoic acid from the 
former and adipic acid from the latter. 

Chemical oxidants. These can he highly selective, 
although more than one may he capable of effect- 
ing a given oxidation. The choice depends upon the 
cost, scale of onerations, availability, groups oxi- 
dized, product desired, by-products, ease of re- 
covery, corrosion, and product purification. The 
most widely utilized are summarized, with em- 
phasis on commercially practical processes. 

Nitric acid. In concentrations of about 30 % or 
lower, the nitration capacity of nitric acid becomes 
minor compared to its oxidizing power. It is used 
to produce carboxylic acids. Cyclohexanol is 
cleaved to adipic acid. Paraxvlene and p-toluic 
acid yield terephthalic acid. Both are important 
building blocks of high polymers. 

Pc r oxides. Hydrogen peroxide is used alone or in 
mixtures where peraeids exist in equilibrium with 
it. Fo? instance, hydrogen peroxide in acetic acid 
■ - in equilibrium with peracetic acid which is most 
effective in the epoxidation and hydroxylation of 
double bonds. Glycols are forpied from rnonoolefins ; 
glycerine from allyl alcohol. See Peroxide. 

Ozone. Alone or with oxygen, ozone is most 
active toward unsaturation. Highly unstable ozo- 
nidcs may he produced, but under controlled con- 
ditions, this agent can be highly selective to pro- 
duce alcohols, aldehydes, and esters, usually with 
carbon -carbon scission. Castor oil is cleaved to a 
dibasic and a monobasic acid via ozonization. See 
OZONIZATION. 

Sulfates. Fuming sulfuric acid will attack even 
saturated hydrocarbons at high temperatures. Con- 
trolled properly, as in the presence of mercuric 
salts, it was once used to produce phthalic anhy- 
dride from naphthalene. Sulfur dioxide is evolved. 
In the middle 1950s, neutral sulfates such as am- 
monium sulfate were found to be commercially 
suitable as oxidants to manufacture iso- and ter- 
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Oxidation-reduction 


ephthalie adds from the xylenes. See Bleaching; 
Catalysis; Epoxidation; Permanganate; Unit 

PROCESSES. [w. G. TOLAND ] 

Bibliography. B. T. Brooks et al. (eds.). Chem- 
istry of Petroleum Hydrocarbons , vol. 2. 1955; 
P. H. Groggins (ed.). Unit Processes in Organic 
Synthesis , 5th ed., 1958. 

Oxidation-reduction 

An important concept of chemical reactions which 
is useful in systematizing the chemistry of many 
substances. Oxidation can be represented as involv- 
ing a loss of electrons by one molecule, and reduc- 
tion as involving an absorption of electrons by an- 
other. Both oxidation and reduction occur simul- 
taneously and in equivalent amounts during any 
reaction involving either process. 

Some important processes which involve oxi- 
dation are the rusting of iron or corrosion of 
metals in general, combustion of hydrocarbons, 
and the oxidation of carbohydrates (this takes 
place in a controlled manner in living cells). In 
each of tin? foregoing reactions the agent which is 
reduced is oxygen. Some common important re- 
duction processes are the transformation of carbon 
dioxide to carbohydrates (this takes place in 
photosynthesis with water being oxidized), the 
winning of metals from oxides (carbon is often 
the reducing agent), electrodeposition of metals 
(this takes place at the cathode, and an equivalent 
amount of oxidation takes place at the anode), and 
hvdrogenation of fats. 

The oxidation number. The oxidation state is a 
concept which describes some important aspects of 
the stale of combination of the elements. An ele- 
ment in a given substance is characterized 
by a number, the oxidation number, which specifies 
whether the element in question is combined with 
elements which are more electropositive or more 
electronegative than it is. It further specifics the 
combining capacity which the clement exhibits in 
a particular combination. A scale of oxidation 
numbers is defined by assigning to the oxygen atom 
in its usual state of combination with other atoms 
the value of —2. Applying this definition, and 
the added one that the sum of the oxidation numbers 
for the atoms comprising a particular unit equals 
the net charge on that unit, the oxidation number 
of iron, Fe, in Fe-O.* and in Fe ++ ^ is seen to be 
4-3, and of sulfur, S, in SO ;i and in SOr ' is seen to 
be 4-6. The oxidation numbers of the positive cen- 
ters in turn can be used to establish those of other 
electronegative atoms with which they arc com- 
bined. 

The scale of oxidation numbers which has been 
defined has not been chosen arbitrarily. It recog- 
nizes that oxygen is electronegative toward other 
elements (the single exception being fluorine) ; it 
also recognizes that when oxygen reacts with other 
elements, each atom seeks to acquire two addi- 
tional electrons, by sharing or transfer, to complete 
a stable valence shell of 8 electrons. A tidier defi- 
nition of the scale would be possible if fluorine 
were made the standard and assigned the value of 


— 1 in the combined state. The advantage this would 
offer is that fluorine is the most electronegative of 
all atoms and exhibits only a single combining < a . 
pacity, so that fewer exceptions in definition would 
be necessary than are required for oxygen. For ex- 
ample, to be consistent with the general philosophy 
of the concept of oxidation number, oxygen in flu- 
orine oxide, F 2 0, must be assigned the value -f2 
and in peroxide the value of —1. (In hydrogen per 
oxide, H 2 0 2 , the oxygen has not exhausted its full 
combining capacity for hydrogen, and the reaction 
H 2 0 2 4- Hs = 2H 2 0 is possible.) Even with these 
exceptions, oxygen is more serviceable as a stand- 
ard because of the large number of substances of 
which it is a part. 

The oxidation number by no means gives a com- 
plete description of the state of combination of an 
atom. Thus it makes no distinction between fluorine 
in HF, AIF.u and NaF, although the actual electric 
charges on the fluorine atom in these compounds 
will differ. The utility of the concept N based 
in part on ihis feature because much of the 
chemistry of these substances can be understood 
when it is realized that each of them readily >iel<K 
F , as is the ease when they dissolve in water. The 
chemistry of the three substances, in reguid to tin- 
component fluorine, is concerned with reaction" 
of F. Although oxidation number *is in some 
respects similar to valence, the two concept- 
have distinct meanings. In the substance IK th« 
valence of hydrogen is 1 because each II make** a 
single^bond to another H, but the oxidation num- 
ber is 0, because the hydrogen is uncondoned >\ilh 
a different element. See Valence. 

The systematization of chemistry based on the 
concept of oxidation number can be illustrated v* itli 
reference to the chemistry of iodine. The usual oxi- 
dation states exhibited by iodine are — 1. 0. f '- 
4-5, and 4 7. Examples of substances correspond 
ing to each oxidation state are 

4-7 io 4 IIIO,,, ir 7 

4-5 I 2 <> 6 , in H !(>:,. 1F 5 

4-1 HIO, lO- IC1 2 ~ 

0 Io 

-1 1- HI, Nat 

Following the classification by oxidalion nurnh* i 
of the substances containing the element in quf”- 
tion. the reactions of the substances fall naturally 
into two classes. In the first class, no change in oxi- 
dation number takes place, and in the second, the 
class of oxidation-reduction reactions, changes in 
oxidation number do take place. Some example of 
the first class are 

UO t + HiO = 2HTO» I* J 

IIIO* + OH- - IO3- + H2O (-■ 

hio + ii+ + 2Ci- - h 2 o + iar Pj 

Hg++ + 41- = Hgl, C' 

and of the second are 

Cl 2 + 2I- = 2C1-+I 2 g 

2Fe +++ + 21- = 2Fe++ + I 2 1“ 

16H+ + 2MnO„- + 101" - 8H 2 0 + 2Mn ++ + SI* 

(<) 
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In reactions of the first class, some center regarded 
as positive undergoes a change in the nature of the 
groups associated with it, but without undergoing 
a change in oxidation number. Reaction (3), for 
example, describes the replacement of OH <, n V 
l,v 2 Cl\ Tn reactions of the second class, changes 
,n oxidation number occur which may or may not 
lie accompanied by changes in the slate of associa- 
tion of the centers in question. 

Reactions (5), (6). and (7) illustrate the utility 
ot the concept of oxidation number. A variety of 
iragents as different in their properties as CIs, 
Fr , and MnOr serve to bring about the change 
limn I~ to 14. However, their chemical individuality 
doe* not affect the state of the iodine, and no group 
.liaracteristic of the oxidizing agent is necessarily 
transferred in the net change. This situation ob- 
tains only for reactions in a strong!) solvating me- 
dium such a- water, which provides the groups that 
asocial e with the species being considered. Thus, 
when the reactions take place in the solid, it is 
nm»s*arv to specify what iodide is being used, 
whether sodium iodide, Nal, or silver iodide. Agl. 
lor example, and the course of the reaction would 
In* dependent on the choice. 

Oxidation-reduction reactions. In an oxida- 
tion-reduction r eaetion. some element decreases in 
oxidation state and some* element increases in oxi- 
dation state. The substances containing these ele- 
ments are defined as the oxidizing agents and 
1 educing agents, and they are said to he reduced 
;nid oxidized, respectively. The processes in ques- 
tion can always be represented formally as involv- 
ing electron absorption by the oxidizing agent and 
••lection donation by the reducing ager* For ex- 
■iiiiplo. reaction (6) can be regarded as the sum of 
llio two partial processes or half-reactions; 

21 = h + 2c~ («) 

2Fe +++ 4 2c" - 2Fe' H (9) 

similarly, reaction (7) consists of the two luilf- 
reartions: 

21- - 1 2 4- 2c " (10) 

IhH* f 2 M 11 O 4 - + 10c- = 2Mn++ 4- 8II 3 0 (ID 

H 'hh half-reaction (10) being taken five times to 
balance the electron flow from reducing agent to 
oxidizing agent. 

Each half-reaction consists of an oxidation-re- 
duction couple; thus, in half-reaction (11). the re- 
ducing agent and oxidizing agent comprising the 
° 011 ple are manganous ion, Mn + \ and permanga- 
nate ion, MnOr, respectively; in (10), the reduc- 
,n 8 agent is I - , and the oxidizing agent. Tj. The dl- 
r *etion of reaction (7) implies that MnOr in acid 
s, dution is a stronger oxidizing agent than is I 2 . 
Because of the reciprocal relation between the oxi- 
dizing agent and reducing agent comprising a cou- 
I^e, this statement is equivalent to saying that I" is 
a stronger reducing agent than Mn H in acid solu- 
fl ( >n. Reducing agents may be ranked in order of 
tendency to react, and this ranking immediately 
,n *plies an opposite order of tendency to react for 
Bie oxidizing agents which complete the couples. A 


list containing some oxidation-reduction couples or- 
dinarily encountered and ranked in such fashion 
follows: 


Strong 

reducing 

agent 

Increau- 

ing 

reduc- 

ing 

power 


Mg* Mg** + 2 p 
Z n - Zn< + + 2 e" 
II* -2H 4 + 2ir 
Cu =» Cu f 4 -F 2 e~ 
I -Hli + c" 
Fo M - Fe* ^ + r 

Hr = H r-j + e 


Weak 

oxidizing 

agent 

Increas- 

ing 

oxidiz- 

ing 

power 


I <T-?*C. l,+ e“ I 

I 411,0+ Mn 4 4 - M 11O4 4 8II + +5*- i 
Weak Strong 

reducing oxidizing 


ageri t 


agent 


A complete list contains the displacement series 
of the metals. The most powerful reducing agent 
shown in the list is magnesium. Mg, although this 
is not the most powerful known. Magnesium is ca- 
pable of reacting with any oxidizing agent below it 
in the list to yield Mg ++ and to form the reduced 
product resulting from the oxidizing agent. Simi- 
larly, permanganate ion, MnOr-. in acid, the strong- 
est oxidizing agent shown, is capable of reacting 
with any reducing agent above it in the list. Con- 
versely, an oxidizing agent at the top of the list 
will not react appreciably witli the reducing agent 
of a couple below it. The list given, containing 9 
entries, can lie used to prediet the results of 72 
separate experiments (Mg f- Zn +4 on the one hand 
and Mg" I Zn on the other would he counted as 
separate experiments in arriving at this figure) . See 
Fi.f.ctkochkmical skkii:s; Electronegativity. 

Since the driving force for a reaetion depends on 
concentrations, the concentrations of all reactants 
and products must be specified, as well as other 
conditions, in applying a list such a* that given. 
The order shown obtains for water solutions at 
25°C, approximately 1 M in all soluble reagents 
and having gases present at approximately 1 atm 
pressure. A second limitation on the use of this list 
lies in the fact that it applies only when the ex- 
pected reaetion products are compatible. Although 
coppei is capable in principle of reducing iodine 
to form I - and Cu" at high concentration, these 
products are not compatible with each other, but 
they react to form copper (I ) iodide, Cul. Allow- 
ance for such features can always be made by in- 
corporating the necessary additional half-reactions 
into the list. Finally, it must be stressed that the 
list can be used to predict the results of experi- 
ments only for systems which reach equilibrium suf- 
ficiently rapidly; it does not. serve to predict the 
rate of reaction. To achieve the reduction of Fe +++ 
by H_» predicted in the list, it would he necessary 
to use a catalyst in order to realize the reaction 
in a reasonable* time. 

The equilibrium information implied by a table 
of half-reactions can readily be put into quantita- 
tive form. Thus, the standard free energy change 
for the reaction of 1 equivalent weight of each re- 
ducing agent with some common oxidizing agent 
can be entered opposite each half-reaction. The nu- 
merical values of these quantities will be in the 
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same order as are the half-reactions and can be 
combined algebraically to yield the standard free 
energy change, and therefore the equilibrium con- 
stant, for any reaction which can be written from 
the table. See Equilibrium, chemical. 

A chemist concerned with reactions of the type 
under discussion will have a ready vocabulary of 
facts concerning oxidizing agents and reducing 
agents, such as their oxidizing or reducing powers, 
the speed with which they react, and the char- 
acteristics which may complicate their applica- 
tion. A typical problem in analytical chemis- 
try is to reduce Cr-jOr" to Cr" 1 in acidic (per- 
chloric acid) solution without introducing elements 
which are not already present. Metallic reducing 
agents such as zinc and iron or metal ion reducing 
agents are immediately eliminated from considera- 
tion because the products of oxidation may be dif- 
ficult to remove from the resulting solution. A so- 
lution of hydrogen iodide. HI. would be suitable, 
except that it would be necessary to take special 
pains to add it in equivalent amount because ex- 
cess in would be difficult to remove (the iodine. 
1-j, produced by oxidation of I . however, is easy to 
remove by extracting it with a suitable solvent such 
as carbon tetrachloride). Hydrogen would he ideal 
(the produet of its oxidation. H*. is already pres- 
ent in solution, and excess reducing agent can eas- 
ily he removed) except that the rate of reaction 
would he disappointingly slow. A suitable reducing 
agent would he hydrogen peroxide, HjO- : it reacts 
rapidly, the product of oxidation is oxygen, which 
escapes from solution, and excess oxidizing agent 
is easily destroyed by heating the solution. See 
Fj.kcthodk potential: Metabolism. 

Mechanisms. The data needed to predict the out- 
come at equilibrium of the reaction of most common 
oxidizing and reducing agents arc known. A list of 
the kind shown above can he extended, and when 
it is elaborated with entries carrying the quan- 
titative information, accurate calculations of the 
equilibrium state for all the reactions implied by 
the table can be made. By contrast, though the rates 
of reaction are also of great importance, they are 
much less completely understood and less com- 
pletely described. To understand the rales of re- 
action. one must first learn how the reactions take 
place. To illustrate one of the problems of mecha- 
nism. a reaction is selected which, though compli- 
cated, is not untypical in this respect: 

1 111 1 + Cr,( h~ 2 + 6Fe +a = 711,0 -f 2Cr * 3 + 6Fe 4 * 

It is inconceivable that the reaction proceeds by 
the simultaneous encounter of 14H’, Cr-O: and 
6Fe'- or even by the accumulation into a single 
unit of those entities by a succession of steps. Tn 
fact, the slow step is known to be much less 
complex, but Fe r - and Cr-jOy"- are involved in such 
proportions that one or the other is left in an 
unstable oxidation state as an intermediate product. 
This intermediate then undergoes further reaction 
subject to the requirement that the over-all stoi- 
chiometry be followed. An important problem in 
this field is that of resolving the over-all reaction 


into steps, identifying intermediates, and describ 
ing their further reactions. 

Aside from problems such as these, there arc 
basic ones concerned with how one of the simph- 
steps takes place. To bring about the change j n 
oxidation state, does transfer of an electron i nvUl 
or does transfer of an electron hole take p| arf . 
(that is, of an ion which is deficient in electrons) 1 ' 
If there is electron transfer, does it occur over a 
large distance or only when an oxidizing agent and 
reducing agent are in direct contact? 

Tn certain systems of which 

IrCIfi” 2 + Fe(CN)fi _1 = 1rCI,r 3 + FefFAV 3 

is an example, it is perhaps proper to speak of 
oxidation-reduction. by electron transfer. All I r-CI 
and Fe-CN bonds are retained intaet on electron 
transfer, and there is no opportunity for transfer 
of Cl or CN. Many oxidation-reduction couple 
are of this type, with the atomic groupings |»«>ing 
maintained although electron transfer takes place 

In other systems, it is quite certain that oxidation 
re du ction is brought about by atom or group Iran* 
fer. Isotopic tracer experiments show that when 
SO, in water is oxidized to S0| - by CIO.; . chlnratr- 
oxygeii is in large part transferred to sulfur. Hon 
the first step of the oxidation-reduction process ran 
be considered to result from the transfer ol an atom 
ol oxygen from CIO* to SOj. 

CIO,*- | SO, + 11,0 CIO,*" | S< hi)* + 211 • 

A topi transfer is known to take place also loi 
scum* reactions of complexes of metal ions. Tim-, 
in the reaction of Co ( IN H . ) r ,0H,‘ 4 with 
Cr(H»0),; in acid, to form Co(HO)#,’ 

Cr ( 1 I L *() )i;*' 5 -f- Nil i *, t lie water molecules ol the 
Co (III) complexes are transferred qiiantitnliveh 
to chromium. Complex groups such as S0 ( . 
CllnCO, also transfer from oxidizing agent t" 
reducing agent. For a group such as 



in place of H L >0 in Co (NHa) nOHo 1,1 . there K 
evidence that the reducing agent attacks the ri- 
mote carbonyl and that reduction of Co (III ) occur* 4 
by electron transfer through the organic molecule. 

It is clear that in the last example the distinction 
between “atom** or “group transfer" and “electron 
transfer" is not sharp. The experimental result 
was described in terms of electron transfer through 
the organic molecule; it could equally well ha'* 1 
been described as the passage of an electron hole 
fiom the oxidizing agent to the reducing agenl- 
Which is the more appropriate description has not 
been settled either by experiment or by theory. 
The description offered for the reaction of IrC J<{ 
with Fe(CN)r, 4 must also be qualified. The motion 
of the electron from reducing agent to oxidizing 
agent may be coupled to the motion of .a cation 
in the same direction or to the reorientation 0 
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*ater dipoles. The issues raised, though important 
for understanding the systems, again are not yet 
. t *ttled by theory or experiment. | n. tai'bk J 

Bibliography: E. Gould, Inorganic Reactions 
and Structures , 1955; W. M. Latimer. Oxidation 
states of the Elements in Their Potentials in 
Iqurous Solution , 1952. 

Oxide 

\ binary compound of oxygen with another ele- 
ment. Oxides have been prepared for essential I v all 
tin* elements except the noble gases. Often, several 
different oxides of a given element can be pre- 
pared: a number exist naturally in the earth’s crust 
.ind atmosphere: silicon dioxide (SiO,) in quartz: 
aluminum oxide (A 1-0.;) in corundum; iron oxide 
iKe.O;) in hematite; carbon dioxide (CO,) gas; 
.ind water ( 11,0 ) . 

Most elements will react with oxygen at appro- 
piiate temperature and oxygen pressure condi- 
tions. and many oxides may thus be directly pre- 
pared. Phosphorus burns spontaneously in oxygen 
In form phosphorus pentoxide. (!*,()-, )•_•. Sulfur re- 
'liiiic- ignition and thereafter bums to sulfur diox- 
ide ISO,) gas if the supply of ox\gen is limited. 
Tin* relative amounts of oxvgen and element a\ail- 
.ilde often determine which of several oxides will 
Innn: in an excess of oxvgen, sulfur burns to fotm 
-ome sulfur dioxide ( SO ; ) gas. Most metals in 
imissiw form react with oxvgen onl\ slowly at 
loom temperatures because the first thin oxide coat 
formed protects the metal; magnesium and alumi- 
num f rmain metallic in appearance lor long peri- 
sh because their oxide coatings are scarcely vLi- 
'do. However, diffusion ol the oxygen nd metal 
•iloiiv- through the film becomes rapid at high tem- 
neuliires and these metals will burn intensely to 
llieir oxides if ignited. The oxides of the alkali and 
•ilkaline-earth metals, except for her\ Ilium and 
niamiesiuin. are porous when formed on the metal 
'■'irtuee. and they provide only limited protection 
* M the coni iuuation of oxidation, even at room tem- 
peratures. Gold is exceptional in its resistance to 
( »\*gen. and its oxide (Au,0. s ) miht he prepared 
b\ indirect means. The other noble metals, al 
dmtigli ordinarily resistant to oxvgen. will react at 
bigli temperatures to form gaseous oxides. 

Indirect preparation of the oxides may he ac- 
complished by heating hydroxides, nitrates, oxa- 
tatts, or carbonates, as in the production from the 
bitter of quicklime (CaO) by the reaction 

CaCO.i CaO -f- CO, 

m which carbon dioxide is driven off. (/old oxide 
^•av he prepared by heating gold hydroxide 

2Au (0Ii):t AiiaO.-, + 3H,0 

higher oxides of an element may be reduced to 
lower oxides, usually at high temperatures, for ex- 
arn Ple, the reduction of tungsten trioxide by tung- 
sten 

2W0s + W-*3W0 2 

Complete reduction to the element may be per- 


formed by other elements whose oxides are more 
stable, as in the formation of calcium oxide from 
titanium dioxide by the reaction 

2Ca 4- TiO, Ti + 2CaO 

Although the solid oxides of a few r metals such 
as mercury and the noble metals can he easily de- 
composed by heating, for example, 

2 A 11,0;; — > 4Au 4- 30, 

most metal oxides are very stable and many con- 
stitute important refractory materials. For exam- 
ple. magnesium oxide, calcium oxide, and zirco- 
nium dioxide do not melt or vaporize appreciably 
at temperatures up to 2500° C. A great number of 
refractories consist of compounds of two or more 
oxides; silicon dioxide and zirconium dioxide form 
zirconium silicate by the reaction 

SiO, + ZrO, -► ZrSiCL 

Because so many oxides can be easily formed, 
studies of them have been most important in estab- 
lishing relative atomic weights of the elements 
based on the defined atomic weight for oxygen. 
Furthermore, these studies were fundamental in 
forming the basis for the laws of definite propor- 
tions and multiple proportions for compounds. It 
is of special significance that, although any gase- 
ous oxide species must necessarily' have a definite 
oxygen-to-element proportion, a number of solid 
and liquid oxides can he prepared with propor- 
tions which may vary continuously over a consider- 
able range. This is particularly true for oxides pre- 
pared under equilibrium conditions at high 
temperatures. Thus, titanium exposed to oxygen 
until reaction equilibrium is readied at a number 
of selected conditions of temperature and oxygen 
pressure will form the solid oxide. TiO. Tt has the 
same crystal structure as rock salt; that is, every 
othei sj|p along the three coordinate directions of 
the crystal will he occupied by titanium atoms and 
the alternate sites by oxygen atoms (each in its ion 
form Ti M and 0 ) to give the simple Ti O ratio 

of 1:1. However, with other selected pressure-tem- 
perature conditions, oxides of this same structure 
,ir every Ti/0 ratio from 1:0.7 to 1:1.25 may be 
prepared. The variable proportions are a manifes- 
tation that variable mini hers of oxygen or titanium 
sites can simply remain vacant in a homogeneous 
way. The range is referred to as the TiO/O 1 :07- 
1.25 phase, or more loosely, the TiO solid-solution 
phase. 

Most of the nonmetal oxides commonly encoun- 
tered as gases, such as SO, and CO,, form solids 
and liquids in which the molecular units of the gas 
are retained so that the simple definite proportions 
are clearly maintained. Such oxides melt and boil 
at low temperatures, because the molecular units 
are weakly bonded to adjoining molecular units. 

Oxides may be classified as acidic or basic ac- 
cording to the character of the solution resulting 
from their reactions with water. The nonmetal ox- 
ides generally form acid solutions, for example. 

S0n + Ho0-» H 2 SO 4 
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for the formation of sulfuric acid. The metal oxides 
generally form alkaline solutions, for example, 

CaO + H 2 0— * Ca(OH)o 

for the formation of calcium hydroxide or slaked 
lime. However, given metals of the groups TV and 
higher of the periodic table will often have basic, 
intermediate, and acidic oxides. Here, the acid 
character increases with increasing oxygen-metal 
ratio. See Ann and rase; Equivalent weight; 
Oxygen; Refractory. [ k. k. kdwards] 

Bibliography: L. Brewer, The thermodynamic 
properties of the oxides and their vaporization 
processes. Chem. Rev., 52(1) :1 74, 1953; M. Han- 
sen, Constitution of Binary Alloys , 2d ed., 1958; 
P. C. T.. Thorne and E. R. Roberts (eds.), I nor- 
ganic Chemistry , fith ed.. 1955. 

Oxidizing agent 

A participant in a chemical reaction which accepts 
electrons from another reactant. In acting as an 
oxidizing agent, the substance undergoes a loss in 
positive oxidation number or a gain in negative oxi- 
dation number. In a more restricted sense it sup- 
plies oxygen to another reactant. This is the more 
familiar concept of an oxidizing agent. Some of 
the more important oxidizing agents in this latter 
sense include hydrogen peroxide (II.>Oj), perman- 
ganate ion (MnOr), potassium chlorate (KClOa), 
dichromate ion (O 2 O 7 "”). nitric acid (HNO ;; ), 
hypochlorite ion (CIO ). and potassium nitrate 
(KINO}). An example of the action of such an oxi- 
dizing agent is that of potassium nitrate on carbon. 
When potassium nitrate is heated in a porcelain 
crucible, oxygen is liberated: 


Oxime 

One of a group of chemicals derived from 
aldehydes (RCH— NOH, aldoximes) or ketone* 
(RR'O-=N0H, ketoximes) used for isolation and 
identification of carbonyl compounds. In general 
they are easily purified and have characteristic 
melting points. The properties of certain oxime* 
have made them industrially important. 

Oximes have received considerable attention hr 
cause of their stereochemistry and their partii ipn- 
tion in the Beckmann rearrangement. 

The discovery of geometrical isomers involving a 
carbon-nitrogen double bond demonstrated the fact 
of restricted rotation about such a bond in a manner 
analogous to that obtaining about a carbon-carbon 
double bond (.sec Isomerism, molecular). How- 
ever, relatively few pairs of geometric isomers of the 
oximes, which are conventionally termed s\n and 
anti isomers analogous to the more familiar ri«* ami 
Irans terminology used in carbon-carbon system*, 
have been isolated. This suggests that interemi 
version of such isomers involves relutiveh little m 
orgy. Thus, xvn-henzaldehvdc oxime (H ami OH in 
a cis arrangement with respect to the double Imml > 
is converted to the anti (trans) form bv elhcie.il 
hydrogen chloride solution; reversion to the *\n 
form can he accomplished bv irradiation of a hen 
zene solution of the anti form. 

In ketoximes the prefixes syn arid anti refer tn 
the relati\e positions of the hvdroxvl group and the 
grouped jaeent to the prefix. 

H 6 C fi c 6 h 4 ch 3 me. c«h 4 ch., 
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KNO, — > VjO -j + KNOo (potassium nitrite) 

If finely divided carbon is present, it will be ignited 
and burn to carbon dioxide: 

C + 0, CO 2 

An example of an oxidizing agent in the less re- 
stricted sense is that involving the reaction of 
chlorine (Clj) and ferrous chloride (FeCb): 

FeCl j + K'C1 2 FeCIa 

Chlorine undergoes a change in valence from zero 
to 1—. It therefore acts as an oxidizing agent and 
is reduced in the process. 

The terms oxidizing agent and reducing agent 
are relative; whether a substance acts as an oxidiz- 
ing or reducing agent depends upon the nature 
and concentration of the reactant with which it 
is brought into contact. 

The behavior in any oxidatirtn-reduction reac- 
tion depends strongly upon the concentration. For 
certain reactant pairs, the roles of oxidizing agent 
and reducing agent may he interchanged by alter- 
ing the concentration ratio. See Electrochemical 
series ; Electronegativity ; Oxidation-reduc- 
tion; Valence. 

[f. j. johnston] 

Bibliography : I. M. Koltholff and V. A. Stenger, 
Volumetric Analysis , vol. 3, 2d ed., 1957. 
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sy/i-Phenyl tolyl .syn-Tolvl plicnvl 

ketoxime or anti - ketoxirne or anti - 

tolyl phenyl ketoxime phenyl tolyl ketoxime 

Ketoximes undergo the Beckmann rearrangement 
under the influence of acidic reagents. Tn tlii" re- 
arrangement, the substituent anti to the hydroxxl 
group changes positions with the hydroxyl group 
with the formation of the lactim form of an amid* 1 
which immediately tautomerizes to the more stable 
lactam form. Thus, the oxime of acetophenone (sy/i 
methyl phenvl ketoxime) yields the lactirn form of 
the stable acetanilide 
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J. Meisenheimer assigned the presently accepted 
configurations of the ketoximes largely on the nasi*' 
of a study of ring-closure reactions involving rc ®^ 
tive halogen atoms. For example, one isomer of t e 
oxime of methyl 2-chloro-5-nitrophenyl ketoxim* 



readily undergoes ring closure with elimination of 
lixlrngen chloride under the influence of sodium 
hydroxide, whereas the other form giv es the same 
product much more slowly. Therefore, it is ron- 
rliided that the isomer which undergoes facile ring 
,-hisnre is the anti form and that the resistant isomer 
has the syn configuration. On rearrangement the 

C1I 3 
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anti and syn forms gave (I) and (11) respecti\el> , 
thus providing a basis for the trails migration of the 
groups concerned and also providing a basis for the 
alignment of configuration from the nature of the 
pioduets of the Beckmann rearrangement. 

Cyclohexanone oxime rearranges to the lactam 
to 6-aminohexanoic acid (caprolactam) a precur- 
v ° r of a polyamide of the nylon type (nylon 6 ) 

— [ NH ( CHu ) r,CO J 

Aldoximes are dehydrated to nitriles by the ac- 
of acetic anhydride; all oximes may be reduced 
to primary amines. The lower aliphatic, aldoximes 
told use as anti-skinning agents in paints. See Ai.- 
1‘khyde ; Ketone. [l. b. c.lapp] 

Oximetry 

The technique for measurement of the fraction of 
*he hemoglobin in blood which is in oxygenated 
torm. This fraction usually is expressed in per 
ie Bt, and this percentage value is referred to as the 
° x ygen saturation of blood. The oximeter, the in- 
^rument used in this procedure, is a photoelectric 

Photometer. 

One type of oximeter is designed to measure the 
^Vgen saturation of blood circulating in a partiou- 
tor tissue of an intact animal or human being. The 
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tissue most commonly studied is the cartilaginous 
pinna of the ear, and the instrument used for this 
purpose is called an ear oximeter. See Photome- 
ter. 

A second type of oximeter is designed to meas- 
ure the oxygen saturation of blood outside the 
body during or shortly after withdrawal of the 
blood from various sites in the vascular system. 
Such a device usually is called a cuvette oximeter. 

The physical basis of oximetry stems from the 
difference in absorption by oxygenated and re- 
duced hemoglobin of red light of wavelengths in 
the region of 040 tn/i (Fig. 1). These measure- 
ments of light absorption usually have been made 
on light transmitted through blood (transmission 
oximetry), hut reflected light (reflection oximetry) 
also has been used successful!) for this purpose. 

'Die first oximeters used successfully were rela- 
tive-reading devices; that is, they were capable of 
measuring only changes in oxygen saturation and 
not absolute saturation. The more recently devised 
absolute-reading oximeters of the transmission type 
determine the abruption by blood of light of two 
wavelengths, one of which (800 m/» ) is absorbed 
equally hv oxygenated and reduced hemoglobin, 
and the other of which (040 m/i) is absorbed very 
differently by these two forms of hemoglobin. 
These measurements are made by two photo-cell- 
filter assemblies each designed to have a peak sen- 
sitivity at one o f these two wavelengths. (Fig. 2). 

Absolute measurement of the oxygen saturation 
of blood circulating in tissue, such as the ear, also 
requires some method for correction for the back- 
ground spectral absorption of the tissues other than 
blood wliidi necessarily must be interposed in the 
optical path of the instrument. This has been ac- 
complished by incorporating a pneumatic pressure 
capsule in the earpiece which, when inflated to 200 
mm Ifg ( mercury ) . presses the blood from the 
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Fig. 1. Comparison of spectral transmission of oxy- 
hemoglobin (Hb0 2 ) and reduced hemoglobin (HHb). 



470 Oximetry 



Fig. 2. Comparison of spectral transmission of oxy- 
hemoglobin and reduced hemoglobin and spectral 
sensitivities of oximeter photoelectric cells. 


transilluminated portion of the ear ^o that the 
light absorption of the bloodless tissue can he de- 
termined in addition to the absorption of the nor- 
mal, blood-containing tissue. The actual light ab- 
sorption of the blood alone* can then he determined 
by difference. Such an oximeter earpiece is illus- 
trated in Fig. 3. A diagram of a cuvette oximeter 
is shown in Fig. 4. along with the electrical circu- 
ity which frequently has been used with these de- 
vices. In Fig. 4 b, control switch position 1 is the 


setting for reading the galvanometer zeros; control 
switch position 2 is used to adjust the hensitHp 
of the infrared cell for a single-scale operation 
when the earpiece is on the flushed ear or blood"" 
in the cuvette oximeter; control switch position 3 
is used to adjust the sensitivity for single-scale 0 ,j. 
eration when the earpiece is on the pressurized 
(bloodless) ear or a saline solution is in the cuvette 
oximeter. After adjustments are made at position 
2 and 3, the deflections of the single scale galva- 
nometer produced in switch position 3 Ire a 
function of blood oxygen saturation in the flushed 
ear or cuvette oximeter. Figure 5 shows an instru- 
ment of this type being used for immediate deter- 
minations of the oxygen saturation of blond sam- 
ples withdrawn via a plastic tube from various >ii»^ 
in the* heart and great vessels. 

The cardiac catheter is a woven nylon tube 
ered with plastic paint containing a tin salt to ren 
der it radiopaque. The catheter is inserted \ij j, 
needle into a vein and advanced under fluoroscopic 
control into the desired site in the right side of 
the heart. The two-wav stopcock is an interchange 
able connection of the cardiac catheter to a -train- 
gage for recording intracardiac pressures transmit- 
ted via the eat holer, and to a cuvette oximeter. The 
determination of oxygen saturation of the blood lin- 
ing withdrawn hv the syringe is mad<*in the cmettr 
oximeter. In practice, this blood is maintained ster- 
ile and usually is reinfused into the patient a ft cm 
each determination. The quantity of blood lo-t 
duriffg the procedure is thus minimized. 

In addition to irianv valuable application- requir- 
ing intermittent or continuous measurements ot the* 
oxygen saturation of arterial or venous blond, 
oximeters also have been applied to measurement 
of the blood content of the ear and of arterial 
blood pressures. More recently, a particularly val- 
uable application has been the use of these device- 



Fig. 3. Absolute-measurement oximeter equipped with 
pressure capsule, (a) Earpiece for the oximeter. A, 
polythene tubing leading into B, pressure chamber; C, 
rubber diaphragm of pressure capsule; D, housing for 


photoelectric cells; E, lead wires; F, housing for Ii9^ 
source; G, setscrews for fixing position of pressure cap' 
sule; H, strain relief and ground wire* (b) Oximeter ear- 
piece in place on ear. 


4 volts 



fb) 


Fig. 4. (a) Diagrammatic arrangement of whole-blood 

oximeter cell and associated equipment. A, incandes- 
rent tungsten-filament light source; B, photocell for 
red circuit; C, photocell for infrared circuit, (b) Ear- 
piece and cuvette oximeter circuit incorporating si- 
multaneous double-scale and single-scale operation. 
R,, single-scale potentiometer control for red cell; Rj, 
single-scale potentiometer control for infrared cell; 
G_., single-scale galvanometer (R , plus R L . gives opti- 
mal damping resistance); G infrared-cell galvanom- 
eter for double-scale operation *R, = opi-mal damp- 
ing resistance); 1, 2, 3, control-switch positions. 

f«»r continuous measurement of the concentration 
of indicator d\es in blood during the initial trav- 
ersals of the dve-blood mixture through the circu- 
lation following injections of the indiratm at vari- 
ous sites in the circulatory system. Such curves of 
concentration with time, indicator-dilution curves. 



5. Cuvette oximeter used for immediate and 
continuous determination of the oxygen saturation of 
Wood being withdrawn from the right heart via a 
'O'diac catheter. A, cardiac catheter; B, two-way stop- 
coek; c, a strain-gage manometer; D, cuvette oxim- 
eter ; E, syringe. 
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are of great value for measurement of blood flow 
and volume and in the diagnosis of various forms 
of cardiac defects. f e. h. wood] 

Bibliography. 0. Glasser (ed.). Medical Physics , 
vol. 2, 1950: Symposium on diagnostic applications 
of indicator-dilution technics. Proc. Staff Meetings 
Mayo Clinic , 32:463-553, 1957: Symposium on in 
vivo photometry of blood in human beings, Proc. 
Staff Meetings Mayo Clinic , 25:384-391, 1950; 
E. H. Wood et al.. Measurement of blood content 
and arterial pressure in the human ear. Proc. Staff 
Meetings Mayo Clinic , 25:3% -405, 1950; W. G. 
Zijlstra. A Manual of Reflation Oximetry , Van 
GorcunTs Medical Library, no. 152. 1958. 

Oxygen 

A gaseous chemical element, O, atomic number 8. 
and atomic weight 16.0000. Oxygen is of great in- 
terest because it is the essential element both in 
the respiration process in most living cells and in 
combustion processes. It is the most abundant ele- 
ment in the earth's crust. About one-fifth (by 
volume) of the air is oxvgen. 

Oxygen is separated from air by liquefaction and 
fractional distillation. The chief uses of oxy- 
gen are (1) the manufacture, scarfing, cutting, 
and welding of steel; (2) the manufacture of 
chemical products bv partial oxidation processes; 
(.’») eei tain mining and quarrying operations, de- 
scribed later: and (4) the propulsion of large 
rockets into space. 

Uncombined gaseous oxygen usually exists in 
the lorrn of diatomi' molecules Oj, but oxygen also 
exists in a unique triatomic form. 0< T called ozone. 
See Ozone. 

In 1774. Joseph Priestley, an English clergyman 
who later emigrated to the United Stales and 
settled in Northumberland, Pa., observed that mer- 
curic oxide, on heating, yielded a gas that vigor- 
ously supported the combustion of a candle. Priest- 
ley found that the gas would support respiration 
and called the gas dephlogisticated air. The name 
oxygen, meaning acid-former, was given the gas by 
a group ol French chemists in 1787 in recognition 
of the ability of some oxides, such as the oxides of 
sulfur, to form acids. 

Use in industry. Much oxygen is used in the 
manufacture of such chemical products as synthe- 
sis gas, hydrogen, and acetylene (see discussion of 
chemical properties). A great deal of oxygen is 
used in the iron and steel industry. 
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Mining . The extensive deposits of Minnesota 
taconite, an extremely hard, low-grade iron ore. 
were not mined on a large scale until an economical 
method called jet piercing was developed for drill- 
ing holes preparatory to blasting (see illustration). 
In this method, water-cooled burners as high as the 
depth of the holes to be drilled are mounted verti- 
cally above the ground. At the lower end, a very 
hot flame is produced by burning kerosine in oxy- 
gen. The heat of the flame spalls the rock. The 
particles thus produced are blown out of the hole 
by the steam formed from the cooling water and by 
the gaseous products of combustion of the fuel. The 
burner is lowered continuously as the hole is 
formed. Extremely hard ore can thus be drilled 
rapidly. 

.Tet piercing can also be used to drill through 
limestone and other materials. An advantage of 
drilling blasting holes by jet piercing is that a 
bell-shaped pocket can readily be hollowed out at 
the bottom of the hole. Explosives can be packed 
into this pocket as well as into the rest of the hole. 

Tn open-pit mining, holes are drilled and filled 
with explosive. The explosive is then ignited and 
shatters the ore. One widely used type of explo- 
sive is railed liquid oxygen explosive (LOX). ft 
eonsists of porous carbon or other porous fuel in 
bags shaped to fit into the holes, .fust before the 
explosive is to he used, the hags are filled with 
liquid oxygen and lowered into the holes. The 
advantage of LOX over dynamite and other ex- 
plosives is that it is perfectly safe up to the 
moment the liquid oxygen is poured into the* hags: 
only then does the LOX heroine an explosive. 

Blast furnace. In some blast furnaces, oxygen is 
used to enrich the air supplied to burn the coke. 
A little extra oxygen increases the dailv output 
appreciably. Too much oxygen results in melting 
of the furnace lining, but methods of controlling 
the temperature have been developed so that more 
oxygen can safely he used. 

Steel from iron. Oxygen is used in Bessemer con- 
verters. in open-hearth furnaces, and in electric 
furnaces to increase the speed of making steel. 
Tn the open-hearth furnace, oxygen may he injected 
directly into the melt, where it combines exother- 
mically with the impurities in the iron. It is also 
possible to use oxygen to enrich the air supporting 
combustion of the fuels used in the open hearth, 
thus giving hotter flames and better transfer of 
heat to the melt. Oxygen may also be injected 
directly into the melt in electric furnaces. New 
types of steel-producing equipment are being de- 
veloped to make better use of the potential savings 
in the use of high-concentration oxygen instead of 
air. 

Flame scarfing. When steel ingots are to be 
rolled, they are heated to a high temperature. They 
are then rolled into billets. The billets are fed, 
while hot, into a scarfing machine. Here streams 
of oxygen from many nozzles are played on all 
sides of the billet at once. The oxygen burns off 
the surface defects and some of the steel in a spec- 
tacular shower of sparks. The billet is then ready 


for further rolling. Oxygen scarfing (skinning) j s 
now standard practice in most steel mills. 

Cutting. Steel can be cut very rapidly with oxy. 
gen torches. These torches can readily cut through 
steel up to several feet thick. In a single pas* 
they can bevel edges for welding. Cutting torches 
can quickly produce intricate shapes with the 
help of a template by which the torch is automati- 
cally guided. 

In cutting, the point of the steel at whirl) the 
cutting is to start is first heated by an oxygon- 
acetylene flame. A powerful jet of oxygen is then 
turned on. The oxygen burns some of the iron in 
the steel to iron oxide, and the heat of this r-orn- 
bustion melts moKp iron; the molten iron is blown 
out of the kerf by force of the jet. By feeding 
powdered iron into the oxygen stream, thi* cutting 
process can be extended to alloys such as stainless 
steel, which are not readily cut by oxygen alone 
and to completely noncombustible material* such 
as concrete. 

It is an interesting fact that oxygen to he 
for cutting must he at least 99% pure. The pics- 
ence of more than 1% impurities in the o\\grn 
is enough to slow down the chemical reaction be- 
tween the oxygen and the steel sufficient 1\ to pre- 
vent the cutting action. 

W elding. Although a high proportion of welding 
is now done by one of the available electiic an 
welding processes, a great deal of welding i* Mill 
done, bv the older oxyaeetylene process, in which 
acetylene burns in oxygen to give a veiy hot flame 
See. Stkkl manpf actum. : Wkldinc; and crrnvi, 

OF MRTAI.S. 

Other uses. Oxygen is used in the treatment ul 
asthma, pneumonia, and oilier respiratory di*ea-cs. 
Modern hospitals are piped for oxygen so that com- 
pressed-oxygen cylinders need no longer lie brought 
into the patients’ rooms. Oxygen is also used to aid 
breathing in high-altitude flying. 

Oxygen is used with hydrogen in t lie oxyhwlro- 
gen burner, which gives a very hot flame and no 
products of combustion except water. Burners of 
this type arc used in making synthetic sapphire, 
ruby, and other crystals. 

Another use for oxygen is in flame plating, a 
process in which metals and other materials are 
covered with protective coatings. In one form of 
flame plating, the substance which is to form the 
coating is fed to an oxygen-fuel gas flame m 
powder or wire form. The substance melts in the 
flame and is projected onto the surface to be 
coated (.see Mktal coatings). A steel storage tank 
may, for example, be coated with zinc using a 
torch to replace the paint brush. 

In another form of flame plating, a mixture o 
oxygen, acetylene, and a powder is exploded in J 
partially confined space; the force of the explo- 
sion causes the powder to form an adherent coat- 
ing on the metal surface. One of the most usefu 
of these coatings is tungsten carbide, a very bar 

material that imparts great wear-resistance 

the objects on which it is plated. 

In most, applications, oxygen is used in the g afe 



instead of the liquid phase. Even when the oxygen 
jjs transported as a liquid for economic reasons, 
it is usually vaporized before use. However, a 
considerable quantity of the liquid is used as an 
oxidizer in the fuel system of large rockets and 
i n the LOX mining explosives described earlier, 
vr Pro cell ant. 

Occurrence - About 49.5% by weight of the earth’s 
crust, including the oceans and atmosphere, is oxy- 
gen. Most of this oxygen is combined in the form 
0 f silicates, oxides, and water. Water is composed 
of 88.81 % oxygen by weight. 

Oxygen also exists outside the atmosphere of the 
earth, but since over 98%. of the matter in the visi- 
le universe (stars, nebulae, interstellar space) is 
, (imposed of hydrogen and helium, the cosmic con- 
centration of oxygen is relatively low. 

Dry air contains 20.946% oxygen by volume, 
and this concentration has been found to be 
the same at any level between the surface of the 
earth and a height of 40 miles. The atoms in atmos- 
pheric oxygen consist of three isotopes in the fol- 
lowing atomic proportions: 99.759%. oxygen-16. 
0.037% oxygen-17, and 0.204% oxygen- 18. The 
molecules of oxygen in the air. each of which has 
two atoms, consist of the statistically expected pro- 
portion of the possible combinations of these iso- 
topes. the most abundant molecules being 
0"'0 1S , and O 10 O 17 .. The Isotopic composition of 
fiu* oxygen in water is slightly different from that 
in air and varies slightly in samples from different 
bodies of water (lakes, oceans, and seas). 

Even though large quantities of oxygen from 
the air are continuously being used in respiration, 
nimbus! ion, and other oxidation processes, the 
f'nncent ration of oxygen in the atmosphere re- 
mains very nearly constant, chiefly because oxygen 
n liberated in the process of photosynthesis. In 
this process, carbohydrates are produced by gre^n 
plants from carbon dioxide and water (see Photo- 
s > ntiiksis). The primary source of the free oxygen 
in die atmosphere is believed by some authorities 
t" have been the decomposition of water vapor by 
ultra\ iolet radiation in the tipper atmosphere. Al- 
most all the hydrogen formed in this way escaped 
from the earth’s gravitational field, but the oxygen 
molecules were too heavy to escape. They re- 
mained. therefore, in the atmosphere. This photo- 
chemical decomposition of water vapor to produce 
‘‘xygen gas is still going on today. For a discussion 
°f 1 lie origin of Earth’s atmosphere see Atmos- 
phere, geochemistry of. 

The following radioactive isotopes of oxygen are 
known: O 14 , O lr \ and O 10 . These isotopes may 
he formed in particle accelerators, such as the 
cyclotron, or by neutron bombardment of the ap- 
propriate atomic species; for example, 0 U) is 
formed when the nucleus of an atom of stable 0™ 
absorbs a neutron. All three of the radioactive 

topes of oxygen are very short-lived, the one 
the longest half-life, that of about 120 sec, 

being O 15 . 

Physical properties. Under ordinary conditions, 
° x ygen is a colorless, odorless, and tasteless gas. It 
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condenses to a pale blue liquid, in contrast to nitro- 
gen, which is quite colorless in the liquid state. 
Oxygen is one of a small group of slightly para- 
magnetic gases, and it is the most paramagnetic of 
the group. Liquid oxygen is also slightly paramag- 
netic. Some data on oxygen and some properties of 
its ordinary form, 0>, are listed in the table. 

Before the mass spectrometer was invented and 
when nothing was known about isotopes, the aver- 
age weight of the oxygen atoms in oxygen obtained 
from water was selected by chemists as the stand- 
ard of weight for the atoms of all elements. This 
weight was assigned the value 16.0000. It is 
now known that isotopes exist and that the iso- 

Properties of oxygen 


Atomic, number 
Atomic weight 

Triple point, (solid, liquid, and 
giis in equilibrium) 

Boiling point at 1 atm pressure 
(las density at 0°C and I atm 
pressure, g/liter 
Liquid density at the normal 
boiling point, g/ml 
Solunilily in water ut 20°C, ml 
oxygen (STP) per 1 000 g water 
at I aim partial pressure of 
oxygen 


8 

16.0000 

-218.80°C - 54.35°K 
-182.97°C * 90.18°K 

1.4290 

1.142 


30 


topic composition of many elements is subject to 
considerable variation. Consequently, there is no 
longer a good theoretical basis for the present sys- 
tem of chemical atomic weights. Many chemists 
now feel that some single isotope (for example, 
O 1 ' = 16.0000 or C ,L ’ = 12.0000) should be taken 
as the standard, instead of the mixture of oxygen 
isotopes as they happen to occur in the earth’s at- 
mosphere. See Atomic weight. 

Chemical properties. Practically all chemical 
elements except the inert gases form compounds 
with oxygen. Most elements form oxides when 
heated in an atmosphere containing oxygen gas. 
Many elements form more than one oxide; for ex- 
ample, sulfur forms sulfur dioxide (SO 2 ) and sul- 
fur trioxide (SO*). Among the most abundant bi- 
nary compounds of oxygen are water, H 2 O, and 
silica, SiO:», the latter being the chief ingredient 
of sand. Among compounds containing more than 
two elements, the most abundant are the silicates, 
which constitute most of the rocks and soil. Other 
widely occurring compounds are calcium carbonate 
(limestone and marble), calcium sulfate (gyp- 
sum), aluminum oxide (bauxite), and the various 
oxides of iron which are mined as a source of iron. 
Several othei metals are also mined in the form of 
their oxides. Hydrogen peroxide, H 2 O 2 , is an in- 
teresting compound used extensively for bleaching. 
See Oxide ; Peroxide. 

Aside from the sun, man’s chief source of energy 
is the combustion in air, or in more concentrated 
forms of oxygen, of carbon-containing fuels such 
as coal, petroleum, natural gas, and wood. The 
principal products of the combustion of these fuels 
are carbon dioxide, carbon monoxide, and water. 
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Partial oxidation of natural gas is used to make 
synthesis gas, a mixture of carbon monoxide and 
hydrogen, by the reaction 

2CH 4 + 0 2 — 4H 2 + 2C0 

Synthesis gas is used on a large scale to produce 
various chemicals, such as methanol; for example, 

2H 2 4- CO -> CHaOH 

Methanol 

A special catalyst is required to convert synthesis 
gas to methanol. With another type of catalyst, 
synthesis gas can be converted to hydrocarbons of 
the gasoline type; for example, 

8H2+I6CO *C 8 Hi6+8C0 2 
Octane 

Partial oxidation of natural gas is also used on a 
large scale for the direct production of valuable 
chemicals, such as acetylene: 

3CH 4 4- 0 2 C 2 H 2 + 4H 2 + CO + H 2 0 

Acetylene 

As can be seen from this equation, synthesis gas 
is also a by-product of the acetylene-forming re- 
action. 

A widely used method of converting a solid fuel 
to gaseous fuel is the water-gas reaction, in which 
steam reacts with some form of carbon, such as 
coal or coke, at a high temperature to give hydro- 
gen and carbon monoxide: 

C + H 2 0 — H 2 -f CO 

As soon as the bed of carbon cools off, it is heated 
again by admitting air instead of steam, thus burn- 
ing a portion of the carbon and bringing the rest 
of the carbon up to the temperature required 
for reacting with steam. This process can be 
made continuous by supplying a mixture of oxygen 
and steam to the bed of carbon. Enough oxygen is 
supplied to keep the carbon sufficiently hot, by 
combustion, so that the steam can react to form 
water gas. The carbon dioxide can then be sepa- 
rated from the other gases, leaving a mixture of 
carbon monoxide and hydrogen which can be either 
burned as a fuel or used as synthesis gas. By the 
reactions of the types mentioned above, coal can 
be converted to hydrocarbons such as those in gaso- 
line, to alcohols, and to other organic products. 

Hydrogen is produced on a large scale from 
crude synthesis gas by separating the hydrogen 
from the carbon monoxide and from any other com- 
pounds that are present. Hydrogen, in turn, is used 
to make ammonia: 

3H 2 + N 2 2NH 3 
Ammonia 

Hydrogen is also used in oxyhydrogen burners, for 
the hydrogenation-hardening of edible oils and 
fats, and for other purposes. 

Oxygen production. Oxygen is produced on a 
large scale by the liquefaction and fractional distil- 


lation of air. A little oxygen is also made hy th»> 
electrolysis of water, but oxygen produced in this 
way is more expensive than oxygen from liquid 
air. Electrolysis of water is not used, therefore 
unless there is some special reason, such as a 
need for the hydrogen that is also produced. S<r 
Atmospheric cases, production of. 

The traditional methods of preparing oxygen in 
school chemistry courses are (1) heating potas- 
sium chlorate with or without addition of a little 
manganese dioxide or other catalyst; (2) heating 
mercuric oxide (Priestley’s original method): and 
(3) electrolysis of water to which an electrolyte 
has been added. When oxygen is needed in the 
laboratory, however, it is usually obtained from a 
cylinder of compressed oxygen. 

Distribution. Most, of the oxygen used in in- 
dustry was formerly distributed as gas under pres- 
sure in steel cylinders. To avoid the transporta- 
tion of so great a weight of steel per pound of 
oxygen, a system for handling liquid in large, 
insulated, double-walled tanks was developed. 'I’he 
pressure in the liquid oxygen tanks is only a few 
pounds per square ineh above atmospheric. The 
insulation is so effective that oxygen evaporation 
losses are very small and often nil. So-called 
powder-vacuum insulation is usually employed, in 
which the space between the inner ^uid the outer 
walls of the tank is filled with insulating powder: 
the air present is pumped out. At the point of use. 
the liquid is transferred to stationary storage tank* 
similarly insulated. When gaseous oxygen is re 
quired, the liquid oxygeii is automatically with- 
drawn from the storage tank and vaporized. 

There are two important methods of oxygen 
distribution, one for the large consumers, the other 
for the small ones. When more than 100 tons of 
oxygen is required per day, the oxygen is iisualb 
supplied from a plant built on the consumer**' 
property or through a pipeline from a nearby plant. 
On-site plants range in capacity to 1000 tons «! 
oxygen per day. 

For the small oxygen consumer, oxygen cylinders 
containing liquid or pressurized gas are used. The 
liquid-containing cylinders are insulated with a 
new type of insulation called superinsulation and 
are small enough to be handled conveniently b v 
one man. Superinsulation is many times as ef- 
fective as older types of insulation. The liquid 
oxygen is in an inner pressure vessel. Oxvg<m 
evaporation losses are very small; oxygen escapes 
only when the pressure becomes sufficiently high 
that the safety valve opens. When the consumer 
needs oxygen, he merely opens the regular cyl- 
inder valve; liquid flows through a vaporizing coil 
installed just inside the outer shell of the cylinder, 
and outside of the insulation. The oxygen is thus 
available in the form of a gas at a pressure of 75 
lb/in. 2 , which is convenient for welding and other 
operations. The great advantage of these liquid- 
containing cylinders is that each cylinder contain* 
far more oxygen per pound of total (cylinder 
oxygen) weight than a compressed-gas cylin<te r 
contains. 



Detection and quantitative analysis. The tra- 
ditional laboratory test for oxygen gas is that it will 
cause a glowing wooden splinter to burst into 
flame; this test does not distinguish between oxy- 
gen und nitrous oxide. 

[n laboratory gas-analysis apparatus, oxygen is 
usually determined by absorption in an alkaline 
solution of pyrogallol or in an ammoniacal solu- 
tion of copper (I) chloride. The concentration of 
oxygen in oxygen tents and gas streams is readily 
determined with oxygen meters that measure the 
content of the oxygen by its paramagnetism. Oxy- 
gen in a mixture of gases may be determined in a 
gas chromatograph. There are a number of colori- 
metric tests for traces of oxygen. See Oxidation 
reduction ; Respiration. [ g.a.c.] 

Bibliography: R. F. Benenati, Oxygen , in R. E. 
Kirk and D. F. Othmer (eds.). Encyclopedia of 
tjicrniral Technology , vol. 9, 1947; J. A. Charles, 
W. J. B. Chater, and J. L. Harrison, Oxygen in 
lion and Steel Making , 1956; J. F. Mayberry and 
T (J. Futz, Old ways and new. Welding Engr 
39(9) :56-38, 1954; D. S. Payne, Oxygen , in 
J. Thorpe and M. A. Whitley (eds.), Thorpe's 
Dictionary of Applied Chemistry , vol. 9. 4th eci., 
1949; F. T. Tancula. Oxygen, its past, present, and 
future. Welding Engr., 41 ( 11 ) ;44-47, 1956; Up- 
surge in tonnage Oa units, Chem. Eng., 65(9) : 554 
.157, 1956. 

Oxytetracycline 

A crystal line, amphoteric, broad-spectrum antibiotic 
elaborated by the actinomycete, Streptomyces ri- 
mosus, which was found only after the examination 
of microorganisms from over 100,000 *o\l samples. 
The antibiotic is known commercially as Terramy- 
cin and is produced by fermentation processes. It 
is recovered from fermented broths, either through 
solvent extraction or by precipitation as an insohi- 
ble complex salt. In final purification steps, it is 
crystallized as the hydrochloride salt. 

Oxytetracycline is widely used against infectious 
diseases in both human and veterinary medicine. It 
lias broad-spectrum activity against bacteria, spiro- 
chetes, rickettsiac, large viruses, and certain pro- 
tozoa und metazoa, preventing the growth of many 
organisms at concentrations of less than 1 part per 
million. It has agricultural application as an ani- 
mal growth stimulant, in poultry feed to increase 
e gg production, as a food preservative, and as a 
(, rop spray ingredient. See Bacteria; Rickf.tt- 
sioses; Spirochaetalf.s; Virus. 

The empirical formula of oxytetracycline is 
C?'jH 2 4 N 2 Oo, the molecular weight is 460 and* its 
( heniicai structure is among the most complicated 
(, f natural products, being particularly unusual in 
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the large number of different functional groups 
present. The stereochemical configuration of the 
six asymmetric carbon atoms has not yet been re- 
ported. The presence of such a large number of 
asymmetric centers renders the possibility of an 
economically feasible chemical synthesis remote. 
Considerable modification of the oxytetracycline 
structure is possible with retention of antimicrobial 
activity. Biologically active analogs which vary in 
substitution at the carbons at positions 4, 5, 6, and 
7 are known. See Chlortktracycune; Tetra- 
cycline. 

Oxytetracycline is rapidly absorbed and distrib- 
uted in body tissue in therapeutic concentration 
when administered either orally or parcnterally (by 
injection). On oral ingestion, the major site of ab- 
sorption is the upper part of the small intestine. 
Considerable amounts of oxytetracycline are re- 
moved from the blood by the liver, concentrated in 
liver tissue, excreted in bile, then resorbed from the 
intestine into the blood stream. This cyclic process 
prolongs the period of effective systemic concen- 
tration of the antibiotic. Oxytetracycline shows a 
low degree of toxicity in animals. In clinical use it 
exhibits a good therapeutic index, that is, there is 
a wide margin between therapeutic and toxic dos- 
age. Reactions, or side effects, in oxytetracycline 
treatments are rare, although occasional disturb- 
ances of the gastrointestinal tract resulting in nau- 
sea or diarrhea have been observed. 

The reported 1956 United States production esti- 
mate for oxytetracycline was about 500,000 lb. See 
Antibiotic. [ c.r.s.] 

Bibliography : M. M. Musselman, Ter rainy cin 
(Oxytetracycline ) , Antibiotic Monographs 6, 1956. 

Oxyurina 

A major group of the Nematoda, also known as the 
Oxyurata, is one of the two suborders of Ascarid- 
ida. In one modern system of classification, it has 
essentially the composition and characteristics out- 
lined under Oxyuroidea. In another, some of the 
component groups such as the Hetcrakidae, Cos- 
moccrcidae and Kathlaniidae are assigned instead 
to the suborder Ascaridina. See Ascaridida; Ox- 
yuroidka. [j.t.l.] 

Oxyuroidea 

A large and prevalent major group of the class 
Nematoda For convenience, they are treated here 
as a superfamily containing the families Oxyuri- 
dae, Atractidae, Thelastomatidae, Rhigonemati- 
dae, Kathlaniidae, Cosmocercidae, and Heteraki- 
dae or Suhuluridae. There are about 135 genera. 
Hosts include terrestrial mammals, birds, reptiles, 
amphibians, fishes, insects, and other arthropods. 

General morphology. The species are sr/iall to 
medium-sized, thin-bodied Ascaridida. There are 
usually 3 or 6 lips, if present. Lateroventral ce- 
phalic papillae of the external circle may be pres- 
ent or absent. The buccal capsule or stoma is often 
small and sometimes rather well developed. Usu- 
ally the esophagus is grossly divided into a corpus, 
isthmus, and posterior bulb which often contains 



476 Oyster 

a valvular apparatus. The excretory system, in 
most instances, is H-type, with the terminal duct 
often short and in the form of a reservoir. Females 
are mostly oviparous, sometimes viviparous. Their 
reproductive system is usually didelphic, but some- 
times the monodelphic condition occurs. Eggs are 
ovoid and asymmetric in most typical genera. 
Males may have 2, 1, or no spicules, and often 
caudal alae which include some or all of the geni- 
tal papillae. A precloacal sucker may be present in 
some species. Sexual dimorphism is often pro- 
nounced. 

Life cycles. With one exception, known life cycles 
are direct. Typically the eggs pass out of the host’s 
alimentary tract onto the ground. There they be- 
come fully embryonated and infective. Normally 
the infective egg does not hatch until a susceptible 
animal ingests it. The cecum and colon of the host 
are the typical locations of these parasites. Larvae, 
in all stages of development, as well as adults, oc- 
cur in the gut. Distribution is cosmopolitan for the 
group and corresponds to the distribution of the 
species. 

Oxyuriasis. This is the general term for infesta- 
tions by members of this group, which is less im- 
portant than several other nematode groups as a 
cause of disease in man, livestock, and poultry. 
Among the more common genera are Enterobius , 
Subulura , Probstmayria and Helerakis. 



Enterobius vermicularis, adult female. ( From F. A. Brown, 
Selected Invertebrate Types, Wiley, 1950) 

Enterobius vermicularis . This oxyurid (see illus- 
tration), the human pinworm or seatworm, is com- 
mon in children. The disease it causes, enterobia- 
sis, is characterized by minor damage to the wall 
of the lower bowel, pruritis ani. restlessness, and 
insomnia. Transfer of the eggs from the perianal 
region to the mouth by the fingers is a common 
mode of infection. 

Subulura brumpti. This worm, which inhabits 
the ceca of chickens and turkeys, is the only oxyu- 
roid known to have an indirect life cycle. In Ha- 
waii, earwigs are its intermediate hosts. It is un- 
common in the United States and little is known 
concerning its pathogenicity. Other species of 
Subulura occur in domesticated birds. 

Probstmayria vivipara . This minute atractid pin- 
worm lives in the colon and cecum of the horse; 
the females produce living young. It reportedly is 
unique among nematodes of animals in that it can, 


and regularly does, complete its life cycle entirely 
within the host’s colon (endogenous infection) 
Horses also commonly harbor Oxyuris equi and 
this large pinworm is somewhat injurious to them 

Heterakis gallinarurn. This very common cecal 
worm of poultry can damage its hosts direct J\. 
However, it is more notable for its role in the trans- 
mission of blackhead or enterohepatitis, an im- 
portant disease of turkeys which is caused hv a 
protozoan parasite, Histomonas meleagridis. Egg s 
produced by Heterakis , living in the ceca of a fowl 
also harboring Histomonas , often contain Histo- 
monas. If a susceptible bird swallows such eggs 
after they become infectious on the ground, it can 
become infected with both cecal worms and the 
blackhead organism. Other species of Heterakis 
occur in domesticated birds. 

Other species. Oxyuroids do not normally occui 
in cats, dogs, swine, or cattle. Skrjabinema ovis U 
the characteristic oxyuroid of sheep and goats: it 
is uncommon in the United States. Oxyuroids arc 
common in rodents. Among the species that occur 
in rodents that frequently are used in laboraton 
experimentation and tests are Syphacia obvehtta 
and Aspicularis telraptera of mice. Heterakis 
spumosa of rats, Passalurus am big uus of rabbits 
and Paraspidodera uneinata of guinea pigs. See 
Ascaridina; Oxyurina; Pinworm infection. 

[.mu.: 

Oyster 

Any yiember of the genus Crassostrea , class Pelecv- 
poda, phylum Mollusca. There are about 100 spe- 
cies in the genus, which includes most of the edible 
oysters. Other related animals, also called oysters, 
are the pearl and the spiny tree oysters. 

Oysters are the most valuable of all marine food 
animals. The best known species is the common At- 
lantic oyster, C. virginica . It is native to much of 
the Atlantic Coast and has been widely intro- 
duced in the Pacific Coast area. The West Coast 
oyster, C. lurida , is also commercially important, 
as is the large Japanese oyster, Ostrea gigantea , 



The oyster, Crassostrea virginica; length to 18 in- 
(From E. L. Palmer, Fieldbook of Natural History , 
McGraw-Hill, 1949) 

which has been introduced along the Pacific Coast 
of the United States. There are other species of 
lesser importance in American waters. The Euro- 
pean oyster, O . edulis , is similar to C. virginica. 

Structure. The Virginia oyster may be taken as 
typical of the group. The shell is irregular, usually 
broadly tapering, and is large, heavy, and rough. 
The upper valve is somewhat smaller than the 


lower. The lower valve is usually attached to some 
solid object. The internal anatomy of the Virginia 
oyster is essentially similar to that of the related 
marine clam. 

Habitat. Oysters are primarily animals of the 
bays and estuaries. Wide tolerance in the variation 
of salinity among marine animals is not common, 
but oysters are especially tolerant of such varia- 
tions. The Virginia oyster may live in water where 
the salinity is one-half or even one-third that of the 
open ocean. Oysters are thus well adapted to the 
reduced salinity of inlets where the dilution of sea 
water with fresh water is characteristic. The free- 
swimming larvae settle to the bottom when they 
encounter water bearing copper in only slightly 
greater amounts than sea water, such as is found 
where there is some dilution of sea water with 
fresh water. 

Oysters feed upon algae, diatoms, and small ani- 
mals filtered from the sea by cilia on their gills and 
mantle. See Algae; Diatom. 

Reproduction. Oysters are among the most pro- 
lific of all nonparasitic animals. A large Virginia 
oyster may produce as many as 500,000,000 eggs in 
a single season, but 100,000,000 or fewer eggs per 
individual appears more common. Sexes in C. vir- 
ginicn are separate; others, such as C. lurida , 
function as males the first season, females the next. 
This condition is called protandry and animals pos- 
sessing this cycle are said to he protandric. 

Eggs and sperm are shed freely into the ocean 
where fertilization occurs. In 5-6 hours the zygote 
hatches into a larva of the trochophore type known 
as a veliger. The veliger stage exists only about 48 
hours before transformation into a free-swimming 
bivalve animal. The latter phase lasts for about 2 
weeks before the animal settles to the bottom. This 
settling is a critical period for the young oyster . it 
must come to rest on a solid bottom or perish If 
fortunate, it settles on its left valve and becomes 
firmly attached to its substrate by a secretion pro- 
duced by the mantle. Young attached oysters are 
called spat. The Virginia oyster commonly reaches 
a length of 5 or more in.; individuals 18 in. long 
have been collected. 

Harvesting and use. Harvesting of oysters is 
most commonly accomplished by dredges or by 
tonging, grappling with long-handled rakes fast- 
ened together scissors-fashion and operated by a 
single fisherman. Principal production beds in the 
United States are the Chesapeake Bay and adja- 
cent areas of the Atlantic Coast. 

The meat of the oyster is sold in the shell, fresh- 
chucked, canned, and smoked; the shells * are 
crushed as a source of calcium carbonate for poul- 
try and as a surfacing for roads. 

The shell lining of the true oysters lacks the lus- 
ter commonly associated with bivalve shells and 
oyster shells are not used for buttons or ornamen- 
tal mother of pearl. Such pearls as may he pro- 
duced are dull and worthless. 

Culturing. Oyster culture has been brought to 
a high peak of development in Great Britain where 
the larvae are encouraged to settle on frames and 
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the spat then planted in suitable waters. In Ameri- 
can waters spat and oysters too small to utilize are 
frequently planted in suitable areas. Other than 
man, the principal natural enemies of the oyster 
are starfish and a marine snail, the oyster drill. 

Pearl oysters. The pearl oysters belong to the 
family Pteriidae. The shell of these animals is 
highly iridescent and consequently they may pro- 
duce pearls of great value. Although pearls of some 
value are produced off the coasts of Panama and 
Lower California, the most valuable forms occur 
off Ceylon and in the Persian Gulf. There is one 
species of pearl oyster along the Atlantic Coast, 
the winged pearl oyster, which occurs from North 
Carolina to the West Indies, but it supports no 
pearl fishery. 

The development of pearl culture by the Japa- 
nese is now well established. In this intricate proc- 
ess a small hit of foreign material is introduced 
into the animal between the shell and the mantle. 
The irritation of this foreign material stimulates 
the mantle to produce the pearl. The Chinese have 
long practiced a similar art with one of the large 
fresh-water mussels, the rice paddy mussel. They 
introduce small lead images of Buddha, rather than 
smaller hits of material, between the mantle and 
the shell. This produces, in a short time, a pearl- 
coated Buddha, a greatly desired ornament. See 
Clam; Mollusca; Mussel; Oyster drill; Pe- 
lecypoda; Starfish. [j.d.b.] 

Oyster drill 

A well-known snail, Urosalpinx cinerea , a member 
of the family Muricidae, class Gastropoda, phylum 
Mollusca. It ranks with the starfish as one of the 
two most destructive enemies of the oyster. In some 
localities, such as Chesapeake Bay, it even exceeds 
the starfish in damage done to oyster beds. There 
are also other snails that drill oysters. A species of 
Thais is the principal predator in the Gulf area 
around Pensacola, Florida. 

The oyster drill is a small snail about 1 or 1)4 
in. long. Its rugged shell is yellowish gray to gray- 
ish brown and mottled with varying amounts of 
white. There are five or six broadly shouldered 
whorls ; it is marked with longitudinal ridges, about 
10 to each whorl. The horny operculum is yellow. 
The outer lip is thin and sharp. Its extremely small 
foot has a yellowish border and is dotted with gray 
above. 

The oyster drill settles on a young oyster or 
other bivalve and, using its strongly toothed radula 
(rasping tongue), quickly bores a hole in the shell. 
It then sucks the soft parts of the oyster out 
through this hole. 

This snail is one of the most common gastropods 
on the Atlantic Coast, ranging from Prince Ed- 
ward Island to Florida. It has also become estab- 
lished in San Francisco Bay. 

Each female lays 10-100 vase-shaped parchment 
egg cases each containing about a dozen eggs. 
These are attached on the underside of rocks or 
other support, just below the low- water mark. See 
Gastropoda; Snail. [j.d.b/] 



478 


Ozok.rit. 


Ozokerite 

A native mineral wax that occurs near Soldier Sum- 
mit, at the southwest edge of the Uinta Basin, Utah. 
The material appears as dark yellow to brown films, 
veinlets, or nodules disseminated in fracture zones 
in the shales and sandstones of the Wasatch group 
of lower Eocene age. The material has a specific 
gravity of about 0.89, fuses between 60 and 80° C, 
and is over 99% soluble in carbon disulfide. It con- 
tains approximately 85%. carbon, 14%. hydrogen, 
and 0.3% each of sulfur and nitrogen and is, there- 
fore, nearly a pure hydrocarbon. 

Inasmuch as the ozokerite occurs below the oil 
shales of the Green River formation, it has been 
thought to be an inspissated ( thickened ) petroleum 
derived from sediments of Wasatch age. Chemical 
structure of ozokerite differs, however, from that of 
the Wasatch petroleum, leaving some doubt as to 
this origin. 

Ozokerite has been recovered by treating the 
crushed rock in which it occurs with water at 60- 
70°C. At this temperature the wax melts and floats 
to the surface. Additional purification involves 
treatment with concentrated sulfuric acid, chromic 
acid, fuller’s earth, or charcoal. Such treatment 
leads to an almost white, higher-melting product 
known as ceresine, which has been used in the man- 
ufacture of candles, shoe polishes, electrical insula- 
tion, and floor waxes. 

Deposits of substances with properties similar to 
ozokerite also occur in Poland, Romania, Russia, 
and the Philippines. [t.a.b.] 

Bibliography : II. Abraham, Asphalts and Allied 
Substances , vol. 1, 5th ed., 1945, 

Ozone 

A high-energy allotropic form of the element oxy- 
gen. Whereas ordinary oxygen has two atoms in 
each gaseous molecule (Oa), ozone (On) has three. 

Ordinary oxygen is a colorless gas and con- 
denses to a very pale blue liquid, whereas ozone 
gas is decidedly blue, and both liquid and solid 
ozone are an opaque blue-black color, similar to 
that of ink. Even at concentrations as low as 4% , 
the blue color of ozone gas mixed with air or other 
colorless gas in a tube 1 in. or more in diameter 
and 4 ft or more long can be seen by looking 
lengthwise through the tube. 

Properties and uses. Ozone has a characteristic, 
pungent odor familiar to most persons because 
ozone is formed when electrical apparatus produces 
sparks in air. Ozone is irritating to mucous mem- 


Some properties of ozone 


Density of the gas at 0°C, 1 atm pressure 
Density of the liquid 
— lll.9°C 
— 183°C 

Boiling point at 1 atm pressure 
Molting point of the solid 
Wavelength range of maximum absorption 
in visible spectrum 

Wavelength range of maximum absorption 
in the ultraviolet spectrum 


2.154 g/liter 

1.854 g/ml 
1.573 g/ml 
— 111.9°C 
— 192.5°C 

5600-6200 A 

2400-2800 A 


branes, and toxic to human beings and lower ani- 
mals. It is not safe to breathe air containing more 
than 0.1 part per million (ppm) of ozone for long 
periods of time. 

Pure ozone and mixtures of ozone with oxygen 
explode when sparked or otherwise stimulated suf. 
ficiently, if the ozone concentration is high enough. 
This is true for both gas and liquid phases. 

Liquid ozone and liquid oxygen are miscible in 
all proportions at temperatures above — 179.9°C. 
At lower temperatures and in certain composition 
ranges which vary with the temperature, the liquid 
mixture separates into two layers, a dense, ozone- 
rich layer and a lighter, oxygen-rich layer which 
floats on the heavier one. 

Ozone is a more powerful oxidizing agent than 
oxygen, and oxidation with ozone takes place with 
evolution of more heat and usually starts at a lower 
temperature than when oxygen is used. 

Ozone sterilizes water more rapidlv than chlo- 
rine. and readily oxidizes many of the compound* 
which give contaminated water its bad taste and 
odor; these properties have led to the use of ozon** 
in the treatment of drinking water in Philadelphia. 
Pennsylvania, in Paris, France, and in other cities 
In the presence of water, ozone is a powerful 
bleaching agent, acting more rapidly than livdm- 
gen peroxide, chlorine, or sulfur dioxide. 

An interesting use for ozone, but one which doe* 
not require large quantities, is the addition of 
1—3 ppm to the air of cold-storage rooms to inhibit 
hactrfial action and mold growth on food. 

Ozone undergoes a characteristic reaction with 
unsaturated organic compounds in which the double 
or triple bond is attacked, even at temperatures a* 
low as — 10()°C. with the formation of ozonide*; 
these ozonides can he hydrolyzed, oxidized, re- 
duced, or thermally decomposed to a variet> of 
compounds, chiefly aldehydes, ketones, or carbox- 
ylic acids. Double (C--C) bonds are almost always 
ruptured in this reaction. See Ozonization. 

Ozone is used widely on a laboratory scale in the 
determination of the structure of organic com- 
pounds and in synthetic organic chemistry to cleave 
double bonds with a minimum of undesirable side 
reactions. Because many ozonides are explosive, 
care must be used in carrying out ozonations. Com- 
mercially, ozonolysis (ozonation followed by de- 
composition of the ozonide) is employed in the 
production of azelaic acid and of various drugs 
such as cortisone and some of the synthetic sex 
hormones. 

The largest use for ozone is in the production of 
azelaic acid. More than 1 ton per day of ozone is 
employed at one plant alone for this purpose. The 
first step is the ozonation of oleic acid. This acid 
is produced either from tallow, a by-product oi 
meat-packing plants, or from tall oil, a by-product 
of making paper from wood. The azelaic acid 
produced is esterfied to yield a plasticizer. 

Natural occurrence. Ozone occurs to a variable 
extent in the earth’s atmosphere. Near the earth s 
surface, the concentration is usually 0.02- 1 0.03 PP m 
in country air, and less in cities except when there 
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j< smog; under smog conditions in Los Angeles, 
ozone is thought to be formed by the action of 
sunlight on oxygen of the air in the presence of 
impurities, and on bad days, the ozone concentra- 
tion may reach 0.5 ppm or more for short periods of 
time. 

An undesirable effect of ozone in the air is its 
action on rubber. Even at low concentrations, ozone 
tends to crack the rubber in automobile tires. This 
effect has been partially overcome by the addition 
of antioxidants to rubber and by the development of 
ozone-resistant synthetic rubbers. See Antioxi- 
dant; Rubber. 

At vertical distances greater than about 13 miles 
above the earth’s surface, ozone is formed by the 
action of short-wavelength ultraviolet light from 
the sun on oxygen of the air. The absolute 
concentration of ozone is greatest in the strato- 
spheric layer, called the ozone layer, between 13 
and 1(> miles above the earth’s surface. Absorption 
of short-wavelength radiation by oxygen to form 
ozone prevents this radiation from reaching the 
Mir I are of the earth, and thus helps to make pos- 
sible life on earth, because any appreciable amount 
of radiation in this wavelength range would quickly 
be latal to man. See Atmosphere; Ionosphere. 

Preparation. The only method used to make 
ozone commercially is to pass gaseous oxygen or 
air through a high-voltage, alternating-current elec- 
tric discharge called a silent electric discharge. 
First, oxygen atoms are formed : 

0 2 -* 20 

Some of these oxygen atoms then attach themselves 
to oxygen molecules: 

0 + Oa + M — ► O3 + M 

The excess energy in the newly formed ozone is 
carried off by any available molecule (M) of gaa, 
•bus stabilizing the ozone molecule. 

Ozone generators are of two types, the concen- 
tric-tube and the plate type. In the concentric-tube 
Ivpe, the oxygen or air to be ozonized passes 
through the annular space (about 2 3 mm across) 
between two tubes, one of which must he made of .1 
dielectric material, usually glass, and the other ot 
which may be either glass or a metal which does 
not catalyze ozone decomposition, such as alumi- 
num or stainless steed. The internal surface of the 
inner tube and the external surface of the outer 
tube, when made of glass, are in contact with an 
electrical conductor such as metal foil, an elec- 
trically conducting paint, or electrically conducting 
w ater; these conductors act as electrodes. Between 
5000 and 50,000 volts at a frequency between 
50 and 10,000 cps is then applied across the 
electrodes. In some commercial ozone generators, 
the inner and outer tubes are both water-cooled ; in 
others, only the outer tubes are water-cooled. The 
latter represents a simpler type of construction, 
but does not permit as high an input of electrical 
Power as when both tubes are cooled. 

In the plate-tvpe ozonizers, the oxygen or air 
Passes through a constant-diameter gap of 2-3 mm 


high voltage 
insulator \ 

glass 



-water 


A typical silent electric discharge method laboratory 
ozone generator. 


between parallel plates; at least one dielectric 
plate must he present in each space between high- 
voltage and grounded surfaces to prevent arcing 
across the electrodes. The required voltage is im- 
pressed on flat electrodes, which may be metal 
plates or metal foil on glass, or electrically con- 
ducting paint applied to the glass. In- constructing 
a commercial ozone generator, many plates, sepa- 
rated by spacers, are piled up. The plates must he 
cooled in some way. One method is to pass water 
through some of the spaces between the plates. 

The concentration of ozone in the gas stream 
leaving commercial ozone generators is usually 
1-10 % by weight. The yield of ozone is better when 
oxygen is used instead of air. Other factors which 
increase the yield of ozone in the silent electric 
discharge are thorough drying of the oxygen or air 
before it enters the ozonizer; refrigeration; in- 
creasing the pressure to a little above atmospheric; 
and increasing the frequency of the discharge from 
60 to 400-500 cps. 

Ozone may be made in the laboratory by the 
silent electric discharge method, or by the electrol- 
ysis of a cold solution of sulfuric acid or perchloric 
acid in water. In the wet electrolytic method, ozone 
is formed as a gas at the anode along with oxygen; 
the concentration of ozone in the oxygen may be as 
high as 20% or more by weight. Lowering the 
temperature and increasing the current density at 
the anode tend to increase the ozone-oxygen ratio 
in the gas produced at the anode. 

Analytical methods. The analytical determina- 
tion of ozone is usually carried out in the labora- 
tory by bubbling the gas through a neutral solution 
of potassium iodide, acidifying the solution, and 
titrating the iodine thus liberated with standard 
sodium thiosulfate solution. Ozone in a gas stream 
may be determined automatically and continuously 
by passing the gas through a cell with transparent 
windows and measuring the absorption of either 
visible light or of ultraviolet radiation beamed 
through the cell. See Oxidation-reduction; Oxy- 
gen. [g.a.c.] 

Bibliography : Am. Chem. Soc., Ozone Chemistry 
and Technology , Advances in Chemistry Ser., no. 
21, 1959; V. A. Hann and T. C. Manley, Ozone 9 in 
R. E. Kirk and D. F. Othmer feds.). Encyclopedia 
of Chemical Technology , vol. 9, 1947; C. E. TTiorp, 
Bibliography of Ozone Technology , 1954. 
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Ozonization 

A process using ozone to cleave olefins. It was dis- 
covered in 1903 by C. Harries, and it is used to 
determine the structures of many unsaturated or- 
ganic compounds, and to prepare a number of 
other organic compounds. 

Mechanism. Up to 1950 the reaction of ozone 
with an olefin was supposed to proceed as follows : 

Os 0 0 

\ / o. \ / \ / M V 

C=C -Hu c c -► c c 
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(I) (II) 

The final true ozonide (II) would yield aldehydes, 
ketones, or acids upon hydrolysis in the presence 
of oxidizing or reducing agents. Since 1950 it has 
been postulated that ozone is an electrophilic rea- 
gent and that it attacks a polarized double bond in 
the following manner: 
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The occasional formation of epoxides, especially 
with hindered olefins, is best explained by elimina- 
tion of molecular oxygen from (III). Accordingly, 
the primary ozonide (I) may exist as: 
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which decomposes to give an aldehyde or ketone 
and a zwitterion which may have the following 
resonance structures: 
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The zwitterion may react with an ionic solvent 
such as water, alcohol, or acid to give an oxyper- 
oxide (IV) where R is H, an alkyl group, or an 
acyl group; or it may react with itself to give a 
peroxide dimer (V) or polymeric peroxide (VI). 
In nonionizing solvents such as carbon tetrachlo- 
ride, the zwitterion may react with the aldehyde or 
ketone to give the classical ozonide (II), or it may 
form a polymeric ozonide (VII). 
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(VI) (VII) 

Technique Of ozonization. Ozone is readily pro 
duced from air or oxygen by passage of a high- 
voltage electrical discharge through a stream of 
the gas. Concentrations of ozone for optimum elec- 
trical efficiency ar£ 1 wt% for air and 2 wt% for 
oxygen at pressures of 2 8 psig. A solvent is 
usually employed for the unsaturated compound 
during ozonization. In reactive solvents, such 
methanol or acetic acid, a methoxy or acetoxv 
hydroperoxide is formed as an intermediate, hi 
nonreactive solvents, such as chloroform or carbon 
tetrachloride, a polymeric peroxide or ozonide nun 
be the intermediate. Decomposition of the inter- 
mediate to useful products may be induced under 
reducing conditions, producing an aldehyde or al- 
cohol; or under oxidizing conditions, using hydro- 
gen peroxide, air. oxygen, or slightly ozonized 
oxygen, producing an acid as the final product. 

The location of the unsaturated linkages can 
be determined by identifying the fragments re- 
sulting from the decomposition of the ozonide. 1 * 
For instance, the isolation of propiorialdehule. 
CH.iCHoClIO, and diethyl ketone, CH^CH^COCllr 
CHro from the ozonization of an alkene identifies the 
original alkene as the compound 3-cthyl-3-hcxene. 

(CH,-CH,— ),C CH — CH a — CHa. 

Industrial utilization. The commercial produc- 
tion of azelaic and pelargonic acids by the ozonoly- 
sis of oleic acid represents the first large-scale use 
of ozone for the synthesis of industrially important 
chemicals. Oleic acid, dissolved in about half its 
weight of pelargonic acid obtained from a previous 
batch is ozonized continuously in a countercurrent 
reactor with about 2% ozone in oxygen. 1 he 
ozonized mixture is oxidized continuously with a 
stream of oxygen over a period of several hours 
until the active oxygen content is reduced to a 
minimum value. The pelargonic and azelaic acitk 
are recovered by vacuum distillation. 

The synthesis of a>-aminopelargonic acid by the 
ozonolysis of oleoyl nitrile and oleoyl amine has 
been extensively investigated both in England and 
Japan. Production of a nylon-9 fiber from the lac- 
tam is reported from the latter country. See bv 
SATURATED HYDROCARBON. I r * A ; ( - 

Bibliography : P. J. Bailey, Chem . Revs,, W58' 
H. Gilman, Organic Chemistry , vol. I, 2d ed., 19**- 
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Pacific islands 

The islands of the Pacific Ocean are sparse in the 
north and east and common in groups through the 
mitral and particularly the southwestern Pacific 
legions. On most maps of the whole Pacific Ocean, 
hy far the greater proportion of the islands are 
smaller than an observable mark if drawn to scale. 
Onlv the outstanding islands and groups are dis- 
( listed in this article. For New Guinea and the Bis- 
mark Archipelago, sec East Indies. 

Hawaiian Islands. The Hawaiian Islands aie a 
i hain of islands, reefs, and shoals stretching north- 
west-southeast for nearly 2000 miles. The islands 
;iic great dome volcanoes that have been built up 
I mm the floor of the ocean along a line which runs 
from Kure Island to a point southeast of Hawaii 
where the volcanoes have not vet reached the sur- 


face of the ocean. The total land area is 6441 
square miles. Over 99% of this is contained in the 
southeastern group of eight high, volcanic islands: 
Hawaii. 4030 sq mi; Kahoolawc. 4!S sq mi; Maui. 
728 sq mi; Lanai. 141 sq mi: Molokai. 260 sq mi; 
Oahu. 604 sq mi; Kauai, sq mi: and Niihau. 
72 sq mi. The middle group from Kaula to Gardner 
consists of pinnacles or low mountain tops. The 
northwestern group from Laysan to Kure consists 
almost entirely of reefs, atolls, banks, and shoals 
with no volcanic rock visible above the sea. 

The volcanoes probably appeared above sea 
level in the middle or late Tertiary. The weight of 
the material appears to have depressed the floor of 
the ocean to a depth of 18,000 ft. Mauna Kea rises 
almost 32.000 ft from its base to its summit 13.784 
ft above sea level. The western islands are older 
and more eroded. Distinctive features of the is- 
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the Pacific Ocean. (From O. W. Freeman and J. W . 
Morris, World Geography, McGraw-Hill, 1958 ) 





482 


Pacific Islands 


lands are steep cliffs, amphitheater-headed valleys, 
and drowned valleys. 

The climate is determined by location within the 
tropics in the midst of the world’s largest ocean. At 
sea level there is no frost, and the variation be- 
tween the mean monthly temperatures is less than 
the diurnal range. Temperatures average about 
72°F; extremes of hot and cold are lacking. Tem- 
peratures decrease with elevation, and frost occurs 
above 4000 ft. Snow falls in winter on the highest 
peaks. Mauna Kea and Mauna Loa on Hawaii, and 
Haleakala on Maui. A high relative humidity is 
modified by the prevailing northeast trade winds. 
Ordinarily the trade winds are dominant except 
for a short period in August and September. 

Rainfall varies according to seasons, elevation, 
and exposure. The winters are rainy and the sum- 
mers dry. On the windward slopes which are ex- 
posed to the northeast trade winds the annual rain- 
fall at elevations above 2500 ft may be as high as 
200 or 300 in. Near the top of Mt. Waialeale on 
the island of Kauai, 624 in. of rainfall has been 
recorded in a single year. In contrast, lowlands on 
the leeward sides of the mountains rec eive an aver- 
age annual rainfall between 4 and 20 in. 

Hawaii, the biggest ami most recent of these is- 
lands. has an area greater than that of Delaware 
and Rhode Island combined. It is the only island 
which possesses active volcanoes: Mauna Loa 
which erupts on an average of once every 3 4 years 
and Kiluuea whose last eruptions were in 1052, 
1954. 1955, and 1959. 

30°N 


20°N 

180°W 170°W 160°W 

Fig. 2. Location and extent of the Hawaiian Islands. 

New Caledonia. New Caledonia, or Nouvelle Cal- 
edonie, is a mountainous island 248 miles long and 
30 miles wide with an area of 6200 square miles. 
Its dependencies, the Isle of Pines and the Loyalty 
Islands, add another 800 square miles. The island 
is possibly an extension of the folded Owen Stanley 
Mountains of New Guinea. It is composed of two 
parallel mountain ranges with elevations up to 
5000 ft. a broad interior plateau, and small coastal 
plains. The ancient crystalline rocks are rich in 
minerals, and New Caledonia has been at times a 
major world source of nickel and chromite. Other 
minerals have been exploited to a lesser extent hut 
appear to be important: iron, manganese, coal, 
gold, silver, lead, and zinc. 

A short rainy season from January through 
March is followed by light rainfall the rest of the 



year, with an average annual rainfall of about 4(i 
in. in the lowlands. The mean monthly tempera- 
ture ranges from 65°F in July to 72°F in December 
Heavier rains in the interior result in a tropii a | 
scrub forest vegetation while the drier plains have 
a cover of savanna and brush. 

The Philippines. The Philippine Islands, a group 
of over 7000 islands stretching a distance of 1200 
miles, have a total land area of 115,000 square 
miles. However, only 31 islands have an area of 
more than 100 square miles each. The three largest 
arc Luzon, 40,400 sq mi; Mindanao, 36.520 sq mi ; 
and Samar, 5,049 sq mi. The present islands arc of 
late Tertiary and Quaternary origin hut ancient 
rock of Precambrhtn and Mesozoic times indirate- 
land has been in this area a long time and has had 
a varied history. The basic structure is a fold which 
descends abruptly on the east into the Philippine 
Deep, which is one of the greatest openings in the 
surface of the earth. The floor of the Philippine 
Deep at its maximum is 7 miles below the surface 
of the ocean. The varied geological history of tin* 
islands has resulted in important deposits of min 
erals, although little has been done to exploit them 
High-grade, often extensive iron deposits are found 
on all of the main eastern islands; coal occurs on 
Cebu; manganese occurs in the Visa\an Island-: 
and chromite and gold are found on Ijizoii. 

The low latitude and warm oc ean current- < «»m 
bine to give the islands an even, high temperature 
with ( a range from 75 to 85“F. Exceptions to thi- 
occur when occasional cool air masses push ovei 
from the continent during the winter and bring 
temperatures as low as 65° F. The greatest clinnln 
differences are due to variations in rainfall. Differ- 
ences in topography result in great rainfall wuia 
tion within short distances. In general the ca-t 
coast, which receives typhoons, is wetter than the 
west coast, which has a pronounced dry season isn 
Hijrrh anf.L However, there are exceptions, sueh 
as Masbate which has an annual average tain fall «>t 
72 in., while Baguio in the mountains of Luzon ha- 
179 in. Tropical rainforest conditions once pre- 
vailed over most of the islands and some remain, 
especially on Luzon and Mindanao. 

Luzon. The largest and most massive, of the in- 
lands, Luzon, is characterized by a north-south trend 
of its mountains and rivers. The Central Mountain?* 
have several peaks over 6000 ft. the highest «f 
which is Mt. Pu log. 9600 ft. The Central Basin and 
the Cagayan Basin are graben which have been 
filled and offer the most extensive lowlands of the 
Philippines. Southern Luzon is deeply indented 
with bays and gulfs. With the exception of M l * 
Mayon, the numerous volcanoes of southern Luzon 


are mostly extinct or dormant. 

Visayan Islands. The islands of the central 
ippines which surround the Visayan Sea a rr 
grouped together as the Visayan Islands. These in- 
clude Samar, Negros. Panay, Leyte, Cebu. Bohn 
and Masbate. Although these islands owe much to 
volcanic activity which is still going on, they * 
contain pre-Tertiary rocks, including granite, i f 
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1 20°E 1 25°E 

Fig 3. Sketch map of principal physical regions and 
land surface character of the Philippine Islands. VI in- 
dicates the Visayan Islands region; B designates ad- 
jacent northeast Borneo. (Modified from a base map 
by Erwin Raisz in G. B. Cressey, Asia's Lands and Peo- 
ple s, 2d ed., McGraw-Hill , 1951) 


complexity of the structure is shows* by the fact 
that the channel between Panay and Negros is 110 
It deep while the channel between Negros and (Mm 
is 2000 ft deep. Mixtures of coral and volcanic 
matciiuls commonly form soils which are unusually 
rich for the tropics. 

Mindanao. Although Mindanao is almost as large 
as Luzon, it is much more rugged and lacks low- 
lands. The Cotahato and Agusan plains are the re- 
Milt of recent silting of bays. Between the two de- 
pressions is the active volcano Ml. Apo. 96% It. 
Lake Lanao at an elevation of 2200 ft is the result 
of a lava flow which dammed a valley. 

Palawan. Palawan is a narrow island which is 
250 miles Jong with mountains rising 6600 ft above 
the sea. In the south it is composed of crystalline 
rock und in the north of limestone. | c.a.m J 

Bibliography: O. W. Freeman (ed.). Geog- 
raphy of the Pacific , 1951; C. Robequain. Malaya , 
Indonesia , Borneo , and the Philippines , 2d ed.. 
1958; H. T. Stearns, Geology of the Hawaiian Is- 
lands, Territ. Hawaii, Div. Hydrog. Bull. 8, 1946. 

Pacific Ocean 

The Pacific Ocean has an area of 165,000,000 
s quare kilometers and a mean depth of 4282 km. 
It covers 82% of the earth’s surface and 46% of 
the surface of all oceans and seas, and its area is 
greater than that of all the land areas combined. 


Its mean depth is the greatest of the three oceans 
and its volume is 53% of the total of all oceans. 
Its greatest depths in the Marianas and Japan 
trenches are the world’s deepest, more than 10 km 
( Fig. 1 ) . 

Surface currents. The two major wind systems 
driving the waters of the ocean are the westerlies 
which lie about 40 50° latitude in both hemi- 
spheres (the “roaring forties”) and the trade winds 
from the east which dominate in the region between 
20° N and 20° S. These give momentum directly to 
the west wind drift (flow to the east) in high lati- 
tudes and to the equatorial currents which flow to 
the west. At the continents there is flow of water 
from one system to the other and huge circulatory 
systems result (Fig. 2). 

The swiftest flow (greater than 2 knots) is found 
in the Kuroshio Current near Japan. It forms the 
northwestern part of a huge clockwise gvral whose 
north edge lies in the west wind drift centered at 
about 40° N. whose eastern part is the south-flow- 
ing California Current, and whose southern part is 
the North Equatorial Current. 

Part of the west wind drift turns northward into 
the Gulf of Alaska, thence westward again and 
into the Bering Sea. returning southward off Kam- 
chatka and northern Japan where it is called the 
Oyashio Current. 

H. 1). Sverdrup (1942) has reported estimates of 
the flow in the North Pacific in the upper 1500 me- 
ters. The Kuroshio carries about 65,000.000 mVsec 
at its greatest strength off Japan. Tlie west wind 
drift in mid-ocean carries about 35,000.000. the 
California Current east of 135°W carries about 15,- 
000,000, and the North Equatorial Countercurrent 
about 45,000,000. 

A gvral corresponding to the Kuroshio-Califor- 
ma-Nortb Equatorial current gyral is found in the 
Southern Hemisphere. Its rotation is counterclock- 
wise, with the highest speeds (about 2 knots) in 
the Southeast Australia Current at about 30° S. The 
current turns eastward and flows around New Zea- 
land to South America, where it turns northward. 
Along this coast it has been called the Humboldt 
or the Peru Current. It turns westward at the 
Equator and is known as the South Equatorial Cur- 
rent in its westward flow. It is to be remarked that 
the northwestern edge of this gyral is severely con- 
fused by the chain of islands extending soptheast- 
ward from New Cuinea to New Zealand, which 
partly isolate the Coral and Tasman Seas from the 
rest of the South Pacific, so that the western equa- 
torial edge of the gyral is not so regular in shape 
nor so clearly defined as its northern counterpart. 
See Southeast Asian waters. 

In the region of the west wind drift in the South 
Pacific the ocean is open both to the Indian and 
the Atlantic, although the eastward passage to the 
Atlantic through Drake Passage is narrower and 
shallower than the region between Australia and 
Antarctica. Part of the water flows, however, all 
around Antarctica with the wind heJiind it, and it 
receives more momentum than its northern counter- 
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part. The total transport is several times greater. is also an eastward flow along 10°S from 155°E to 

G. E. R. Deacon (1937) has estimated the transport 180° from November through April, 

to the east in the South Pacific part of the west Within the upper 1000 m the flow of water is 

wind drift as more than 100,000,000 m M /sec in the generally parallel to the surface flow, but slower 

upper 3000 m. Sverdrup estimates only about 35,- Certain important exceptions occur. Beneath the 

000,000 mVsec for the upper 1500 m in the North surface waters of the California and Peru Currents 

Pacific west wind drift. The gyral corresponding to at depths of 200 m and below, countercurrents ha\e 

the Oyashio-Gulf of Alaska gyral of the North Pa- been found, in which some part of the tropical 

cific is thus vaster in transport and area, since waters are carried poleward. In the California Cur- 

much of it passes around Antarctica. See Ant arc- rent this flow reaches to the surface in December 

tic Ocean; Indian Ocean. January, and February, and it is known as the 

Between the two subtropical anticyclones (Kuro- Davidson Current north of 35° N. It is not known 

shio-California-North Equatorial Current and the whether a surface poleward flow occurs in southern 

Southeast Australia-Peru-South Equatorial Cur- winter in the Peru Current. 

rent) lies an east-flowing current between about Recent direct measurements at the Equator and 
5° and 10°N, called the Equatorial Countercurrent. 140° W have revealed that a subsurface flow to the 

Sverdrup has estimates of flow of 25.000,000 east is found at least from 140° W to 90° W. with 

m :i /sec for this current. Some of the observed set highest velocities at depths of about 100 m. Speeds 

and drift of vessels in the area suggest that there as high as 2 3.5 knots to the east were found at 



Fig. 1. The principal relief features of the Pacific F. P. Shepard, The Earth Beneath the Sea, Johns Hop- 
Ocean. Trenches slightly exaggerated in scale. (From kins, 7959) 
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ihis level while the upper waters (South Equato- rial region (Fig. 3). Along the Equator itself some- 

rial Current) were flowing west at 0.5 -1.5 knots. It what lower temperatures are found. The cold Peru 

has been suggested that this equatorial undercur- Current contributes to its eastern end, and there is 

rent be called the Cromwell Current, after its dis- apparent upwelling of deeper, colder water at the 

rovcrer. S**e Ocean currents. Equator, especially at its eastern end (as low as 

Temperature at the sea surface. Equatorward 19°C in February at 90° W) as a result of the di- 

of 30° latitude the heat received from the sun ex- vergence in the wind field. 

ceeds that lost by reflection and back radiation, und Upwelling also occurs at the edge of the eastern 
Mirface waters flowing into these latitudes from boundary currents of the subtropical anticyclones, 

higher latitudes (California and Peru Currents) in- When the winds blow strongly equatorward (in 

rrease in temperature as they flow equatorward and summer) the surface waters are driven offshore, 

turn west with the Equatorial Current System. and the deeper colder waters rise to the surface and 

They carry heat poleward in the Kuroshio and further reduce the low temperatures of these equa- 

Southeast Australia Currents and transfer part of torward-flowing currents. The effect of these sea- 

it to the high-latitude cyclones (Oyashio-Gulf of sonal variations in the winds is thus to reduce the 

Alaska Gyral and Antarctic Circumpolar Current) seasonal range of temperature, since the upwelling 

along the west wind drift. The temperature of the occurs in spring and summer. The seasonal range 

equatorward currents along the eastern boundaries of nearshore surface temperature of the California 

i»f the subtropical anticyclones is thus much Current at 35°N is less than 4C° (9 13°C), though 

lower than that of the currents of their western the latitudinal mean is about 10°C. The equator- 

lionndaries at the same latitudes. Heat is accuinu- ward winds off Japan occur in winter and the pole- 

lated. and the highest temperatures (more than ward in summer, sr> that seasonal raftge is increased 

:>8 C) are found at the western end of the equato- at that latitude to more than 16C° (10-26°C). 



fig. 2. The principal currents of the Pacific Ocean. the NORPAC, EQUAPAC, Carnegie , and Discovery ex- 
Prepared from computations of geostrophic flow at the peditions. 
surface relative to 1000 decibars, using data from 
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The temperatures at the surface of the South Japan). Summer temperatures, however, reach as 
Pacific Ocean have not been nearly so well docu- high as 6°C in the northern Bering Sea and as 

rnented, since most of the information comes from high as 10° in the northern part of the Sea of 

measurements made by merchant vessels, and the Okhotsk. 

commercial shipping lines cover but a small part Pack ice reaches to about 62°S fiom Anlarcti< a 
of its great extent. It may be reasoned that most in October and to about 70°S in March, with ir**- 
of the temperature characteristics of the North bergs reaching as far as 50°S. See Bkrinc; Sk,\; 

Pacific will have analogies in the Southern Herni- Icf.rf.rg; Sea ice. 

sphere. The damped seasonal variation of the Cali- Salinity at the sea surface. The highest value* 
fornia Current seems to occur in the Peru Current of salinity observed in the Pacific Ocean art* 

as well. But the temperatures of the Southeast Aus- slightly greater than 35.5 and 36.5 parts per iluui- 

tralia Current do not seem to vary so widely sand (9oo ), found respectively in the surface water 

through the year as those of the Kuroshio. prob- of the centers of the north and south subtropical an- 

ably because of the restrictions upon the flow which ticyclones. These anticyclones cover the latitude* 
are imposed by the islands. in which evaporation exceeds precipitation, and the 

The limiting temperature in high latitudes is that overlying anticyclonic winds oppose outward flow 

of freezing. Ice is formed at the surface at tern- at the sea surface. The three regions when* pieripi 

peratures slightly less than — 1°C depending upon tation most strongly exceeds evaporation are tumid 

the salinity; further loss of heat is retarded by poleward of 40° latitude and in the eastern tropical 

its insulating effect. The ice field covers the north- Pacific. The result is that the high-latitude cyclone- 

ern and eastern parts of the Bering Sea in win- are regions of low salinity (as low as 32.5 "on in 

ter, and most of the Sea of Okhotsk, including the north. 33.8 in the south ) which, through mixing 

that part adjacent to Hokkaido ( the north island of with the anticyclones in the region ol the wot 



Fig. 3. Temperature at the sea surface in August in 
degrees C. ( Adapted from U.S. Navy Hydrographic 
Office, H. O. Rubl. 225. 1948) 
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wind drift, contribute wuter of low salinit) to the 
eastern boundary currents (off California and 
South America). The greater part of the effect of 
the eastern tropical precipitation is found at the 
surface of the North Equatorial Current and 
Countercurrent. Near Central America the values 
are less than .13 at 10°N, but they rise nearly 
to 34.5 near the Philippine Islands. 

Dissolved oxygen at the sea surface. Above 
the thermoeline the water is in continual overturn 
and is thus in constant contact with the atmosphere. 
Oxvgen from the atmosphere dissolxes in the water 
until equilibrium is established, and over most ot 
the Pacific the upper layer is ver> close to satura- 
tion in oxygen content with typical values from 
about % to 103% of the saturation value. .Sec 
Thikmoclink. 

The saturated value of dissolved oxvgen rises as 
both the temperature ami salinity fall, but the 
range of surface temperature in the ocean ac- 
counts for a widei variation in saturated value 
than docs that of surface salinitx. ami it is princi- 
pals the variation in spate and time of surface 
temperature which accounts for the oxygen values 
ill the surface. Values greater than 7 ml liter arc 
found in the cold waters ot high latitudes and lesw 
Ilian 5 in the warm regions near the Equator. 

Nutrients at the sea surface. Nutrients such as 
inorganic phosphate- phosphorus, silicate-si liron. 
and nit i ate gerierallx increase from the sea surface 
downward, since photosynthesis and growth in the 
upper mixed iaver tend to use such quantities as 
aie there, and diffusion upward from the higher 
concenljations is limited by the great stability usu- 
ally found immediately below the surface laxer. 
At the surface phosphate- phosphorus varies from 
less than 0.25 microgram-atoms (/(g-atoms) per 
liter in the centers of the anticyclones to more ihan 
1.5 in the high-latitude cyclones High values are 
also found in the California and Peru Currents. In 
a manner similar to the low tempera! uies found 
there, their high concentrations are partly the re- 
sult of transport of mixed water from the cyclones 
and partly the result of upwelling at the coasts un- 
der cquatorward winds. Values greater than 1 ^g- 
atom /liter are found in both areas during the sum- 
mer period of upwelling. At the Equator in the 
eastern Pacific upwelling raises the values to more 
than 1 throughout the year. 

Silicate-silicon has not been so extensively meas- 
ured. It also is low in value at the surface and in- 
creases with depth. Surface values range from as 
high as 40 /ig-atonis 'liter in the high-latitude cy- 
clones and 12 in the upwelling regions of the Cali- 
fornia Current, to 4 or less in the center of the 
anticyclones and to values too small to he detected 
near the Equator in the eastern region. 

Distribution of properties with depth. The sur- 
face waters in high latitudes are colder and heavier 
than those in low latitudes. As a result some of the 
high-latitude waters sink below the surface and 
s pread equatorward, mixing mostly with water of 
their own density as they move and eventually 


providing the dominant water type (in terms of 
salinity and temperature) of that density over 
vast regions ( Fig. 4 ) . 

The deep and bottom water of all oceans is be- 
lieved to be formed in the Atlantic high latitudes 


Discovery II Downwind Hugh M. Smith Brown 
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Fig. 4. Vertical sections of (a) temperature in degrees 
C, (b) salinity in parts per thousand, and (c) dissolved 
oxygen in milliliters per liter in the central Pacific 
Ocean, approximately along the meridian 160°W, 
from Alaska (right) to Antarctica (left). Depths are in 
meters. Depth scale is expanded in upper 1000 meters. 
Data from Carnegie expedition, NORPAC and EQUA- 
PAC expeditions, Discovery expeditions, and Chinook, 
Mukluk, and Downwind expeditions. 
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off Greenland and in the Weddell Sea. It arrives in 
the South Pacific with temperature less than 2°C, 
salinity about 34.65-34.7 and oxygen about 4.5 
ml/liter. The waters filling the Pacific below 3000 
m retain these values of temperature and salinity 
everywhere, but in the northern part the oxygen is 
reduced to values between 2.5 and 3.5. This would 
be consistent with depletion by decay and respira- 
tion during a slow movement to the north. 

Over most of the North Pacific Ocean the tem- 
perature does not decrease all the way to the bot- 
tom, but beneath a minimum value at about 3800- 
4000 m it rises again. The increase in temperature 
is probably in close balance with that in pressure, 
since no evidence has been found of instability. 
Two possible explanations for the temperature 
maximum at the bottom are the flow of heat up- 
ward from the ocean floor and an adiabatic rise in 
temperature as the water flows downward into the 
deeper basins. 

The most conspicuous water masses formed in 
the Pacific; are the Intermediate Waters of the 
North and of the South Pacific, which on the verti- 
cal sections include the two huge tongues of low 
salinity extending cquatorward beneath the surface 
from about 55°S and from about 45°N. The 
southern tongue is higher in salinity and density 
and lies at a greater depth, since the surface waters 
of the high-latitude cyclone are more saline in the 
south than in the north. 

It has been observed that the higher salinities 
are found at the surface in the anticyclones. The 
highest values are in the cquatorward halves of 
the anticyclones. High values penetrate the base 
of the mixed laver, and tongues of high salinity ex- 
tend in the thermodine toward the Equator from 
both north and south. 

Beneath the mixed layer the waters are not in 
contact with the atmosphere and the oxygen con- 
sumed cannot be replaced directly from the at- 
mosphere. The oxygen quickly falls below the satu- 
rated value. Even where high values of oxygen 
accompany the sinking of water masses, as in the 
South Pacific Intermediate Water, the oxygen is 
not in saturation below 300 m. 

Between the saturated waters of the surface and 
the cold bottom waters entering from the south lies 
a minimum value of oxygen. Beneath the tongue of 
high oxygen associated with the South Pacific In- 
termediate Water the minimum is only a little less 
than 4 ml/liter. Beneath the North Pacific Inter- 
mediate Water, however, no water as high as 3.5 
is found, and in the minimum itself values less than 
0.5 occur over large areas. The values of oxygen 
beneath the surface are the result of consumption 
by organisms and replenishment by mixing and re- 
newal of the water. Since at any position the 
values are nearly constant in time, consumption 
must everywhere equal replenishment by both flow 
and diffusion. 

Phosphate-phosphorus increases rapidly beneath 
the sea surface to a maximum which usually lies 
beneath the oxygen minimum. In regions of up- 
welling and divergence, higher values of phosphate 


and other nutrients from depth may from time to 
time be brought to the surface and thus made 
available to the plants. Such regions (California 
and Peru Currents, South Equatorial Current ) art* 
highly productive. The values gradually diminish 
beneath the maximum, to about 2.5 /tg-a toms/ liter 
at the bottom in the north and slightly less than 2 
in the south. The maximum value is greater than 
3.5 in the north and between 2 and 2.5 in the south. 

It is to be noted that the Pacific Ocean is higher 
in phosphate concentration than the Atlantic nr 
Indian oceans, exceeding the Atlantic by about 1 
/xg-atom/liter on the average, though the values at 
the surface do not differ so much. This excess, like 
the lower value of oxygen, is undoubtedly related 
to the deep circulation. 

Nitrate-nitrogen is present in the ratio of ap- 
proximately 8:1 by weight of phosphate- phospho- 
rus in those areas where it has been measured, hut 
otherwise the details of its distribution are not so 
well known. 

Silicate-silicon has also not been adequately 
sampled. Its vertical distribution parallels that of 
phosphate-phosphorus except that beneath the 
level of the phosphate maximum it remains neuil> 
constant, at about 170 /ig-atoms/liter in the ceutev 
of the northern anticyclone, as high ^s 220 in the 
Bering Sea, about 130 in the center of the south 
ern anticyclone. Silicate-silicon, like phosphate 
phosphorus, is more highly concentrated in the Pa- 
cific jhan in the Indian and Atlantie oeeans. See 

Marin*: sf.dimf.nts; Oceanography; Ska waiiii: 
Ska watkr fertility; Siirmarink topograph*. 

[.u.n.i 
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Packaging of equipment 

That part of the design process which starts with a 
functional description of a component or equip* 
ment, or “breadboard” developmental asseinhb 
thereof, and follows through to the fulfillment of 
the component or equipment in a form satisfac- 
tory for domestic, industrial, or military use. * or a 
discussion of the complete design process see M s * 
TKMS ENGINEERING. 

Thp packaging process includes determining the 
physical relationships of the elements in the com- 
ponent or equipment, and providing for their nu-' 
chanical support by chassis, panels, mounts, or 
other means. In many cases of electronic apparatus, 
particularly when'low signal levels and high aui* 
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plification are present, the arrangement of compo- 
nents relative to each other can strongly influence 
the internal noise generated in the circuit; pack- 
aging decisions must minimize such mutual inter- 
ference (see Circuit, electronic) . Thermody- 
namic and heat-transfer considerations require a 
relationship of the elements and their environment 
such that the heat resulting from unavoidable in- 
efficiencies in the elements will be adequately dis- 
sipated from the component or equipment so as to 
avoid damage to the assembly (see Heat trans- 
keh ) . The arrangement, support, isolation, insula- 
tion. venting, and sealing of the assembly must be 
•such that its performance satisfies environmental 
specifications on temperature, humidity, pressure, 
shock, vibration, acceleration, noise, and other 
conditions. See Environmental test. 

The final physical form of the packaged appa- 
ratus varies widely. The package’s shape, size, and 
weight depend on the specifications of the system 
of which it comprises a part. In some cases a high 
premium is placed on minimum weight and size, 
and the shape of the package is dictated hv se- 
verely restricted and sometimes contorted volume 
limitations of the encompassing vessel, as in the 
case of missiles (see Miniaturization ok equip- 
ment). In other cases, access and maintainability 
are vital considerations; for example, in stationary 
ladar transmitters or telephone central-office 
switchboards, units are packaged in more conven- 
tional panel form for mounting in vertical racks 
I see Maintainability ok equipment). The manu- 
facturing techniques to he employed will also de- 
termine to a considerable extent ^he packaged 
form. See Prototype ( equipment ) . 

flic reliable service of the packaged equipment 
will depend greatly on the talent exercised in the 
packaging operation. For a discussion of a nnrdier 
of considerations that affect the reliability of com- 
ponents and equipments, see Reliability oh equip- 
ment. [r.w.m.] 

Packing 

A seal usually used for high pressure as in steam 
and hydraulic applications. The motion between 
parts may he infrequent as in valve stems, or con- 
tinual as in pump or engine piston rods. There is 
no sharp dividing line between seals and packing; 
both are dynamic pressure resistors under motion. 

Such diverse materials are used for packing as 
impregnated fiber, rubber, cork, or asbestos com- 
pounds. The form of the pac king may he square, in 
ring or spiral form, trapezoidal, or V. U, or O-ring 
in section. In packings, it is necessary that the sur- 
lace finish of the contacting metal part be smooth 
for long life of the material. See Seal, pressure. 

[p.h.b.] 

Packing fraction 

The packing fraction of an atom is defined as 
/ « (M — A) /A, where M is the mass of the atom 
in atomic mass units and A is its mass number. The 
manner in which the packing fraction varies with 
increasing mass number provides a useful over-all 


picture of nuclear stability. In any particular mass 
region, an algebraically smaller packing fraction 
is an indication of greater stability. The term 
packing fraction has been largely superseded by the 
related quantity, binding energy per nucleon. See 
Binding energy, nuclear. [h.e.d.J 

Packing house 

A type of food processing plant generally requir- 
ing the use of refrigeration. A meat packing house 
is a plant engaged in the slaughtering, dressing, 
and processing of food animals; it uses refrigera- 
tion for cold storage and often for freezer storage. 
A fruit packing house processes fresh fruits, w'hich 
are usually stored in refrigerated rooms awaiting 
favorable market conditions. A precooling plant is a 
type of fruit or vegetable packing house which is 
equipped with refrigeration equipment for rapidly 
removing the field heat as soon as possible after the 
product is harvested. See Cold storage; Food 
preservation; Refrigeration. |h.m.he.J 

Paedogenesis 

Reproduction hv larval or immature animals, espe- 
cially the partheuogenetie reproduction by larvae 
of certain gall midges. Minslor is a typical example 
in which this phenomenon occurs. See Nkoteny. 

I'T.I.S.l 

Pain, cutaneous 

The designation of a group of patterns of somes- 
thelic sensation, generally unpleasant in feeling tone 
and tvpicallv leading to aversive action. Sensations 
of pain may arise from nearly any part of the skin 
(cutaneous pain) and from many components of 
the viscera, muscles, and other deep-lying tissues 
(deep pain). See Pain. deep. 

Specific nature of pain. Because pain may he 
evoked by intense stimulation of any sense organ, 
such as dazzling lights, excessively strong tones and 
noises, pungent odors, and extremes of heat and 
cold, the error has frequently been made of sup- 
posing that pain is simply the result of sensory 
overstimulation. On the contrary, the evidence is by 
now overwhelming that sensations of pain owe their 
existence to a separate system of sense organs and 
nerves. Just as there is a sense of pressure, one of 
warm, and one of cold, ihere is a pain sense; the 
misleading circumstance is that receptors for pain 
are almost ubiquitously distributed throughout the 
body (see Cutaneous sensation; Temperature 
senses; Touch). The pain of dazzling lights comes, 
not from the visual system, but from pain fibers 
terminating in ocular muscles; shrill tones create 
pain by way of pain endings in the external and 
middle ear cavities, not through overstimulation of 
the auditory nerve. 

The normal, or adequate, stimulus for cutaneous 
pain is difficult to specify, the reason being that all 
classes of stimuli capable of arousing the skin, that 
is, mechanical, thermal, electrical, and chemical, 
may evoke pain under some circumstances. It is 
not a matter of 'tissue damage, as is often stated, 
for electrical stimuli too weak to produce injury 
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reach the pain threshold at lower current values 
than those needed to elicit pressure sensations. 
Thermal pain may also he produced without obvious 
damage to the skin. When such mechanical stimuli 
as needles, thistle spines, and glass threads are 
gently pressed into the skin, pain threshold is 
reached long before penetration of the resistant 
contemn of the skin can possibly occur. Since the 
superficial cutaneous layers are pliable, pointed 
objects create sharp declivities in it. Presumably, 
the stretching of nerve endings thus produced con- 
stitutes the adequate stimulus to pain. 

Pain receptors and pain distribution. The only 

type of cutaneous nerve termination sufficiently 
distributed throughout the body to serve as a re- 
ceptor for pain is the free or unencapsulated nerve 
ending. Nearly everywhere, in the corium and even 
penetrating the lower reaches of the epidermis, 
there are fiee terminations of sensory nerves in the 
form of skeins, fine twigs, loops, hrushlike endings 
and knobs. These frequently overlap and interdigi- 
tate with similar structures from nearby fibers. The 
distribution of pain sensitivity is similarly wide- 
spread. For the majority of skin areas, pain 
points occur in some profusion. These are respon- 
sive loci which can he found when a spine-tipped 
horsehair is systematically set down within a cir- 
cumscribed cutaneous region. In one such careful 
exploration, the density of points varied as follows, 
measured in pain points per cm 2 : 232, hack of 
knee; 224. bend of elbow; 203, underside of fore- 
arm; 188, hack of hand; 144. scalp: 00. hull of 
thumb; 48, sole of loot ; 44. tip ol nose. The hollows 
of the body conformation, the fossae, are especially 
responsive. Pain sensitivity tends to decrease to- 
wards the extremities of limbs, the reverse of the 
trend governing pressure sensitivity. The two most 
exquisitely pain-sensitive areas of tht body are the 
cornea of the eye and the inner reaches of the ex- 
ternal auditory canal. 

Pain thresholds. There are serious obstacles to 
the measurement of “pure" pain. If mechanical 
stimuli are used, they inevitably arouse pressure 
sensations with a lower expenditure of force than 
that needed to reach pain threshold. If thermal 
energy is employed, there are accompanying tem- 
perature sensations. Chemical stimuli are difficult 
to confine to a given skin area. Also, the oily skin 
surface is highly resistant to penetration by non- 
ini urious reugents. Electrical stimulation, both ac 
and de, will arouse pain, hut it also spreads and 
tends to evoke most other cutaneous qualities as 
well. Algesiometers, instruments for the measure- 
ment of pain sensitivity, therefore have to he de- 
signed in such a way as to differentiate the pain con- 
tribution from other components. 

A device currently much in use for experimental 
and clinical determinations of pain thresholds is a 
lens focusing radiant heat, and light, on a predeter- 
mined spot. A controllable heat source is supplied 
by an infrared lamp, timing is accomplished by a 
shutter, and radiation from the lamp is focused on 
the subject’s forehead by means of a condensing 


lens. In the standard use of the technique, succes- 
sive exposures are held constant at 3 sec each, with 
the emitted energy of the lamp being systematically 
increased from below threshold to the point a! 
which the subject feels a single, sharp stab of pair, 
just lie fore the closing of the shutter. Warmth is. 0 f 
course, felt throughout much of the exposure p r . 
riod. and the pain is superposed on this back- 
ground. By substituting a radiometer in file position 
of the forehead the instrument may he calibrated 
in energy units, that is, in grarn-calories per see 
per cm- of area. 

Measurement by this method of the pain thresh- 
olds of 150 people, of both sexes and of wide ago 
range, shows an average in the neighborhood of 
0.21 g-cal/sec/crrr with a variation ol about l.V, . 
Between this point and 0.48 g-cal sec/cm- (4H(i 
millicalories). there are about 21 discriminahlc 
steps of pain intensity. Above 480 millicalories the 
heal absorbed by the forehead in 3 sec comes clo-c 
to burning the skin. The threshold for warmth m 
the same apparatus is far down the intensity scale, 
at about 0.1 millicalorie. 

Pain adaptation. Pain sensations display the 
phenomenon of adaptation, in accordance vuth 
which lasting, unvarying stimulation results in dim- 
inution or complete subsidence of the^pain. I his i 1 - 
not readily apparent because of the manner in 
which headaches, toothaches, and trains I rum in 
juries persist until “something is done for them." 
1 lowtjyer, such pains provide poor test cases. Mine 
they do not meet the requirement that the stimula- 
tion he absolutely unvaning. Most higlilv disagree 
able pains “pound." w r ith rhythmic circulator \ 
changes. 

If care is taken to provide a painlul stimulus that 
does not change its intensitive relations to the skin 
throughout the period oi stimulation, the reality <•! 
pain adaptation becomes evident. Successful ex- 
periments meeting this requirement have been per- 
formed with mechanical stimuli (sharp needles), 
cold stimuli (dry ice), and warm stimuli (radiant 
heat). In each instance pain diminishes and ulti- 
mately disappears, leaving as a residue pressure, 
cold, or warmth, as the stimulus may dictate. 



Radiant heat algesiometer. (H. G. Wo iff and S. Wo/fi 
Pain, Charles C Thomas, 1948) 



Quality of pain. If pain is produced in a leg or 
arm by a pinprick or an intense heat there may be 
two phases of the resulting feelings. These are 
“slow” and “fast” pain or “first” and “second” pain. 
There is elicited immediately “pricking pain.” a 
sharp, suddenly appearing sensation, followed bv 
a slowly rising, much longer lasting “horning pain.” 
The two, easily discriminate from each other, both 
on the basis of relative delay in appearance and in 
the pricking-burning distinction, have quite dif- 
ferent patterns, and must either arise separately or 
he conducted to the central nervous system in differ- 
ent ways. 

Since the presumption is that the two qualita- 
tively different pains must be set off practically si- 
multaneously at the receptor level, there must be 
two radically different conduction rates involved. 
This int€ i pretut ion is confirmed bv three sets of 
tacts: (1) If the stimulus is applied somewhere 
other than at an extremity, such as in the middle 
trunk region, the time difference evaporates and the 
twu qualities fuse. (2) If the conducting nervous 
pathway is progressively anesthetized with cocaine, 
the slow, burning pain disappears long before prick- 
ing pain does. This drug is known to inhibit conduc- 
tion first in fine, unmyelinated fibers in the array ol 
different fiber sizes of a mixed nerve. (3) 11 a 
tourniquet is applied to a limb, thus quickly in- 
(Iim irig oxvgcn deprivation in the conducting path- 
ways. pricking pain disappears first, leaving slow, 
or dull. pain. This procedure anesthetizes the large- 
diameter. medullated fibers before affecting the 
Mnaller ones. 

The normal difference between pricking and burn- 
ing pain may be accentuated in instances where 
severe sunburn or other skin injury renders the tis- 
sues hy peralgesir, that is, more sensitive to p tin 
than normal. The quick element, first pain, shows no 
appreciable alteration, but the more slowly develop- 
ing second pain is both heightened and abnor- 
mally prolonged. 

The current conjecture is that slow pain is car- 
ried over so-called “C” fibers, having a diameter of 
less than 1 p. Fast pain, however, is conducted hv 
fibers of the della subgroup of the “A” group, 
having diameters ranging from 3 to 6 p. Since rate 
of impulse conduction is known to depend directly 
on fiber diameter, the characteristic delay in the 



The course of "double pain." (N. Bigelow, I. Harrison, 
H. Goo dell, and H. G. Wolff , J. Clin. Invest 1945) 
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arousal of burning pain is satisfactorily explained. 

Pain sensation versus pain reaction. Direct 
perception of pain, whether at threshold level or 
above, involves only one major reaction of the or- 
ganism to painful stimuli, the observational re- 
sponse. There are other reactions, some of which 
tend to interfere with the maintenance of an ob- 
servational attitude toward pain. Pain is generally 
regarded as unpleasant, and aversive reactions oc- 
cur which are designed to reduce or eliminate the 
source of pain. While cutaneous pain thresholds 
normally fall within somewhat narrow limits, as 
seen above, pain reaction, as it is commonly called, 
is highly variable from one individual to another. 
As a result of training and of cultural forces, there 
is a wide range of reaction. For example, there 
arc individuals at one end of the scale who typically 
“cry before they are hurt” and others, at the op- 
posite extreme, who characteristically withstand 
even severe pain with the greatest stoicism. 

I he influences that can reduce or augment the 
threshold of pain reaction, as opposed to pain per- 
ception. are many. These include hypnosis and wak- 
ing suggestion, an array of analgesic drugs, the 
subject’s mood or attitude, and group mores making 
for self-chastisement or self-indulgence. Moreover, 
there are involuntary, visceral responses of the or- 
ganism that participate in the over-all pain reac- 
tion. and some o| these can he shown to vary con- 
siderably from person to person and also to vary 
in time in the same individual. An example is the 
galvanic skin response, which is a sudden lowering 
of the resistance of the skin to an (unfell) direct 
electrical current passed through it. This reaction 
has been studied extensively. [f.a.g.] 

Bibliography : J. D. Hardy, H. G. Wolff, and 
H. Gondell, Pain Sensations and Reactions , 1953. 

Pain, deep 

Patterns of somesthetic sensation, originating in the 
organs of the viscera, muscles, and other deep tis- 
sues, generally unpleasant and typically of an 
aching quality. Whereas cutaneous pain is ordinar- 
ily sharply localized, deep pain is usually indefi- 
nitely localized and tends to spread as it intensifies 
(see Pain, cutaneous). 

Receptors for deep pain. As in the case of the 
skin, the only type of nerve termination sufficiently 
generally distributed throughout the deep tissues to 
serve as a receptor for pain is the free nerve end- 
ing. Pain must necessarily originate in these, though 
whether the free ending is the only receptor that 
can perforin this function is not known. 

The organs of the body cavity, the viscera, are 
extraordinarily insensitive when judged .by cri- 
teria applicable to the skin. Surgeons have long 
known that the abdominal visceral organs may be 
pinched, squeezed, torn, and cauterized without 
benefit of anesthetic. It has frequently been con- 
cluded, therefore, that the viscera are insensitive. 
They are relatively insensitive to such manipula- 
tions, to be sure, but their construction is such 
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that effective sensory stimulation comes about only 
though massive tissue distention or severe con- 
traction of musculature. These are the conditions 
obtaining, for example, in gas pains and cramps. 
Chemical alteration of muscle bundles, especially 
through the metabolic imbalance created by circu- 
latory failure, results in severe pain. A limb muscle 
can be excruciatingly painful if exercised while its 
blood supply is cut off by a tourniquet. 

Other deep tissues thut have pain endings and 
which, with sufficiently extensive and prolonged 
stimulation, can give rise to pain are the major 
blood vessels, the periosteum (bone covering), mes- 
entery of the intestines, endings of the intercostal 
and phrenic nerves in the chest and diaphragm, and 
the mucosal linings of parts of the urogenital 
system. 

Referred pain. Not uncommonly a deep pain 
originating in a particular organ is felt at some lo- 
cation other than the site of stimulation. For exam- 
ple, in angina pectoris, a pain arises in the heart 
and would therelore he expected to localize under 
the sternum, hut it may he felt as mainly coming 
from the chest wall and radiating into the shoulder 
and underside of the arm. In renal colic a kidney 
stone passing down the ureter may create an in- 
tense pain which is felt not as moving but as being 
produced steadily in the groin. This localization is 
the more remarkable when it is considered that the 
upper end of the ureter actually lies approximately 
under the last rib. 

The mechanism of referred pain is understand- 
able only in terms of the segmental mode of organi- 
zation found in the central nervous system, the 
spinal cord in particular ( .sec Somkstfiksis ) . Even 
though referred pains seem to involve localizations 
remote from the point of stimulation, it will be 
found, on tracing the relevant nervous pathways, 
that it is always the fibers running in the same or 
neighboring spinal roots that are responsible. 
Such spread of excitation at the cord level calls in 
fibers leading to other deep tissues, to superficial 
skin areas, or to both. Spread to the corresponding 



Segmental organization of deep pain. The numbers 
identify the region to which pain is referred from in- 
jecting hypertonic saline into the cervical (C), thoracic 
(T) # lumbar (L), and sacral (S) interspinous ligaments. 
(T. Lewis , Pain , Macmillan, 1942) 

Another way in which deep pains can become 
com located, especially with respect to localiza- 
tion, is through reflex motor reactions generated 
by pain impulses. A very general response, one 
which in turn may provoke pain through biochemi- 
cal action, is that of blood vessels. A vasculai 
spasm may produce anoxia (a state of oxvgcn 
need), itself a precipitant of pain, as was seen 
above. 

Hyperalgesia. Sometimes the changed stale of 
excitability created through spinal spread expresses- 
itself not as referred pain but as a generally in- 
creased sensitivity of tissues remote from the site 
of stimulation. This so-called secondary hyperal- 


region on the opposite side of the body occurs gesia involves a heightened tenderness of the af- 

especially easily; pain from a contralateral area is fected region, one which typically leaves the pain 

thus a not uncommon symptom when stimulation is threshold to mechanical or thermal stimuli unal- 

intense. Though spread of pain may occur in either tered but which asserts itself through increased 

direction in the cord, up or down, the possibilities sensation intensity once the pain is aroused, 

in involvement of collateral fibers are greater in the Primary hyperulgesia also occurs, though it is 
upward direction. unrelated to the phenomenon of spread of pain. This 

If the mechanism of referred pain is as described, is simply the designation for increased sensitivity 

it should be possible to reproduce artificially some in the region of pain stimulation itself. The greatly 

of the faulty localizations by direct stimulation of lowered threshold to radiant heat consequent to 

the spinal roots. This has been' done successfully sunburn or other inflammatory injury is an exam- 

by injecting a 5% saline solution into the appropri- pie. I F.A.f— 1 

ate interspinous ligament. This establishes a tempo- D . 

rary strong irritation of the spinal center and ”31 nt 

creates pain in the dermatome belonging to that A fluid, or semifluid, material which may be applied 

segment. Injection of the first thoracic segment, for to surfaces in relatively thin layers and which 

example, induces pain in the shoulder and arm in changes to a solid coating with time. The change 

mimicry of the pains of angina pectoris. Other to a solid may or may not be reversible, and may 

frequently recurring pains may be simulated in occur by evaporation of solvent, by chemical reac- 

the same way. tion, or by a combination of the two. Paints usu* 
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ft ]|y consist of a vehicle or binder, a pigment 
which contributes opacity, color, hardness, and 
bulk to the film, and a solvent or thinner which 
controls the consistency. 

Paints may be classified according to the solvent 
which is, or may be, used for thinning, as solvent- 
thinned or water-thinned; and according to special 

uses. 

Solvent-thinned paints. These paints may be 
classified according to whether the drying mecha- 
nism is predominantly solvent evaporation, oxida- 
tion. or some other chemical reaction. Solvent- 
thinned paints, which dry essentially by solvent 
evaporation, rely on a fairly hard resin as the ve- 
hicle. Kesins used include shellac, cellulose deriva- 
tives. rubber derivatives, acrylic resins, vinyl resins, 
and bitumens. Shellac is usually dissolved in alco- 
hol. and i«- commonly used as shellac varnish, with- 
out pigment. Coatings based on nitrocellulose or 
other cellulose derivatives are usually called lac- 
quers. Coatings derived from acrylic und vinyl res- 
ins usually require a solvent such as a ketone, and 
e\en then, only a relatively small amount of mate- 
rial can be dissolved. These coatings are usually 
restricted to those uses in which their unusual 
properties of color retention and chemical resist- 
ance are essential. Bitumens or asphalts of petro- 
leum and coal-tar origin are often used with fillers 
to control the flow characteristics when no pig- 
ment is needed for opacity. Aluminum or colored 
pigments mav also he used. Bituminous coatings 
are relatively low in cost and are often used for 
roofing, waterproofing, and the protection of under- 
ground pipelines, where extremely heavy coatings 
are required, since opportunity for renewal may he 
limited. However, their resistance to weather and 
to organic solvents is not very high, and they .<re 
nearly always dark in color, which limits tl eir 
fields of application. 

In paints which dry by oxidation, the vehicle is 
usually an oil or an oil-based varnish. These usu- 
ally contain driers to accelerate the drying of the 
oil. Paints based essentially on linseed oil, with 
suitable pigments, such as titanium dioxide, ex- 
tenders, and usually zinc oxide and white lead, are 
the conventional outside house paints because these 
materials give the combination of properties which 
meets this requirement. Where a harder (and usu- 
ally more brittle) finish is required, as for trim and 
interior use, an oleoresinous varnish, made from a 
drying oil and a phenolic or modified phenolic 
resin, or else an alkyd varnish, made from a dry- 
ing oil, glycerin, and phthalic anhydride, is com- 
monly used. When these materials are finely 
ground, formulated to give a high gloss and good 
flow, and designed for application to smooth sur- 
faces, they are commonly called enamels. Flat wall 
Paints are varnish or alkyd-based materials, with 
larger amounts of pigment, for increased wear-re- 
sistance, hiding power, and low gloss. Primers, 
sealers, and undercoaters are paints that are formu- 
lated to have good adhesion to the substrate and to 
furnish a good base for future coats of paint. In 


many cases they have relatively small amounts of 
pigment, so that the vehicle will act to seal the un- 
derlying surface. Primers for metal usually contain 
an anticorrosive pigment, such as red lead or zinc 
chromate. 

Other paints, which dry essentially by oxidation, 
include those in which the vehicle is an epoxy ester. 
The epoxy ester is similar to an alkyd except that 
the glyceryl phthalate is replaced by an epoxy 
resin. Puints based on modified drying oils, such as 
those copolymerized with styrene or vinyltoluene, 
are also included. 

There are a number of other chemical reactions 
which may be utilized to produce films. These are 
usually difficult to produce and control in the ex- 
act way desired. Therefore, the use of these coat- 
ings is restricted to specialized developments. Most 
of these reactions involve polymerization in one 
form or another. Urea and melamine resins poly- 
merize by heat and are used in baking finishes 
where extreme hardness, chemical-resistance, and 
color retention are required, as on 'kitchen appli- 
ances. Certain phenolic resins also are converted 
by heat to yield coatings of excellent water- and 
chemical-resistance. 

Epoxy, urethane, and polyester resins may be 
converted, either at room temperature or by bak- 
ing, but a suitable catalyst is needed. The use of 
these resins requires very close control, hut results 
may be obtained which cannot he reached with 
other coatings. 

Water-thinned paints. This group of paints 
may he subdivided into those in which the vehicle 
is dissolved in the water and those in which it is 
dispersed in emulsion form. Paints with water-solu- 
ble vehicles include the calcimines, in which the 
vehicle is glue; and casein paints, in which the ve- 
hicle is casein or soybean protein. Other proteins, 
including egg albumen, have been used from time to 
time. 

Because these vehicles are water-soluble, the 
paints are very water-sensitive and are not suitable 
for exterior use, nor are they washable. Modified 
oils or resins, which are water-soluble, have been 
introduced. These convert to an insoluble form 
after the evaporation of the water, and are not sub- 
ject to the above defects. 

Synthetic resins that are soluble in water have 
been developed, and treatments rendering drying 
oils water-soluble are available. In both these 
cases, the water evaporates and further chemical 
change, either oxidation or heat polymerization, 
converts the vehicle so that it is no longer water- 
soluble. These coatings are of recent origin and 
are still in the developmental stage. 

Nearly any solvent-thinned paint may he. emulsi- 
fied by the addition of a suitable emulsifier and 
adequate agitation. However, because the emulsifier 
remains in the paint film after the water evaporates, 
these films are usually water-sensitive and have had 
very little use. The development of fugitive emulsi- 
fiers and of vehicles especially processed for use in 
emulsion paints has greatly expanded the use of 
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these materials, because coatings of excellent wa- 
ter-resistance may be obtained and vehicles which 
have poor solubility in organic solvents may still 
be suitable for application. When the emulsion is 
formed by emulsion polymerization, the vehicle is 
usually described as a latex, and these products 
are called latex paints. The most common latexes 
are made from a copolymer of butadiene and sty- 
rene, from polyvinyl acetate, and from acrylic res- 
ins. Although there are certain differences among 
these three materials, products made from them 
are very similar and they may be treated as a 
group. 

Immediately following World War II, latex 
paints were introduced as flat wall paints because 
the first ones made had a relatively low gloss and 
were somewhat water-sensitive. Their ease of appli- 
cation, low odor, alkali-resistance, and the fact 
that, because they were water-thinned they could 
be applied to damp plaster or concrete, made them 
very popular for the decoration of interior walls. 

Later, as improvements in formulation were 
made, these products expanded their field to ex- 
terior use, first on masonry and later on wood. Most 
latex paints are relatively porous and allow mois- 
ture trapped below the film to come out without 
blistering or peeling the film. On the other hand, the 
high polymers from which latex paints are made do 
not. ordinarily, have very high adhesion, and some 
troubles are occasionally experienced when the 
condition of the substrate is not good. More recent 
developments include gloss latex paints for either 
wood or metal, and primers based on latex which 
are suitable for finishing industrial products, par- 
ticularly because of the absence of flammable sol- 
vents. There are, however, certain difficulties 
which must be solved before latex paints are widely 
adopted for these uses. With the development of 
more satisfactory fugitive emulsifiers, certain other 
materials, such as alkyds, are also being used as 
paint vehicles. 

Special-use paints. Paints may also be classi- 
fied by their use. At times only one product is used 
for a certain purpose, but in general, several differ- 
ent types of materials may be used with excellent 
results. Architectural paints are usually oil- or var- 
nish-based or latex. Outside house paints are al- 
most always based on linseed oil, although recently 
certain alkyd and latex products have been intro- 
duced. Exterior trim enamels are either varnish or 
alkyd. Interior finishes are usually varnish, alkyd, 
or latex; shellac is widely used for floors. For ex- 
terior masonry, a large number of materials may 
be used, although latex paints are taking over 
much of the field. Also used is a paint based on 
Portland cement, which dries by reaction with the 
water, making it very useful for damp areas. 
Structural metal is usually given one or more coats 
of an anticorrosive primer, and then topcoats cho- 
sen according to the environment. Where the metal 
is inaccessible, and when appearance is not im- 
portant, bituminous coatings are frequently used, 
since very thick films may be applied. 


Highway paints . A few examples show the typ ep 
of products and the factors to be considered for 
highway paints. The marking of the center lines on 
highways and other painted areas for the control 
of traffic requires a paint which dries rapidlv in 
order to avoid interrupting traffic; which adheres 
well to both asphalt and concrete; which resists 
abrasion, both wet and dry; and which does not 
stain from oils, asphalt, or other materials. On the 
other hand, extreme exterior durability and high 
flexibility are not required for this service. Solvent- 
thinned paints based on a wide variety of alkyds, 
modified rubbers, and other resins are used for thi- 
work. Adequate traffic paints on latex vehicles have 
probably not been developed because of relatively 
poor adhesion to the roadway. 

Luminous paints. Luminous paints incorporate 
pigments which fluoresce under the influence of 
ultraviolet light. If the luminosity is retained for a 
period after the exciting light is cut off. these arc 
called phosphorescent paints. Although the inten 
sity is not high, these products are used in decora- 
tive schemes and to locate switches and other ob- 
jects in case of power failure at night. Because 
nearly all luminous pigments are water-sensitive, 
a vehicle with extreme water-resistance and imper- 
meability is necessary. For the excising radiation 
to be effective, it is also necessary that the vehicle 
be transparent to ultraviolet light. 

H vat -resistant paints. Paints formulated for high 
heat-resistance are another specialized form. A I 
though some conventional materials will resist tem 
peratures up to about 300° F for a period of iirm. 
for resistance to higher temperatures, different ap- 
proaches are required. One method used is to in- 
corporate an aluminum pigment in a vehicle which 
will burn off in time. In this manner, the aluminum 
is fused to the surface, and a certain amount of 
protection is obtained. If good weather- resistance 
is also required, a silicone vehicle is usually used. 
The pigments must also be chosen for their resist- 
ance to heat in the temperature range required. 

Corrosion-resistant paints. For the protection of 
chemical plants, and in other areas where relatively 
high concentrations of chemicals, solvents, and cor- 
rosive fumes may be encountered, there are a num- 
ber of specialized coatings available. These pro- 
tective coatings include those based on rubber and 
rubberlike materials, epoxy coatings, and coal-tar 
derivatives. 

Factory-applied finishes . In the field of factory- 
applied finishes, the same specialized consideration 
must be given to each problem with the additional 
difficulty that the product must be tailored to the 
particular production line in which it is to be 
used. In the finishing of furniture, lacquers are 
usually suitable, sometimes varnishes and shellac. 
Epoxy and unsaturated polyester coatings have re- 
cently been adopted in certain fields. Automobile 
manufacturers have used lacquers and alkyds un- 
til the recent adoption of acrylic and urea coat- 
ings. Urea coatings which approximate the proper- 
ties of vitreous enamels are widely used f° r 



kitchen and bathroom appliances. Almost the en- 
tire range of products of the industry, in some 
form or combination appears in these factory-ap- 
plied finishes. See Drier (paint); Drying oil; 
Pigment; Polymer; Solvent; Surface coating; 
Thinner; Varnish. [f.sd.] 

Bibliography : W. Von Fischer (ed.), Paint and 
Varnish Technology , 1948. 

Pair production (electron-positron) 

A process in which a negative electron (negatron) 
and a positive electron (positron) are simultane- 
ously created in the vicinity of a nucleus or an ele- 
mentary particle. In external pair production, an 
electromagnetic wave (photon) is absorbed and 
creates an electron pair. The absorption of high- 
energy y-rays is due mainly to this effect (see 
diagram'. Internal pair production is not associ- 
ated with observable electromagnetic radiation and 
may occur when an excited nucleus releases some 
of its internal energy. 

negatron 



External pair (negatron-positron) production. 


Pair production is of considerable theoretical 
interest, not only as an example of the materializa- 
tion of energy, but also as a striking confirmation 
of the relativistic quantum theory proposed by 
P. A. M. Dirac. This theory has made possible 
quantitative predictions of production probability, 
differential electron distribution, and kinetic en- 
ergy partition. The results are in satisfactory agree- 
ment with experimental findings. See Quantum 
theory, relativistic. 

External pair production can take place only if 
the energy of the photon exceeds 2mc~ (m = elec- 
tron mass, c = velocity of light) or 1.02 Mev, 
which is the energy required for production of an 
electron pair at rest. The energy excess, hv - 2 me 1 
I v is the frequency of the photon, h is Planck’s 
constant), appears as kinetic energy of the created 
particles. The sharing of this energy between the 
electrons takes place in a random way, such that 
the positron, for example, may assume any energy 
between zero and hv — 2 me 2 with about the same 
probability. Because of the electrostatic repulsion 
of the nucleus, the positron actually obtains a 
higher energy on the average than the negatron. 

Conservation laws require that the momentum 
°f the initial photon be transferred to the product 
particles. (For a discussion of conservation laws, 
see Nuclear reaction.) Simple calculations show 
that this can be fulfilled only if a third particle or 
system of particles takes part in the process. It may 
he a nucleus, as is usually the case, but in principle 
any charged particle may restore the momentum 
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balance. For a given energy division . between the 
electrons, the nucleus may recoil in any direction; 
consequently, the direction in which the electrons 
are emitted is not fixed, but is randomly distributed. 
As a consequence of its large mass, the nucleus 
receives only a vanishingly small part of the initial 
photon energy. 

Internal pairs are often emitted from radioactive 
substances. After radioactive decay, the daughter 
nucleus may be left with excess energy. Although 
this energy is usually released as electromagnetic 
radiation, pair production may compete when the 
energy exceeds 2 me 2 , the probability increasing 
with higher energy release. The angular correla- 
tion of the pairs and the production probability 
also depend on the multipole order of the transi- 
tion. See Multipole radiation; see also Gamma 
rays; Positron; Quantum field theory. [g.b.J 

Bibliography : R. D. Evans, The Atomic Nucleus , 
1955. 

Palaeacanthocephala 

An order of the Acanthncephala, the adults of 
which are parasitic worms found in fishes, aquatic 
birds, and mammals. They have the following char- 
acteristics. The nuclei of the hypodermis are frag- 
mented and the chief lacunar vessels are lateral. 
The males have less than eight but more than one 
cement gland. The ligament sac in the female 
breaks down so that the eggs develop in the body 
cavity. Proboscis hooks occur in long rows and 
spines are present on the body of some species. 
Species which commonly occur in vertebrates are 
Leptorhynchoides thecal us and Cory nosoma. 

Leptorhynchoides thecatus. This is one of the 
most common species of acanthoccphalan in North 
American fresh-water fish. The body is a creamy 
color, long, slender, and devoid of spines. Both 
ends of the body are curved ventralJy. The females 
are 6 26 mm and males 3-12 mm in length. Fe- 
males usually are thicker than the males. The 
proboscis is long, slightly enlarged in the middle, 
and bent ventrally at an angle to the body. Probos- 
cis hooks are quincuncial in arrangement with 12 
longitudinal rows of 12-16 hooks each. The base of 
the hook is enveloped by a prominent cuticular 



Corynosoma reduetum. ( From H. J. Van Cleave, Ac an- 
thocephala of North American Mammals, Univ. of Illi- 
nois Press, 1953 ) 
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sheath. Genital organs of the male occur in the 
posterior half of the body. Eight cement glands 
usually are arranged in three levels. The eggs are 
spindle-shaped with the middle membrane or shell 
thicker because of polar enlargements. The outer 
membrane is thick and refractive. The intermediate 
host is an amphipod. Hyalella azteea. Adults have 
been recorded from the ceca and small intestine of 
79 species of fish. 

Corynosoma spp. Individuals of the genus Co- 
rynosomn reach sexual maturity in the small in- 
testine of birds and mammals with aquatic habitats. 
The body is club-shaped and 2-10 mm long; the 
anterior end is thickened as an inflated bulb, where- 
as the hind trunk is narrow and cylindrical. The 
body is provided with spines on the anterior ex- 
tremity of the trunk, which extend farther along 
the ventral surface than the dorsal. In some species 
the trunk spines extend the full length of the trunk 
on the ventral surface. The body spines are of 
various forms, often sigmoidal, and the tip of each 
is commonly invested by a cuticular fold. The pro- 
boscis is directed vent rally. Proboscis hooks occur 
in longitudinal rows, and the individual books in- 
crease in thickness from anterior to posterior. The 
male organs are restricted to the posterior half of 
the body with the testes rounded or slightly elon- 
gate. Six cement glands, pyriform to clavate in 
shape, are present. Eggs are spindle-shaped with a 
short axial prolongation of the middle membrane. 
The species of this genus are distributed through 
all continents. Aquatic mammals (seals) and water 
birds (ducks) are the normal definitive hosts, al- 
though fishes serve as the second intermediate or 
transport host and various crustaceans as the first 
intermediate host. See Acantmockph ala. 

| d.v.m.J 

Palaechinoida 

An extinct order of Ferischoeehinoidea with u rigid 
test in which the ambulacra bevel ewer the adjoin- 
ing interambulacra. There are two or more columns 
of plates in the ambulacra, three or more in the 
interambulucra. (An exception is one only in 
Cravenechinus.) The order, which is known only 
from the Lower Carboniferous, includes such gen- 



Paiaechinus ellipticus, Lower Carboniferous of Europe. 


eralized forms as Palaechinus (see illustration) 
and more specialized forms such as Melonerhinus 
and Craven echinus. See Perischoechinoidea. 

[H.B.F.j 

Palaeoisopus 

A peculiar arthropod of uncertain position, reprp. 
sen ted by several well preserved fossils from thp 
Devonian Hunsruck shales. Considered by some to 



Palaeoisopus problematicus. ( After Broili ) 


he a fossil pycnogonid, its general ^Lriiclun . with 
jointed anterior process, bulbous posterior abdo- 
men, and posterior paddlelike legs, makes it im- 
possible to classify it with any Recent arthropod 
groi^p. See Pyc.nouoniua. I.j.w.ii.; 

Bibliography : J. W. Hedgpeth. Palaeoisopus , in 
R. C. Moore (ed. ), Treatise on Invertebrate Paleon- 
tology . pt. P, 1955. 

Palaeonemertini 

An order of the class Anopla in the phylum 
Rhynchocoela. Most of the palueoneinertines :ire 
littoral species. Three families are recognized: 
Tubulanidae, containing the genera Tubulanu*. 
Carinina , and Procaranina ; Carinomidae, which is 
monogeneric, Carinoma; and Cephalothrididar. 
with the main genera Cephalothrix and Procepha- 
Lothrix . This order is separated from the hetero- 
neinertines on the basis of the body wall muscula- 
ture which may be either two- or three-layered. 
Both a middorsal vessel and connectives between 
the lateral vessels are usually lacking, as are ocehi 
and cerebral organs. See Anopla; Hktkhonlm* 
EKTINl. [ C.B.C.I 

Palaeospondyloidea 

An ordinal name assigned to the single, tiny, prob' 
leinatic fish Palaeospondylus which is known only 
from Middle Devonian shales of restricted extent 
in Caithness, Scotland. This animal seldom ex- 
ceeded 5 cm in length. The skeleton consists of a 
well-calcified skull, vertebral column, caudal 
and v occasional traces of paired pelvic fins. The re- 
lationships of Palaeospondylus are uncertain. 11 
has been considered variously to be an agnathous 
fish, an elasmobranch, a larval placoderm, a la rva 
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Skeleton of Palaeospondy/us, a small and problemati- 
cal Middle Devonian fish, showing dorsally: CC, 
troughlike cranial cavity; PC, presumed pectoral gir- 
dle; PV, pelvic girdle; NA, neural arch; CE, centrum; 
HA, hemal arch; NS, neural spine; HS, hemal spine. 
(After J. A. Moy-Thomas) 

lungfish, and a larval amphibian. For the present 
this fish is most widely regarded as a plaeoderrn 
with completely undeveloped dermal armor. .See 
h.ACODI'.KMI. | D.ll.D. | 

Palaeotremata 

\n order of the brachiopod class Articulata. in 
which two superfamilies. Hustellacea and Kulor- 
ginarcu. are included. The Hustellacea gave rise 
to the Kutorginacea. The round to transversely 
mantled, thick shells of these hrachiopods are 
chitinous and ealcareophosphalic in the superfarnilv 
Ruslellacea and are calcareous in the Kutor- 
ginacea. They are primitive Articulata, without 


Kutorgina cingulata (Lower Cambrian, Vermont), .ide, 
ventral, and dorsal views, actual size. (From W. H. 
Twenhofel and R. R . Shrock, Principles of Invertebrate 
Paleontology , McGraw-Hill , 1953) 

fully developed hinge teeth and corresponding 
sockets, or delthyria. The pedicle protrudes from 
between the valves. The exterior exhibits coi. cen- 
tric growth lines and the valves are convex. Muscle 
scars indicate that these forms are ancestral to the 
Protremata. Geologically, they range from the 
Cambrian to the Ordovician. See Articiii.ata 
^BraCHIOPODA). I K.H.] 

Palate 

The roof of the mouth in those vertebrates whose 
mouth cavity and nasal passage are kept wholly or 
partially separate. The nasal cavities of fishfes are 
independent, blind sacs. In amphibians, on the 
other hand, these nasal cavities communicate with 
|he front of the mouth by a pair of apertures, the 
internal nares. Such an arrangement is adapted to 
the breathing of air when the mouth is closed. Rep- 
tiles and birds possess a pair of bony flanges, sepa- 
rated by a median cleft so that the incomplete 


palate provides something of a conduit for the free 
passage of air. This inverted trough extends from 
the internal nares, or primitive choanae, back to 
the pharynx. Crocodiles and mammals create a 
wholly separate channel by interposing a complete 
palate between the air passages and the mouth cav- 
ity. The definitive communication of the air chan- 
nels with the nasal pharynx is known as the sec- 
ondary choanae. Teeth usually occur on the roof of 
the mouth of hony fishes, amphibians, and reptiles. 
Many mammals, and especially hoofed and carniv- 
orous forms, have the palate set with transverse 
ridges of cornified epithelium which aid in the ma- 
nipulation of food. The toothless whales elaborate 
these structures into sheets of fringed “whalebone” 
that serve to strain out minute organisms to be 
eaten. 

The hard palate. The palate of mammals con- 
sists of two portions. The hard palate, more ante- 
rior in position, underlies the nasal cavity, whereas 
the soft palate hangs like a curtain between the 
mouth and nasal pharynx. The hard palate has an 
intermediate layer of hone, supplied anteriorly by 
paired palatine processes of the maxillary bones, 
and posteriorly by the horizontal part of each pal- 
ate bone. 'J’lie oral surface of the hard palate is a 
mucous membrane, covered with a stratified squa- 
mous epithelium. Anteriorly in man there are four 
to six transverse palatine ridges; these diminish 
in prominence between fetal life and old age. A 
submucosal layer hears pure mucous glands and 
binds the membrane firmly to the periosteum of 
the hony component. Above the bone is the mucous 
membrane that constitutes the floor of the nasal 
cavity. There is a falsely stratified, ciliated epithe- 
lium underlaid by mixed seromucoiis glands. Near- 
est to the periosteum of the tame is a layer of 
elastic fibers. 

The soft palate. The soft palate is a backward 
continuation from the hard palate. Its free margin 
connects on each side with two folds of mucous 
membrane, the palatine arches, enclosing a pala- 
tine tonsil. In the midline the margin extends into a 
fingerlike projection named the uvula. Both the 
hard and soft palate hear a seam, or raphe, along 
the midline. The oral side of the soft palate con- 
tinues as the covering of the hard palate, and the 
submucosa contains pure mucous glands. The in- 
termediate layer is a sheet of voluntary muscle, to 
which several palatal muscles contribute. The na- 
sal side continues the structures described for the 
hard palate, but posteriorly, near the free margin, 
the epithelium becomes stratified because it makes 
contact at times with the nasopharynx. 

Besides separating the nasal passages from the 
mouth, the hard palate is a firm plate, against 
which the tongue crushes and manipulates food. 
The soft palate, at rest, is pendent. In sucking, 
swallowing, or vomiting it is raised to separate the 
oral from the nasal portion of the pharynx. This 
closure prevents food from passing upward into 
the nasopharynx and nose. The closing action also 
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oral pharynx 


mouth cavity 


Median section of the head, showing 
the palate and its relations. ( From 
M. W. Woerdeman , Atlas of Human 
Anatomy , vol. 2, McGraw-Hill, 1950 ) 


occurs in speech, except for certain consonants re- 
quiring nasal resonance. The soft palate can also 
he lowered into contact with the root of the tongue. 
The palate develops from lateral folds of the primi- 
tive upper jaw that meet and fuse in the midline. 
Bone differentiates in the front half and muscle in 
the remainder. When the process of fusion fails to 
any degree along its course, there results a mal- 
formation known as cleft palate. See Speech. 

| L.B.A.] 


Paleobiochemistry 

The biochemistry of organisms which lived in the 
past, particularly the organisms found in fossil 
form. The work in this new field has been confined 


to examination of fossils for organic compounds, 
and to measuring the stabilities of biological or- 
ganic compounds which are present or have decom- 
posed in these fossils. The formation of petroleum 
from organic material is a related topic. See Pfc 

TH OLEUM (ORIGIN). 

Amino acids have been found in fossils varying 
in age from several thousand years to 360,000.000 
years. In fossils over 1,000,000 years of age, onl> 
glycine, alanine, valine, leucine, and glutamic and 
aspartic acids are found; the other amino acids* 
have decomposed. When amino acids are tested for 
thermal stability, it is found that these amino acid** 
are the more stable ones, and that the other amino 
acids which almost surely occurred in the protein 


of the fossils would have decomposed since the fos- 
sil was laid down. Carbohydrates, cellulose, fats, 
and porphyrins also have been found in fossils. See 
Amino acids. 

The organic components of living organisms in 
the past were surely the same as those in organ- 
isms which live today. Proteins, nucleic acids, car- 
bohydrates, and lipids occur in all presently living 
organisms, from aerobic and anaerobic bacteria to 
mammals. Even the biochemical pathways of inter- 
mediary metabolism of all aerobic organisms are 
vrrv similar. Differences do occur as the evolution- 
ary scale is ascended, but these differences are not 
numerous and are mostly differences in excretory 
products and the abilities to synthesize vitamins 
and amino acids. It is very likely that the me- 
tabolism of an existing species is almost identical 
with the metabolism of the same species millions of 
vars ago. See Carbohydrate ; Lino: Metabo- 
lism: Nuclem acid: Phofein. 

In view of this it is probable that the fossils when 
laid down had the same constituents as present or- 
iMnisrns. Depending upon the conditions of depo- 
sition. ground water might leach out some of the 
m ganic compounds, and bacteria might utilize 
‘■nme of the compounds. The remaining compounds 
will he found in the fossil il they have not de- 
< (imposed since the\ were laid down. 

Ml organic compounds are thermodynamically 
im-lable and will eventually decompose. However, 
the rate of decomposition will vary greatlv depend- 
ing upon flic temperature and activation energy for 
tlic decomposition. By a careful stud\ of the sta- 
bilities of biological organic compounds and the 
« 'impounds found in a fossil, it ma> ventuallv be 
possible to tell something of the thermal history of 
;i fossil of known age hv the compounds found in 
it. See Pai.eoecology (geochemical asi»E(.is) ; 
wv also Fossil; Soil microbiology. 

Ts.L.M.] 

Paleobotany 

Hu* study of fossil plants and vegetation of the 
geologic past. As a branch of paleontology, it com- 
bines a knowledge of both geology and botany, h, 
materials are the fossilized remains of prehistoric 
plants preserved in the rocks, including fossil 
leaves, seeds, spores, and wood, and occasionally 
fruits and flow r ers. From such materials the paleo- 
botanist attempts to reconstruct whole plants as 
they actually grew, as well as the ancient forests 
°f which they were a living part. The fossil plant 
ffcord shows the succession of plants which have 
inhabited the earth, from the relatively simple 
mpiatic fovriis of the older geologic eras to forms 
progressively more complex and better adapted to 
land habitats in the younger geologic eras. Paleo- 
botany involves not only collecting, describing, and 
naming fossil plants, but also aims at their inter- 
pretation in terms of the evolutionary history of 
Plant groups, the relationships between extinct and 
living forms, the reconstruction of the environ- 
Mental conditions under which the ancient forests 
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lived, and the relative geologic ages of the rocks 
in which the fossils were found. 

PLANT FOSSILS 

How fossil plants are preserved. In living for- 
ests accumulations of plant debris normally dis- 
appear as the result of the natural processes of 
disintegration and decay. However, when forests 
grow in or adjacent to areas of sedimentary deposi- 
tion. such as swamps, lakes, streams, and estuaries, 
plant debris may be buried along with the sedi- 
ments. In the course of time and under the proper 
geologic conditions such sediments become sedi- 
mentary rocks and the buried plant remains be- 
come fossilized. The plant fragments most likelv to 
be preserved as fossils are those possessing hard 
tissues that resist decay. The most resistant are the 
wax- coated spores and pollen grains, followed in 
relative order bv nuts and seeds, wood, leaves, and 
finally flowers. See Fossil seeds and fruits; Paly- 
no » OGA . 

Not all environments of deposition are equally 
conducive to the preservation of fossil plants. De- 
posits laid down in upland lakes, streams, or 
swamps, for example, are easily eroded awav in the 
course of time*, whereas lowland deposits are much 
less apt to he removed; the majority of fossil plants 
occur in deposits of the lultei type. The deposits of 
the ocean bottoms, on the other hand, rarelv con- 
tain the remains of land plants. This is mainly be- 
cause o I the destructive action of waves and cur- 
rents along coastlines where plant remains might 
otherwise enter the sedimentary record. The re- 
mains of seaweeds and related aquatics are there- 
fore usually the only kinds of plant fossils found 
in marine deposits. 

Sources of plant fossils. Most fossil plants are 
found in shales and fine-grained sjltstones, which 
are the lithilied muds of ancient deposits. The best 
collections are obtained from rocks originally laid 
down as deposits in flood-plains, lakes, swamps or 
hogs, and coastal lagoons or estuaries. Volcanic 
ash. the lithified form of which is known as tuff, is 
also an excellent medium for the rapid burial and 
subsequent preservation of plant remains. Only 
rarely do associated volcanic lavas preserve the 
casts of tree trunks or the impressions of leaves, 
due to their destructive high temperature at the 
time of eruption. 

Coal and associated beds. Since coal is "known 
to he altered plant materials originally accumulated 
in swamps, it is natural that much knowledge of 
ancient plants is derived from a study of coal itself 
and of the fossil plants that occur both in coal and 
in the roof shales and underclays associated with 
coal beds. See Coal; Coal balls; Coal paleo- 
botany. 

Fossilization processes. After burial by sedi- 
ments, plant remains may undergo any one of sev- 
eral different processes leading to ultimate fossili- 
zation: (1) they may remain essentially unaltered 
or only partially altered, forming compressions; 
(2) they may be .completely removed, leaving only 
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impressions or molds, and sometimes casts; or 
(3) they may be partially altered and subsequently 
permeated by mineral-bearing solutions, producing 
petrifactions. 

Compressions. Most plant fossils occur as com- 
pressions formed when leaves, seeds, flowers, or 
other plant remains are compressed between layers 
of sediments or their lithified equivalents. Only 
rarely do plant materials remain essentially un- 
altered (mummified) : examples include specimens 
of fresh plant debris from frozen muds of polar 
regions and the asphalt-impregnated leaves, cones, 
seeds, and wood fragments found in the Rancho La 
Brea tar pits of California. Also essentially un- 
altered are spores and pollen grains of microscopic 
size, whose waxy outer coats enable them to be 
preserved in countless numbers in many coals and 
nonrnarine shale beds. Slightly more altered are 
compressions in which only the resistant carbon is 
left. Such carbonized leaves, woody trunks, and 
branches are common in the impervious clays of 
New Jersey despite their age of more than 80,000,- 
000 years. In the still older paper coals of Russia, 
in deposits 240,000,000 years old, carbonized leaves 
retain their outside cuticle and may be peeled from 
their clay medium and mounted in plastic or be- 
tween two pieces of glass. 

Molds, casts, and impressions. More or less 
complete decay and removal of plant remains from 
their enclosing rock may leave only an empty cavity 
or mold. If such molds subsequently fill in with 
sediments or mineral deposits, casts may he formed 


producing replicas of the original plant material 
Examples of these are common in the vicinity of hot 
springs where standing trees are killed and en 
tombed by the deposition of travertine. Molds of 
plant fragments including delicate flowers are also 
found in amber, which is hardened resin of ancient 
gum-bearing trees. See Amber; Travertine. 

In some cases leaves, needles, seeds, or flowers 
may be completely dissipated and leave only im- 
prints in their enclosing medium. These are known 
as impressions, which are common in the coarser, 
pervious rocks in which active ground water move- 
ment has facilitated decay and removal of the 
buried plant materials. 

Petrifactions. In some instances ground watei 
may carry high concentrations of mineral matter m 
solution. These mineral-bearing solutions may cir- 
culate through plant materials buried in sediments 
or rocks and gradually produce petrifactions Al- 
though it was formerly believed that petrifaction* 
are fossils in which the original plant material i* 
replaced, molecule by molecule, by mineral inattei 
this is actually not the case. The process of petri- 
faction is now believed to involve the slow in- 
filtration of solutions through the buried plants and 
the gradual filling in of the minute cell cavities and 
intercellular spaces with mineral matter. The orig- 
inal woody components of the eelj walls are not 
replaced but are rather surrounded by mineial mat- 
ter and remain so nearly intact that they can Ik 
recovered by the chemical removal of the petrifying 
minerals. In the case of silicified wood, removal m 



Fig. 1. Geologic distribution of plant groups. 

















the silica by immersion in hydrofluoric acid leaves 
a soft, spongy mass of woody tissue which can be 
embedded and sectioned for study by the same 
techniques botanists use to study modern wood. 

The more common minerals producing petrifac- 
tions are quartz (silica, Si0 2 ), calcite (calcium 
carbonate, CaCOa), pyrite and marcasite (iron 
sulfides), and various iron oxides. See Petrifac- 
tion ; Petrified forests. 

Significance of fossil plants. To the geologist, 
the record of fossil plants added to that of fossil 
animals supplies the knowledge of the changing 
panorama of life in earth history. The study of the 
many diverse groups of plants (floras) which suc- 
cessively inhabited the earth’s lands and seas can 
also be used by the geologist to determine the geo- 
logic ages of the rocks in which the fossils are 
found. Where the geologic time range of a plant 
group has been determined in rock sequences whose 
relative ages have been established, occurrences of 
the same plant group elsewhere will indicate equiv- 
alence in age. The ranges of the important plum 
groups during the eras, periods, and epochs of the 
geologic past are shown in Fig. 1. In the study of 
historical geology the fossil plant record helps to 
complete the total picture of the ancient geography 
( palcogeography ) of each of the successive chap- 
ters of the past. 

Fossil plants are also reliable indicators of past 
environmental conditions and are often called the 
thermometers of the past. It is a well-known fact 
that in modern floras certain plants are restricted 
to rather specific climatic and topographic condi- 
tions. If fossilized plants can be shown to be closely 
related to such living plants of restricted range, it 
may be assumed that the fossil plants lived under 
similar restricted conditions. The finding of fossil 
palms, laurels, magnolias, peppers, and cycad- in 
the early Tertiary rocks of southeastern Ale ska. 
for example, is evidence of subtropical to warm 
temperate, lowland conditions there at that time. 
See Postglacial vegetation and climate. 

To the botanist, fossil plants supply a knowledge 
of the numerous past developments within the vege- 
table kingdom which have led to present conditions. 
The fossil plant record has furnished many missing 
c hapters to the story of the slow, unending evolu- 
tion of plants from the simpler forms of earlier 
geologic ages to the more complex plants of the 
present day. The recognition that living vegetation 
i* merely the end result of major changes in dis- 
tribution, as well as of evolution in the past, has 
also led to a better understanding of modern plant 
geography. The present restricted distribution of 
s »ich forms as the redwoods (Seq/wia) , the dawn 
redwoods {Metasequoia) f and the Oriental Ginkgo 
i’an he properly appreciated only in terms of their 
widespread distribution in the past. Still other 
Plants, including several large groups such as the 
s eed ferns ( Pteridospermae) and the cycadeoids 
I Cycadeoidea ) . are shown by their fossil record to 
have flourished for many millions of years and then 
declined to complete extinction, a phenomenon of 
special interest to plant geneticists. 
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The fossil plant record has also been responsible 
for a better understanding of plant classification 
(taxonomy). The most widely accepted scheme of 
classification at present has been based almost as 
much on a knowledge of fossil plants as of living 
plants. See Plant glassification. 

CLASSIFICATION OF FOSSIL PLANTS 

Insofar as possible, fossil plants are classified 
according to the natural c la ssi fication used by both 
botanists and pa lco botanists. The basis for this 
classification consists essentially of three morpho- 
logical characters: (1) the nature and relationship 
of leaf and stem: (2) the anatomy of the stem; 
(3) the arrangement and position of the spore- 
hearing organs. The classification presented below 
is a modern modification of older systems. It reflects 
the influence of a knowledge of fossil plants on 
concepts of classification. The fossil r ecord shows, 
for example, that the presence of seeds, previously 
considered to be an evidence of affinity, has been 
developed independent ly in such diverse groups as 
seed ferns, conifers, cyrads. and flowering plants. 
In the following major subdivisions of the plant 
kingdom the names followed by an asterisk (* ) are 
those groups known only in the fossil state. 


Scientific names 

Common names 

Thallophyta 

Algae 

Seaweeds and allies 

Fungi 

Fungi 

Rryophyta 

Hepaticae 

Liverworts 

Musci 

Mosses 

Tracheophvta 

Psilopsida 

Psilophy tales* 

Psilophytes 

Psilotales 

l.veopsula 

Lepidodend rales * 

Scale trees 

Pleumme iales* 

Ly copod iales 

Ly copods, club mosses 

Sphenopsida 

Iiveitiales* 

Sphenophy Hales* 

Sphenophylls 

Calami tales* 

Calami tea 

Equisetales 

Horsetail rushes 

Pteropsida 

Filicineae 

Ferns 

Coenopteridales * 

Ancient ferns - 

Filicales 

Modern ferns 

Gymnospermae 

Cordai tales* 

Cordaits 

Pteridospermae* 

(Cycadofilicales) 

Seed ferns 

Cyeadeoidales * 
(Bennettitales) 

Cycadeoids . 

Cycadales 

Cycads 

Ginkgoales 

Ginkgos 

Coniferales 

Conifers 

Cay ton iales* 
Angiospermae 

Flowering plants 

Monocotyledoneae 

Monocots 

Dicotyleddneae 

Dicots 
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The assignment of fossil plants to their proper 
groups within the plant kingdom often presents 
difficulties not encountered with modern plants. For 
example, the identification of species, genera, and 
families among the living flowering plants depends 
in large part on characteristics of the flowers, 
which occur only very rarely as fossils. In this 
group, therefore, the identification of fossil forms 
must rely on those portions which are actually 
found fossilized, such as leaves, wood, fruits, and 
spores. 

Another difference encountered in the classifica- 
tion of fossil plants and modern plants is a result 
of the fragmented condition of most fossil plants. 
Such detached parts, particularly those belonging 
to extinct plant groups, often cannot be certainly 
associated or reconstructed into a complete plant. 
This makes it necessary and convenient to institute 
so-called form genera for different portions of what 
may later prove to be a single plant. For example, 
in Carboniferous rocks segmented, ribbed stems 
may be referred to the form genus Catamites* the 
foliage to Annul aria* and the spore-hearing cones 
to Calumostachys. 

Form genera of another type tnav refer to fossil 
plants whose morphological characters show only 
a family relationship to modern forms; Magnolia- 
phyltuin* for example, implies a general resem- 
blance to the magnolia family without a commit- 
ment of closer relationship to an\ particular genus 
within the familv. 

GEOLOGIC DISTRIBUTION OF PLANT GROUPS 

The fossil record of the plant kingdom shows 
that the major plant groups have varied consider- 
ably in time of origin, geologic range, and period 
of maximum development and decline (Fig. 1). 
Clrarlv demonstrating the theory of evolution, the 
earliest plants belong to the simpler groups and 
the later ones become progressively more complex. 
Modern land vegetation is thus a composite made 
up chiefly of the most highly complex plants, the 
flowering plants, living in association with a lesser 
number of survivors of simpler types of plants. 

Thallophyta. This group of plants is composed 
mainly of the marine seaweeds. They are not abun- 
dant in the fossil record because of their soft, per- 
ishable nature. Some of the lime-secreting algae, 
however, arc more resistant to destruction and so 
are fairly abundant, especially in marine lime- 
stones. With a geologie record going back to the 
Precam hrian eras more than 500,000.000 years ago. 
the thallophytes are not only the oldest known 
plants hut also the most persistent and conserva- 
tive. Examples of widely distributed lime-secreting 
algae include the rounded, concentrically laminated 
forms comprising the Crypiozoon reefs in the Up- 
per Cambuan limestones near Saratoga Springs, 
New York. See Algae; Algae fossils; Charoph- 
yta; Cryptozoon. 

Bryophyta. Among the simplest of the living 
land plants, the Bryophyta are as soft and perish- 
able as seaweeds and so are equally scarce as 
fossils. As seen in Fig. 1, the earliest known forms 


occur in rocks of Pennsylvanian age: Hepaticites 
a liverwort, from the Coal Measures of England 
and Muscites , a true moss, from the Carboniferous 
rocks of France. See Bryophyta. 

P$ilopsida. This is a little-known group of 
plants, represented among living plants by the trop- 
ical species of Psilotum. The Psilopsida are be- 
lieved to be remotely related to the Psilophytales of 
Late Silurian and Devonian age. Both living and 
fossil groups are characterized by their small size, 
their absence of roots, their leafless stems, and 
their simple spore-hearing organs borne on short 
lateral shoots. See Psilophytales. 

Lycopsida. The living forms of this group are 
the inconspicuous, herbaceous species of Lycopo- 
dium and Selagiriclla. The Lycopsida include some 
of the largest, most abundant, and most character- 
istic trees of the late Paleozoic swamp forests 
Beginning in the Early Devonian, the group reached 
its climax in the Pennsylvanian Period, alter which 
its woody forms declined rapidly and became ex- 
tinct during the Jurassic Period. Among the he-t 
known forms are the tall scale trees ( Fig. 2) wlm«e 
flattened trunks are especially common in the mol 
shales of coal mines. Tlieii surfaces are marked In 
closely spaced scalelike leaf cushions and leal 
scars, which arc diamond-shaped and spiralb hi 
ranged in the genus Lepidodendran^ md rounded oi 
hexagonal in shape and vertically arranged in Sitid 
/aria. See LEf'inooENUKALEs; L\ lopomales. 

Sphenopsida. Plants of this group are ihaiac- 
tery'/.ed by jointed, usually ribbed stems and short, 
linear leaves arranged in whorls. The onlv living 
forms are the so-called horsetail rushes (/\r////v 
turn ) which are essentially small, herbaceous icp- 
liras of the tall, woodv Catamites of the Penns\l- 
vanian coal swamps. None of the arborescent form- 
survived beyond the Jurassic Period. .See Cm. ami- 
talks; KQtllSETAt.ES: SPHENOPtl YLI.AI.ES. 

Pteropsida. Filieineae, the true ferns, have 
undergone remarkably little change during their 
long geologic history which extends hack to the 
Devonian Period. The modern ferns ( Filieales ). 
common as underbrush in living forests, can trace 



Fig. 2. Scalelike markings on portions of fossilized 
trunks, (a) Lepidodendron . ( b ) Sigilhna. 



their ancestry back to the coal swamps of the late 
Paleozoic Era. The ancient ferns (Coennpteri- 
dalcs). differing mainly in stem structure and ar- 
rangement of spore-hearing organs, were dominant 
in the Pennsylvanian forests. Some of the living 
Ophioglossaeeae and Marattiaceae may he descend- 
ant?, of the ancient ferns, most of which became 
extinct by the end of the Permian Period. See 

CnKNOPTERlDALF.S ; Fll 1CAI.KS. 

Gymnospermae. These are plants characterized 
},y so-called naked seeds, and include seven orders 
of trees and shrubs, of which four orders are ex- 
tinct. 

Cordaitales. The most ancient order, the Cordai- 
tales are believed ancestral lo the later conifers 
trom which thev differ mainly in their long strap- 
like leaves and their more open, conelike, seed- 
bearing organs. The cordaits were common among 
the forest trees of the late Paleozoic Era; they are 
not known to have survived into the Mesozoic Era. 

S rv Conn AIT ALLS. 

Pteridospeunae. Another ancient group, the 
Pteridospermae, or seed ferns, differ from true 
ferns in the possession of well-defined seeds usu- 
al 1\ borne at the ends of branches of the fernlike 
fronds. They were among the dominants of the late 
Paleozoic Era. aftei which thev declined rapidly 
and became extinct before the end of the Juiassif 
Period. See pTF.nmosri-.RM \i.. 

C.\ ntd middles. The ryeadeoids were essentially 
restricted to the Mesozoic Era. Thev resembled 
most living eycads in both foliage and internal stem 
"tne tiire but differed greatly in the nature of their 
flowerlike inflorescences. These developed laterally 
on the trunks among the leaf bases, often as many 
as 200 flowers on a single plant. See Bennetti- 

IAI KS. 

Cyradales. The modern cycads are widespread in 
the present tropics where they are often reded 
vign palms. In contrast to the cycadeoids, their re- 
productive structures resemble more closely the 
‘ones of living conifers. The group has a long geo- 
logic history extending as far hack as the Permian: 
its climax was reached during the middle of the 
Mesozoic Era. See Cycadales. 

Coniferales. The conifers, which today are tne 
most abundant and widespread of the Gvnirio- 
sperrnae, are chiefly forest trees with needle-shaped 
or awl-shaped leaves and with seeds borne in true 
rones. The earliest conifers, belonging to extinct 
genera, occurred only rarely in the late Paleozoic 
hru. Increasing in abundance and distribution in 
the Triassic Period, the group attained its greatest 
development in the Jurassic and Cretaceous Periods 
^g. 1). Since then the conifers have declined, 
presumably as the result of competition from the 
flowering plants. .See Conifer ales. 

Ginkgoales . The Ginkgoales, at present restricted 
to a single species of Oriental Ginkgo, was a domi- 
nant group during most of the Mesozoic* Era. See 

Ginkgoales. 

Gaytoniales. The Caytoniales. known only in the 
fossil state, were a small in id- Mesozoic group whose 
fruits bore a resemblance to both the older seed 
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ferns and the younger flowering plants. See Cay- 
toniales. 

Angiospermae. The flowering plants, in addi- 
tion to having flowers, are characterized by en- 
closed seeds and by broad, flat leaves like those of 
palms, oaks, maples, and elms (Fig. 3). They are 
not reliably known before the Late Jurassic Period. 



Fig. 3. Impression of an angiosperm leaf, a fan 
palm, from the Eocene of Wyoming. 


Increasing and spreading slowly during the Early 
Cretaceous, the* increased tremendously during 
the Late Cretaceous, reaching almost their present 
dominance before the beginning of the Cenozoic 
Era. .Sec Angiospermae. 

FLORAS OF THE GEOLOGIC ERAS 

Precam brian floras. The fossil remains of both 
plants and animals are extremely rare in rocks of 
Precambrian age, which are usually referred to an 
older Archeozoic Era and a younger Proterozoic 
Era. There is no reliable evidence of the existence 
ol land plants during this poition of the earth’s 
history; even marine plants are scarce and are re- 
stricted chiefly to the later phases of the Proter- 
ozoic Era. In the Archeozoic rocks of Finland, a 
few occurrences of small bits of true carbon are 
believed to represent the remains of primitive algae 
(Coryrium) more than 2,0()0.()()(),()00 years old. 
Canadian rocks of approximately the same age have 
yielded specimens of both fil amen tous algae and 
fungal hyphae with attached spores. In the younger 
Proterozoic limestones of Montana and adjacent 
Canada numerous spherical, dome-shaped, and co- 
lumnar masses of concentric laminations are be- 
lieved to be the remains of ancient algal reefs. Sim- 
ilar forms, referred to the genus Collenia , are 
widely known from rocks of the same age in Alaska, 
Ontario, Greenland, and the Grand Canyon, Ari- 
zona. Specimens of hlue-green algae and bacteria 
have been described from the Lake Superior iron 
ores. In the Adirondack region, beds of Precam- 
brian graphite aTe interpreted as metamorphosed 
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coal beds which were originally layers of algal 
debris. 

Paleozoic floras. The floras of this era are dis- 
cussed in chronological sequence from early to late 
Paleozoic time. 

Cambrian and Ordovician . Plant remains con- 
tinue to be rare in rocks belonging to the Cambrian 
and Ordovician Periods. Most common are the ma- 
rine calcareous algae such as Cryptozoon from the 
Cambrian of New York, Solerwpora from the Ordo- 
vician at numerous localities, Primicorallina from 
the Ordovician and Silurian, and the widespread 
Girvanella , which ranged from the Cambrian to the 
Permian. 

Silurian and Devonian. Rocks of Late Silurian 
age in Australia have yielded the oldest reliable 
record of land plants. These consisted mainly of 
small, leafless stems (telomcs) usually branching 
dichotomously, and terminated by simple spore- 
bearing organs, either borne singly ( Sporogonites ) 
or in clusters ( Hedeia , Yarravia , and Zosterophyl- 
lum). Other forms, somewhat resembling modern 
club mosses, had forked stems covered with short 
scalelike leaves occasionally bearing small, rounded 
spore cases ( Baragwanathia) . 

In the Early Devonian small primitive land plants 
belonging mainly to the extinct psilophytes in- 
creased in abundance and in geographic, distribu- 
tion. Most characteristic was the genus Psilophyton 
whose small spiny stems (Fig. 4) with terminal 
paired spore cases are known from localities in 
eastern Canada, Maine, Wyoming, China, Spitsber- 
gen, and numerous localities in western Europe. 

By Middle Devonian time more advanced types 
of plants made their appearance. The lycopods 
were represented by Asteroxylon , whose stems were 
clothed in short, leaflike scales. The Sphenopsids 



Fig. 4. Spiny items of Psilophyton from the Lower 
Devonian of Gasp6. 


are known from specimens of thin, jointed stems 
bearing whorled leaves. These belong to the genera 
Hyenia and Calamophyton of the extinct order 
Hyeniales. Fernlike plants. Proto pteridium and 
Aneurophyton , were simple branched axes with 
rudimentary frondlike leaves. 

By the beginning of Late Devonian time one of 
the major changes in the history of plant life had 
taken place. The earlier shrubby vegetation, domi- 
nated by the primitive psilophytes. had evolved into 
low forests dominated by woody lycopods and equi- 
setes with underbrush of ancient ferns and spheno- 
phylls. Most abundant in Upper Devonian rocks 
are the ferns, of which the most widespread and 
characteristic are species of Archeopteris , Aneu- 
rophyton , and SpJienopteris. In none of these were 
the fronds and pinnules as well developed as they 
were in late Paleozoic forms. The lycopods were 
represented by the scale trees, Arrheosigillaria and 
Cyclostigma , characterized by small scalelike 
leaves on dichotomously branched axes. Large, 
jointed woody equisetes included mainly species ot 
Archeoral (unites and Pseudobornia , the latter bear- 
ing whorls of finely divided, featherlike leaver 
Sphcnophylls are of rare occurrence; more com- 
mon are the petrified stems of the most primitive 
gyninosperm, Callixylon. See Arciiakoi'TKKIDALKs: 
Hykniai.es; Pskudobokniales. 

Mississippian and Pennsylvanian. The develop- 
ment of widespread, dense, lowland forests wa** 
attained by gradual floristic evolution in the late 
Paleozoic Coal Age, referred to in Europe as the 
Carboniferous Period. Prominent in the forests 
were the stately lycopods, the small- leaved scale 
trees, Lepidodendron and Sigillaria , with their rela- 
tively un branched trunks reaching heights of ovei 
100 ft. Beside them towered species of Cordaites 
with their long, straplike leaves and lax cones. 
Somewhat lower in stature were many types of 
Calamites with thick, jointed, ribbed trunks and 
stems and whorls of linear, pointed leaves (Annu- 
laria and Asterophyllites) (Fig. 5). The first true 
conifers developed by Late Pennsylvanian time; 
Walchia and Lebachia are known from numerous 
impressions of shoots bearing short, closely spaced 
needles. Throughout the Carboniferous the shrubby 
undergrowth was apparently made up chiefly of 
ferns and seed ferns (Fig. 6), whose spreading 
fronds of delicately sculptured pinnules are among 
the most common fossils found in the roof shales of 
many of the numerous coal mines developed in the 
extensive coal beds of this age. Among the most 
widespread are species of Neuropteris , Alcthop- 
teris , Sphenopteris , and Pecopteris , which are char- 
acteristic of the Pennsylvanian of North America 
and the Upper Carboniferous of Europe. Other 
shrubby plants were the climbers and trailing spe- 
cies of Sphenophyllum with thin, jointed stems ar» 
whorls of six to nine small, wedge-shaped leaves 

(Fig. 7 ). 

Permian. During the Permian Period many ot i 
great Carboniferous groups of plants began to de- 
cline, on their way to ultimate extinction before 
the end of the Paleozoic Era or early in the Meso- 



Fig. 5. Leafy foliage of the calamites. (a) Astero- 
phyllites. (b) Annv/aria. 


Pig. 6. Pennsylvanian ferns from Illinois showing 
typical features of leaflets and fronds, (a) Neuropteris. 
(b) Alethopteris. ( Chicago Natural History Museum) 


Fi 9* 7. Sphenophyllum. (a) Branch and leaves, (b) 
Details of leaf venation. 
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zoic (Fig. 1). Greatly reduced in the Permian, the 
tall, woody lepidodendrons and sigillarias as well 
as the stately cordaits did not survive beyond this 
period. Also disappearing before the end of the 
Permian were the ancient ferns ( Coenopteridales ) , 
the delicate sphenophylls, and the jointed, woody 
calamites. The seed ferns ( Pteridospermae ) were 
severely affected but managed to continue as a 
minor group into the Mesozoic Era. The conifers, 
cyeads, cyeadeoids. and ginkgos, which had barely 
begun their development at the beginning of the 
Permian Period, increased in importance during 
this period of decline in other groups. It is gen- 
erally believed that the great changes which oc- 
curred at this time in both the plant and animal 
kingdoms were the result of world-wide physical 
and environmental changes, which also produced a 
long episode of continental glaciation, mainly con- 
fined to the Southern Hemisphere. 

Mesozoic floras. Changes in floras are described 
for the three major subdivisions of Mesozoic time. 

Trinssic. During the Triassie Period the great 
transformation in the earth’s vegetation, which had 
begun in the Permian, resulted in the further re- 
striction of the ancient Paleozoic groups of plants 
and the introduction of many new groups. Ferns 
continued to he dominant, though most of them be- 
longed to modern families. The larger forest trees 
were mainly conifers, cyeads, and cyeadeoids along 
with lesser numbers of ginkgos. Most of the coni- 
fers belonged to extinct genera; a few, including 
Araucarioxylon from the Petrified Forest region of 
Arizona, were related to groups still Jiving. The 
cyeadeoids. represented by such well-known forms 
as Wielandiella and Williamsonia, are completely 
extinct at the present time. The Triassie ginkgos 
were characterized especially by the deeply dis- 
sected leaves of Sphenobaiera and Haiera (Fig. 8). 
The few remaining seed ferns were mainly species 
oi Glossoptrris , Thinnfeldia , and N europteridium. 

Jurassic. The vegetation of the Jurassic Period 
was quite similar to that of the Triassie. Most char- 
acteristic arc the cyeads and cyeadeoids, whose 
broad fronds closely resembled those of the living 
cyeads. In the cyeadeoids the numerous petrified 
steins differ from the stems of the cyeads chiefly 
in their possession of “flowers” borne on short lat- 
eral branches and largely enclosed by persistent 
leaf bases and scales. Both the conifers and the 
ginkgo? continued to increase in abundance. An- 
cestors of both the living pines and redwoods are 
believed to occur as far back as the Late Jurassic. 
Mild climates are indicated by the occurrence of 
typical Jurassic floras as far north as northern 
Alaska and Siberia and as far south as Graham 
Land in Antarctica. 

Cretaceous. In general aspect the floras of the 
Early Cretaceous were similar to those of the Ju- 
rassic. Conifers, ferns, and ginkgos continued to 
flourish ; cyeads and cyeadeoids declined, the latter 
group becoming extinct by the beginning of Late 
Cretaceous time. Of about 35 genera of conifers 
known from Lower Cretaceous rocks, 15 are be- 
lieved to belong to modern groups including the 
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Fig. 8. Leaf of Baiera, characteristic of the Triassic 
and Jurassic Periods. 



Fig. 9. Leaf of Ginkgo, characteristic of the Creta- 
ceous and the Cenozoic, and the only modern survivor 
of the Ginkgoales. 

pines, firs, redwoods, and cedars. The numerous 
ferns were almost exclusively modern in aspect. 
The ginkgos reached their climax with species be- 
longing to 11 genera, including the sole living sur- 
vivor, Ginkgo (Fig. 9). The cycadeoids are repre- 
sented by both the typical cycadean foliage and by 
numerous petrified trunks, especially from the 
Lower Cretaceous of the Black Hills, South Dakota, 
and the Chesapeake Bay region. 

Of greatest significance during the Cretaceous 
was the rise to dominance of the flowering plants 
(angiosperms). The earliest records of the angio- 
sperms actually go hack to the Jurassic: pollen 
showing affinities with both the water-lily and the 
magnolia families is known from the Middle Ju- 
rassic of Scotland; leaves resembling those of the 
living Cercidiphyllum , wood similar to the family 
Trochodendraceae, and palmlike leaves occur at 
various Upper Jurassic localities. It is not until the 
Lower Cretaceous, however, that broad, net-veined 
leaves, which are believed to be primitive angio- 
sperms, begin to become common. In the Chesa- 
peake region, for example, the oldest Cretaceous 
beds (Patuxent formation) contain about 6% an- 
giosperms, whereas the overlying units (Arundel 
and Patapsco formations) have yielded 8 and 40%, 
respectively, of the leaves of angiosperms (Fig. 
10). By Late Cretaceous time angiosperms, includ- 
ing both the Monocotyledoneae and Dicotyle- 
doneae, normally made up 70-90% of the earth’s 
vegetation. [f..d.] 

Cenozoic floras. The dominant plants during 
the past 60,000,000 years have been angiosperms 


and conifers, with ferns, cycads and ginkgos re- 
duced in number. No major groups have appeared 
or become extinct during this time. However there 
have been noteworthy changes in distribution, with 
an equatorward shifting of forest units (geoflorns). 
Cenozoic plants more often occur as impressions 
than as petrifactions. As a result, attention has 
been directed toward the distribution of vegetation 
in time and space, rather than to a study of plant 
anatomy and phylogeny. The discussion will center 
in North America, where north-south mountain 
ranges, in contrast with the predominantly east- 
west ranges of Eurasia, have provided a terrain 
favorable for migration with survival. 

Most Cenozoic plants are assignable to existing 
families and genera on the basis of their leaves, 
with confirming evidence of fruit, stems and pollen. 
Two fluristic units are designated: the Arcto-Ter- 
tiary Geoflora dominated by deciduous trees whose 
nearest living relatives are temperate in occur- 
rence; and the Neotropical-Tertiary Geoflora whose 
principal members are broad-leafed evergreens like 
those now living at low latitudes. The Madro-Ter 
tiary Geoflora, characterized by small-leafed shrubs 
and trees, may have been derived from these in re- 
sponse to progressive aridity in western North 
America (Fig. 11). 

Evidence of wide intercontinentaPconnections i*. 
afforded by the uniform composition of the Arcto 
Tertiary Geoflora at high northern latitudes during 
the JEocene. Alder, chestnut, elm, maple, and 
katlura were forest dominants, with deciduous coni- 
fers such as Chinese redwood (Mrtase.quoin) more 
numerous than firs and pines. By Miocene rime 
when this geoflora occupied middle latitudes, new 
trees were appearing, notably black oaks; several 
genera which have survived in Asia were becoming 
rare or extinct in North America. Later Cenozoic 
forests show further elimination of summer-wet 
trees from western America, as emergence and 
orogeny brought continental climate. During the 
Pleistocene, conifers whose present southern limit* 
are in the Great Lakes region occupied the Gulf 
states, and the coast redwood ranged into southern 
California. This represents the climax of the Ceno- 
zoic trend toward colder and dryer climate. 

The Neotropical-Tertiary Geoflora, best known 
in the lower Mississippi Basin and from California 
to Washington during the Eocene, shows a corre- 
sponding southward migration. At the middle of the 
era, its palms, laurels, and legumes were still sur- 
viving in coastal California. Reduced temperature 
and rainfall are probable causes for the subsequent 
restriction of this subtropical forest to its present 
low latitude occurrence. 

The boundary between the principal geofloras 
during the Cenozoic bends southward across the 
northern continents from west to east and turn* 
northward over the oceans, as do existing isotherms. 
Throughout the era these primary relief features 
appear to have controlled the pattern of tempera- 
ture and vegetation as they do today, a relationship 
which offers substantial evidence against' the theory 
of continental drift during later geologic time. 




Fig. 10. Angiosperm leaves and fruits. Sycamore leaf f a) and fruits (b). (c) Katsura leaf. 



^■9* 1 1 . Inferred distribution of ancestral Madro- 
f®rtiary plants in pre-Eocene time. ( From D. I. Axel- 
r °d, Evolution of the Madro-Tertiary geoflora, Botan . 
24(7):433-*509, 1958) 


In summary, migrations of Cenozoic forests to- 
ward the Equator have established a trend from 
trees with large, evergreen leaves to those with 
small, deciduous leaves. This sequence provides a 
basis for dating plant-hearing rocks with the same 
degree of accuracy as recognition of first appear- 
ances and extinctions in older floras, or as evolu- 
tionary development in land mammals. Reconstruc- 
tion of climate and topography is made possible by 
comparisons between living trees and their immedi- 
ate ancestors in Cenozoic rocks. [r.w.c.] 

Bibliography : H. N. Andrews, Jr., Ancient Plants 
and the World They Lived In , 1947; C. A. Arnold, 
Introduction to Paleobotany , 1947; D. I. Axelrod, 
Evolution of the Madro-Tertiary geoflora, Botan . 
Rev., 24(7) :433 509, 1958; W. C. Darrah, Princi- 
ples of Paleobotany , 1960; A. Poldervaart, (ed.), 
Crust of the Earth , Geol. Soc. Am. Spec, Paper 62; 
575-592, 1955; A. C. Seward, Plant Life Through 
the Ages , 2d ed., 1933. 

Paleocene 

The oldest of the five major world-wide divisions 
(epochs) of the Tertiary Period (Cenozoic Era) ; 
the epoch of geologic time extending from the end 
of the Cretaceous to the beginning of the Eocene; 
the oldest epoch of the older Tertiary (Paleogene 
or Nummulitic).*See Cenozoic; Tertiary, 
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Nomenclature. Sir Charles Lyell, the British 
geologist, in 1833 subdivided the Tertiary into 
Pliocene (youngest), Miocene, and Eocene. Subse- 
quently, as a result of studies of fossil plants, 
W. Schimper in 1874 introduced the term Paleo- 
cene because he believed the plants in the basal 
part of the Eocene were sufficiently different from 
those higher in the Eocene to justify their separa- 
tion. The term did not achieve much popularity as 
a division of the Tertiary until about 1920, but it 
has now come to be rather widely used in many re- 
gions of the world. Since approximately 1950, cer- 
tain beds which had previously been classed as 
latest Cretaceous (Danian of western Europe and 
elsewhere) have been generally recognized as Pale- 
ocene. 



The Paleocene Series includes all rocks formed 
during the Paleocene Epoch, but the term is used 
most specifically for the sedimentary rocks formed 
during this portion of the Tertiary Period. These 
strata contain the plant and animal remains which 
are the primary bases for the identification of Pa- 
leocene age. 

Although the limits of the Paleocene are marked 
in places by physical breaks in the rock record, 
such physical changes are not present everywhere, 
and accordingly, differentiation of Paleocene from 
Cretaceous beds below and Eocene beds above is 
often difficult. In these instances identification of 
Paleocene, Cretaceous, and Eocene is primarily a 
comparative paleontologic problem. 

Strata. The Paleocene strata tend to be relatively 
similar to the underlying Cretaceous, but they also 
consist of all the common sedimentary types, vary- 
ing from marine through marginal-marine or inter- 
mediate to terrestrial. They are typically unconsol- 
idated and are widely dispersed throughout the 
world. The terrestrial beds are best known in the 
continental interiors, while the marginal and ma- 
rine beds are most common near the continental 
borders in the areas of the coastal plains and con- 
tinental shelves. Especially noteworthy examples of 
these various strata are known in (1) the Gulf 


Coastal province of the United States and Mexico- 
(2) the intermontane basins of the North Ameri- 
can Cordillera; (3) northwestern Europe; (4) 
Mediterranean Sea region of southern Europe and 
northern Africa; and (5) Asia Minor and parts of 
India. 

Most of the known marine and marginal strata 
are relatively undisturbed and flat-lying and occur 
near sea level. Some, however, have been deformed 
appreciably by crustal disturbances, while others 
have been uplifted to considerable elevations above 
sea level. Still other Paleocene strata have been de- 
pressed or have subsided below sea level. The ter- 
restrial strata were deposited above sea level in the 
continental area^ and, for the most part, have re- 
mained in this position. In general it may be said 
that the sedimentary rocks of this age are more de- 
formed than younger strata but are less modified 
than older rocks. Known thicknesses of Paleocene 
deposits vary from a few feet to thousands of feet. 
Generally speaking, the Paleocene rocks are not 
important economically as other Tertiary rock**, 
but in various places they have yielded important 
quantities of oil and gas, fresh water, clay. sand, 
marl, limestone, and other products. 

Igneous rocks of Paleocene age include both in- 
trusive and extrusive varieties, the latter being best 
known because they commonly oc^ur as layered 
volcanic materials at the earth’s surface and are 
therefore more readily available for observation 
Igneous activity, generally, was not as widespread 
in rfie earlier Tertiary (Paleogene or Nummiilitir » 
as in the later Tertiary (Ncogene) : consequent^ 
Paleocene igneous rocks are not ordinarib a* 
abundant as those of Miocene and Pliocene age. 

Fauna. The Paleocene terrestrial fauna is dom- 
inated by archaic mammalian types (marsupiak 
insectivores, creodonts, and condylarths) from 
which the more advanced carnivorous (cats, dog", 
hears) and herbivorous (horses, cattle) mammals 
evolved in Eocene time and later. A specialized 
tropical marine fauna, including characteristic 
pelecypods, gastropods, echinoids. and foramim- 
fers, appeared in the Indo-Pacific region in Paleo- 
cene time and started to spread westward toward 
the Mediterranean. See Palkobotany: Paleon- 
tology. [a.h.ch.; G.F. M.] 


Paleoclimatology 

In geology, that part of paleogeography that con- 
cerns temperatures, precipitation, winds, and other 
weather conditions and their zones of distribution. 
The interpretation of past climates is based on the 
compositions and structures of sedimentary rocks 
and on their organic remains. In addition to th e 
intrinsic value of information concerning the past 
history of the earth's surface, knowledge of climatic 
zones through time has significance in connection 
with questions pertaining to the stability of 
ernst with reference to the axis of rotation, and the 
permanence in relative position of continental an 
oceanic areas. See Paleogeography. 

Present climatic belts are distinguished by theu 
temperatures, rainfall and snowfall, and wind di* 




tions, as well as the annual variations among 
Xsc. As the lntotmation and interest in present 
climate are concerned principal^ with the lands, 
analogous data ior the past should be gained by 
observing land-laid sedimentary rocks and the soils 
formed on ancient land surfaces. The principal or- 
ganic remains in terrestrial sediments are the 
plants, though vertebrate animals and a few classes 
( ,{ invertebrates are locally useful. Though marine 
climates are of less concern in the present, there is 
abundant information on past marine conditions. 
f<,r it is in the seas that the sediments are largely 
preserved. Marine rocks give some indications of 
climates on source lands, because the rocks there 
were affected by weather conditions. 

Terrestrial sediments. Terrestrial sediments are 
deposited by streams (fluviatile) , and in lakes (la- 
rnutrinel. or by the wind (aeolian). The directions 
of stream courses are controlled by conditions other 
than climate. Tt is conceivable, however, that direc- 
tions of prevailing winds might be determined from 
differences in sediments on windward and leeward 
sides of mountain ranges. Winds in areas of low 
precipitation may cause sand dunes to drift; the 
direction of drift is determined from the cross 
stratification of beds deposited on the lee slopes of 
such dunes. Orientation studies have been made in 
many regions but have given no more than provin- 
cial knowledge of winds. 

The petrology of terrestrial sediments indicates 
whether their components were assembled under 
conditions of temperature and moisture that altered 
less stable minerals and converted them to more 
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volume, and other salts precipitate at lower and 
MS et concentrations. T\ve nature oi tVve preevpv- 
ate substances can depend on tbe temperature, 
hydrogen ion concentration ( acidity- alkalinity}* 
redox potential (oxidation- reduction), and ion com- 
position of a marine water. The form and clarity of 
halite crystals are related to water temperatures; 
hence salt deposits may show seasonal banding. 
Some substances are of different compositions at 
different temperatures; thus calcium sulfate is in 
anhydrous form (anhydrite) at higher tempera- 
tures than the hydrous mir^ral (gypsum). Other 
substances, such as calcium carbonate (calcite and 
aragonite), have different crystal forms under dif- 
ferent temperatures and other factors. A geologic 
thermometer of promise is found in the ratios of 
oxygen isotope 18 to isotope 16, which vary with 
temperature of crystallization in calcium carbonate. 
The average temperature of the sea can be deter- 
mined from study of fossils, and analysis of care- 
fully separated annual layers can yield tempera- 
tures of summer and w inter seasons.- See Geologic 
thermometry; Marine sediments; Palkoecology 
(geochemical aspects). 

Invertebrate fossils provide the best source of 
information about marine environments. Reef 
corals indicate low latitudes and warm tempera- 
tures by analogy to those in present coral reefs. 
Although many organisms have limited ranges of 
temperature and salinity tolerance, marine condi- 
tions are so universally temperate in some geologic 
periods that climatic belts have not been recog- 
nized. 


stable types. Sediments rarely preserve soil zones 
that can he compared to those on pr< ent surfaces; 
such information has been applied particularly to 
Pleistocene glacial deposits. Temperature and ure- 
cipitation characteristics at the site of deposition 
arc reflected by the cementation of the sediment 
and the presence of such substances as alkali salts 
that indicate relatively high evaporation. The state 
of oxidation of the iron in a sediment bears on its 
environment. The biological evidence from plants 
is interrelated to the sedimentary petrology, for 
oxidation or reduction depends in many instance-, 
on the abundance of plants, which in turn reflects 
the temperatures and precipitation. See Sedimenta- 
tion (geology). 

Seasonal variations in temperature are revealed 
in varves, repetitions of winter and summer layers. 
R uch as those in lake deposits that show the sea- 
sonal abundance of organic matter and those in 
glacial lake clays that show the influences of sum- 
mer melting and winter freezing of glacial ice on 
the transporting power of streams that feed the 
takes. See Varve. 

Marine aedimente. Marine environments are 
more constant in annual temperature range. How- 
ler, some marine sediments were laid in lagoons 
or seas having restricted water inflow and high 
evaporation, which led to the deposition of salts. 
Common salt, or sodium chloride (halite), pre- 
cipitates from normal sea water when it is con- 
centrated to less than one-tenth of its original 


Climatic zones. Few world climatic maps have 
been prepared from the many possible sources of 
information. There is disagreement with regard to 
the stability of climatic zones relative to the pres- 
ent geography. Some believe that the climatic belts 
of the Tertiary, of the Jurassic, and of the Devo- 
nian, Carboniferous, and Permian were generally 
accordant with those of today, paralleling the 
Equator, with poles near their present positions. 
Others have maintained from climatic evidence 
alone that late Paleozoic and Jurassic poles were 
quite differently placed than at the present. The 
distribution of climatic zones in the past and the 
studies of paleomagnetjsrn (the determination of 
magnetic poles from remanent magnetism in an- 
cient rocks) are the two means by which the posi- 
tions of the poles of earth rotation can be deter- 
mined. See Rock magnetism. 

Paleomagnetism gives measurements of some 
precision and gives longitudes as well as latitudes. 
The magnetic poles and poles of rotation seem to 
coincide on the basis of statistical averages over a 
span of time, even though the present magnetic 
poles are rather far from the North anti South 
Poles. If the poles have moved in the past, climatic 
zones must have deviated from parallelism with 
present latitudes. The two sorts of evidence bear on 
continental drift, for the rock magnetism as well as 
the evidence of climatic latitudes in the rocks must 
fit an integrated, map. If latitudes and longitudes 
changed significantly for different continents in the 
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past, paleoclimatologic maps should be made on 
base maps unlike those of the present geography. 

[M.K.] 


Paleocopa 

A suborder of extinct ostracods with straight 
hinges of some length (in most genera). If the 
Ostracoda are considered to be a subclass, then 
the Paleocopa could be considered an order. No 
frontal opening is present and little or no dupli- 
cature, or calcareous inner lamella, occurs. Lobes 
and sulci are conspicuous in many families, and 
are conventionally designated from the anterior 
end of each valve, as LI, SI, L2, S2, L3 (Fig. 1 ). By 
homology with cfuadrilohate ostracods, S2 is the 
most conspicuous sulcus and is present in all lobate 
forms; it marks the position of the internal ad- 
ductor muscle scar. The soft parts are unknown. 
The suborder is divided into two superfamilies, the 
Leperditacea and the Beyrichiacea. .See Ostracoda. 



Fig. 1 . Ogmoopsis nodu/ifera Hessland, left valve 
with lobes and sulci labeled. 


Leperditacea. This Ordovician-Devonian super- 
family is characterized by a long hinge, greatest 
height and greatest width posterior, sulci weakly 
developed or absent, and by smooth, unornamented 
valves. Many species have an eye tubercle. Leper- 
ditacea contains the largest known ostracods. Dihog - 
mochilina gigantea (Roemer) is reportedly 43 mm 
long, and D. latimar ginata (Jones) exceeds 30 mm. 

Beyrichiacea. This Ordovician-Permian super- 
family includes ostracods of many kinds. Several 
families exhibit dimorphism in the adult carapaces, 
such as Beyrichiidae, Hollinidae, Sigmoopsidae, 
and Kloedenellidae. In contrast, many have only 
one adult form, such as Eurychilinidae, Drepanel- 
lidae. Kirkbyidae. and others. 

Monomorphic families . Eurychilinidae (Ordovi- 
cian-Silurian) had a frill from corner to corner and 
a pit. or short sulcus, for S2f. Some species, like 
Eurychilina subradiata , developed a broad incurved 
frill. Through genera like Dicranella , they may be 
ancestral to the Piretellidae (Ordovician), in 
which the male has a broad frill and the female 
a false pouch (Piretella) formed when the two 
frills incurve to meet along their outer edges. 

Drepanellidae (Ordovician-Carboniferous) is a 
nondimorphic family having a basic lohation of two 
concentric U-shaped ridges. In some genera, like 


Ulrichia , however, the middle ridge is reduced to 
two nodes. 

Kirkbyidae ( Carbon iferous-Permian) has nondi- 
morphic species with frills, reticulate surfaces, 
and a subcentral pit known as the Kirkbyian pit. 
Amphissites is a representative genus with a well- 
developed carina. The closely related and probably 
ancestral family Arcyzonidae (Devonian) has a 
large central pit and less conspicuous carina. 

Aechminidae (Ordovician-Carboniferous) con- 
tains ostracods with weak lohation and a prominent 
hollow centrodorsal spine. In some species of 
Aechmina , the spine is much larger than the rest 
of the valve. Its use is unknown. 

Dimorphic families. Beyrichiidae (Silurian- 
Devonian) probably evolved from the Piretellidae 
when the female frill incurved to join the \entral 
edge of the valve; the body wall, so enclosed, dis- 
appeared; and a pouch opening into the interior 
developed. Thin sections reveal very young iustars. 
or developmental stages, of the species within these 
pouches, and confirm that they were brood space-. 
In Silurian beyriehiids. like Beyrichiu , poucho 
were bulbous and anteroventral. but in the last 
Devonian survivors, like Hibbardia , they were 
smaller and posteroventral. 

Hollinidae (Ordovician-Permian) has dimor- 
phism in the vclale structure. Most genera have a 
knoblike L3. In Hollinrlftt , the young have a row 
of tubercles or a narrow ridge, the male has a nar- 
row frill Hared outward, and the female a wide in- 
cluded frill. In Falsipol/e jt, the male has relate 
spurs and the female an incurved frill. Cteno/oru- 
linn is quadrilohate, with spurs at the ends of LI. 
L2. and L3 in the male and a scalloped frill and 
pocketlike loculi, curious unexplained structures 
in the female. Tetrasarculus is bilohate, with an 
anteroventral spur in the male and large loculi in 
the female. Other liollinid genera have different 
combinations of lohation and velar dimorphism. 

Sigmoopsidae (Ordovician) is characterized by 
carinal dimorphism, as shown in Sigmoopsis. Basi- 
cally, valves are quadrilohate, but in some genera 
SI and S3 are weak or absent. 

Kloedenellidae ( Devon ian-Permian) shows di- 
morphism in the posterior region, which is rather 
narrow in the male and large and inflated in the 
female. Most genera exhibit conspicuous overlap, 
and many have terminal notches on the hinge. 

Kloedeniidae (Silurian-Devonian) , closely re 
lated to Beyrichiidae, shows an anteroventral 
swelling in the female instead of a well-defined 
brood pouch. See Sexual dimorphism. 

Not all paleocopan families are discussed here. 
There are differences of opinion concerning th e 
taxonomic position of members of the group which 
arise from considerations of relative importance of 
dimorphism versus lohation, and from interpreta- 
tion of structures. [r.v.k.J 

Bibliography. R. S. Bassler and B. Kellett 
Bibliographic Index of Paleozoic Ostracoda , Gcol. 
Soc. Am. Spec. Paper 1, 1934; H. V. W. Howe, 
Handbook of Ostracod Taxonomy , Louisiana State 
Univ. Studies, Phys. Sci. ser. 1, 1955; V. Jaanus- 




Pig. 2. (o) Dihogmochilina latimarginata (Jones), left 

valve of a Silurian leperditacean ostracod. (b) £?ury- 
chilina subradiata Ulrich, right valve and cross section, 
(c) Dicranella bicornis Ulrich, left valve, (d) Rirete/la 
acmaea &pik, male right valve and female carapace, 
(e) Beyriehia fuberculata (Kloden), male and female 
right valves, (f) Hibbardia lacrimosa (Swartz and 
Oriel), male and female right valves, (g) Hollinella 


dentata Coryell, immature left, male right, and female 
left valves, (h) Falsipo/lex laxivelatus Kesling, male 
and female carapaces, (i) Ctenoloculina cicatricosa 
Warthin, male and female carapaces, (/) Tetrasacculus 
mirabilis (Croneis and Gale), female and male cara- 
paces. (k) Ulrichia affinis Swartz, left valve. (!) Sigmo- 
opsis ptafyceros (Opilc), male left and female right 
valves. ( m ) Amphissites marginiferus Roth, left valve. 
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southern Sweden, Bull . Geol. Inst. Univ . Upsala , vester-Bradley, The structure, evolution and nomen- 
37:173-442, 1957; R. V. Kesling, Terminology of clature of the ostracod hinge. Bull. Brit . Museum 
°stracod carapaces, Contrib . Museum Paleoge - Geol., 3 ( 1 ) , 1956. 
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Paleoecology 

The ecology of the geologic past, a study of the 
relations of fossil organisms to each other and to 
the environments in which they lived. Paleoecology 
is a study based on inferences and interpretations 
and on the basic assumption that the animals and 
plants of the past lived under essentially the same 
environmental conditions as do living relatives. 

Scope and aims. As in studies dealing with liv- 
ing organisms, all types of environments are con- 
sidered in paleoecology: marine, brackish, and 
fresh waters and land areas. Marine environments 
have received a major share of attention because 
most of the fossils that make up the paleontological 
record are contained in sediments that were de- 
posited in the sea. See Ecology. 

The aim of paleoecology is to infer, in terms of 
present-day conditions, the physical environments 
in which fossil organisms lived and their relations 
to each other in the changing environments of the 
past. In studying the record as preserved in the 
rocks, the paleoecologist attempts, as does the 
ecologist, to make a complete list of the animals 
and plants that inhabited a particular area and to 
obtain an estimate of their relative abundance. This 
is a difficult task even for the ecologist. For exam- 
ple, to compile such a census along a given stretch 
of coast today is not easy, because the most in- 
tensely studied shores yield new occurrences as 
investigations are continued. The chief cause for 
this is the rarity of some species, but there are other 
difficulties: some species burrow far below the sur- 


face and others appear only at night or at certain 
seasons of the year. The comparable task of a 
paleoecologist is still more difficult. He has access 
only to a limited amount of sea bottom and in the 
beds that were laid down at a particular time the 
remains of only a small fraction of the population 
then living were preserved. Furthermore, this 
meager record may contain a mixture of forms, in. 
eluding some that lived at the spot of burial and 
some that were brought in from another and per- 
haps quite different environment. 

The first written observations on the subject now 
recognized as paleoecology were made by the 
Greeks about 500 b.c., but these were few and 
widely scattered What might be called modern 
ecology did not begin to take form until the early 
part of the eighteenth century and paleoecology 
began to develop at about the same time. 

Terms. Studies of the distribution of living 
plant and animal life, both on the land and in the 
sea, have led to the recognition of communities or 
assemblages, each of which is adjusted to tin* 
physical and biological conditions that make up its 
environment. In the sea, for example, the assem- 
blages of animals and plants that live at intertidal 
levels differ from those found at greater depths. 
These fairly obvious distinctions were recognized 
hefore I860 and names were givenfto major bathy- 
metric and biogeographic zones. The major sub- 
divisions of the sea are divided into smaller units. 
All. such units are referred to as facies. Thus, a 
dd£p -water assemblage is referred to as a bathva! 
facies, and an assemblage from the inner shelf 
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Fig. 1. Sea-bottom zones in existing and ancient seas, 
(a) Ideal distribution of benthonic organisms in shallow 
waters of existing seas, (b) Restoration of the sea-bot- 
tom zones in Big Blue (Permian) time in Kansas. (After 


M. K. Elias, Depth of deposition of the Big Blue, L a * e 
Paleozoic, sediments in Kansas, Bull. Geo/. Soc. Amer 
48(3h403-432, 1937) 




area is known as inner neritic facies. Paleoecolo- 
gists attempt to recognize comparable facies in the 
fossil iferous rocks that make up a large part of the 
earth’s crust (Fig. 1). See Deep-sea fauna; Zoo- 
geography. 

A group of organisms that live together as a 
community is termed a biocenose by ecologists. 
This useful term cannot be carried over directly 
into paleoccology for two reasons: (1) many of the 
organisms that made up an important part of a 
given community do not lend themselves to fossili- 
zation and are rarely preserved; and (2) before 
an assemblage is buried and thus fossilized the 
organic composition may be radically altered by 
the addition of shells or other skeletal parts of 
animals and plants that lived elsewhere under dif- 
ferent conditions. A fossil assemblage is properly 
referred to as a death assemblage (thanatocenose ) . 

An area occupied by a recognizable community 
of organisms is called a biotope. Such areas may be 
easily recognized and delimited in the sea or on the 
land today but are more difficult to determine in 
ancient sediments because the extraneous elements 
mentioned must be recognized and eliminated. 

Nature of evidence. Some paleoeeological inter- 
pretations are based upon data obtained from the 
fossils themselves, others on features of the rocks 
that contain the fossils; in many cases data from 
both sources are used. 

Data from fossils. The shape of a cephalopod 
"'hell or other swimming or crawling form may sug- 
gest a mode of locomotion; the thin and fragile 
shells of certain foraminifers or gastropods may 
point clearly to a pelagic existence. Corals and 
sedentary or burrowing pelecypods and brachio- 
pods may be found in position of growth, indicating 
that they probably were buried in the place where 



^*9- 2. Devonian sandstone showing starfishes and 
dams. It has been suggested that the starfishes were 
feeding on the clams when buried. Width of area shown 
about 18 in. [Photograph from D. W. Fisher , New York 
State Museum) 
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they lived. When the members of a- fossil assem- 
blage are compared with living relatives whose life 
habits are known (Fig. 2), it may become apparent 
that the fossil assemblage is a mixed one with rep- 
resentatives from more than one environment. Such 
an interpretation may be confirmed if some mem- 
bers of the group exhibit signs of breakage or 
wear or if only the lighter unattached valves of 
sedentary forms are present. Studies of the isotopic 
composition of the shells may indicate the tempera- 
ture or some other aspect of the past environment. 
See Paleoecology (geo. hemical aspects). 

Many of the older rocks contain fossils that have 
no close living relatives. Among such extinct groups 
are the conodonts. the archaeocyathid “corals,” and 
the graptolites. Speculation about the conditions 
under which such organisms lived may, of necessity, 
he based largely on the supposed living habits of 
associated organisms and partly on the lithology 
and structures of the sediments containing the fos- 
sils. See Ancii akocyatha; Conodont; Graptoli- 

T1I1NA. 

Knowledge of the living habits of existing organ- 
isms is not always a sure clue to the habits of 
ancestral types. Today, for example, the stalked 
crinoids are solitary forms found at great depths 
hut their numerous ancestors in Paleozoic times 
were gregarious and inhabited shallow waters 
(Fig. 3). 

Data from rocks. The rock containing the fossils 
may indeed he the major source of interpretative 
data. The texture of the enclosing sediments may 
reveal much ahout the site of deposition. In water- 
laid sediments the occurrence of graded beds, that 
is, beds in which the texture grades upward from 
coarse to fine, may point to landslides or some form 
of turbidity current that threw the sediment into 



Fig. 3. Gregarious, free-swimming crinoids AUintatrL 
nus socialis) from the Cretaceous rocks of Kansas. 
Rounded cups are l%-2 % in. In diameter. (Photograph 
from H. 5. Ladd, ed„ Geo I. So c. Amer. Mem. 67, vof. 
2, 1957, courtesy of Smithsonian Institution) 
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suspension before permitting final settlement. The bottom, nearness to land, depth, agitation, and tur- 
presence of certain types of ripple marks, mud bidity. Specific examples to illustrate this type 0 f 
cracks, rain prints, or other sedimentary structures interpretation are given below, 
may aid in determining the nature of the original Common sediments such as mud, silt, sand, and 
environment. Other interpretations may be based gravel are deposited under a variety of conditions, 

on a high content of organic matter, lime carbonate. When these deposits are elevated at a later geo- 

or on the presence of oolites, glauconite, or nodules logic time as shale, siltstone, sandstone, or con- 

of phosphorite or manganese oxides (Fig. 4). The glomerate, the exact type of the original sediment 

occurrence of such materials is significant because may mean very little except to indicate that the 

lirnnologists and oceanographers have studied the lake or sea bottom at the time of deposition was 

ureas in which they are being formed today. See muddy, sandy, or covered with boulders. However, 

Sedimentary rocks. when the beds in a given elevated section show 

Data from fossils and rocks. Combinations of the variable texture, they preserve a record of changing 
above-mentioned types of data may give a sugges- times, possibly a . record of unusual events. Such 

tion or a clear indication, in the case of water- records are presetted in sediments deposited dur- 

laid sediments, about such features as type of ing Tertiary and Pleistocene times in basins along 



Fig. 4. (o) Manganese nodules at a depth of 3000 neie nodules in red deep-sea clay of Cretaceous age 

fathoms in the North Atlantic. Largest nodules are 5 on Island of Timor, Indonesia ( photograph by H. G. 

in. in diameter (photograph by O. M. Owen , Woods Jonker, courtesy of J . G. Ubaghs, Mineralogisch Geo/- 

Hole Oceanographic Institution , from H. S . Ladd , ed ., oglsch Museum, De[ft, from H. S. Ladd , ed.. Gaol. Soc- 

Geo/. Soc. Amer. Mem. 67, vo /. 2, 1957). (b) Manga- A riser. Mem . 67, vol. 2, 1957). 



the coast of California. With the aid of subsidence, 
many thousands of feet of beds were deposited. 
Large parts of the section are fine-grained shales 
and siitstones whose contained Foraminifera (when 
compared with living forms collected from known 
depth zones) indicate depths at which deposition 
occurred as great as 4000 ft. Sandstones alternate 
with the fine-grained sediments and many of these 
are graded, indicating that they probably were 
transported into the basin by turbidity currents. 
Beds of gravel and massive conglomerate also occur 
and these are believed to have been emplaced by 
landslides. During parts of the Pleistocene the 
basins were filled with marine sediments, and ter- 
restrial sediments containing the remains of land 
vertebrates were laid down. See Sedimentation 
((.KOLOGY). 

Othei exam pies involve specialized types of sedi- 
ments such as black shales and limestones. Ecol- 
ogists have described many areas in which black 
muds are being deposited today, in which there is 
little or no circulation, in which the supply of oxy- 
gen is low. and consequently, in which there is 
practically no benthonie (bottom-dwelling) life. 
Many of the black shales of the geologic column 
record deposition under such conditions in past 
times. R. Ruedemann has cited specifically the dark 
shales that are widely developed in eastern New 
York and concluded that planktonic (floating and 
weakly swimming) organisms were brought in 
freely by currents, but that at deeper levels circu- 
lation was poor and toxic conditions impoverished 
or prevented the existence of benthonie life. See 
Black siiai.e. 

An environment comparable to that of the black 
shales described by Ruedemann is recorded in the 


Paleoecology SIS 

La Luna limestone and its equivalents, which con- 
stitute a unique lithologic unit 500-3000 ft thick 
widely developed over much of northern South 
America and some nearby regions in Cretaceous 
time. H. Hedherg has showed that the La Luna, a 
dark carbonaceous limestone, is composed almost 
entirely of the tests of pelagic Foraminifera and 
that large fossils are rare. He expressed the opin- 
ion that at the time of deposition the sediment was 
a Globigerina ooze and speculated that life in 
the La Luna seas was almost exclusively planktonic. 
Thus, according to this theory, the bottom waters 
developed a toxicity (because of lack of circula- 
tion) that rendered them uninhabitable by marine 
benthonie animals. Such conditions would permit 
the accumulation of dead plankton on a sea floor 
undisturbed by bottom scavengers. The toxicity and 
the lack of oxygen were thought to have prevented 
rapid bacterial decay and permittee! the accumula- 
tion of soft organic matter. Much of this material 
is believed to be still present in the form of carbo- 
naceous-bituminous matter with some free petro- 
leum. The rock appears in many ways to be an 
ideal petroleum source bed. .See Fokaminifera 
fossils; see also Limestone. 

Relations to other sciences. The interpretations 
made by the paleoecologist have direct applications 
to other fields of earth science, especially paleon- 
tology and strati graphy. In paleontology, for exam- 
ple, one of the problems facing the investigator is 
that of determining the significance of concentra- 
tions of fossils on individual bedding planes in 
many parts of the geologic column. At Lompoc, 
California, the Miocene shales contain a bed the 
surface of which is covered with skeletons of a 
species of herring (Fig. 5). This bed once formed 



Fig. 5. Catastrophic death in the Miocene. Skeletons fornia. Skeletons are 6-8 in. long. ( Photograph from 
of herring preserved on a bedding plane of diotomo- A. B. Comings, Johns-Monvitio Co ., in H, $, Lodd, ed., 
ceous earth in the Monterey shole of Lompoc, Cali- Geo/. Soc. Amer. Mem, 67, vo l 2, 1957) 
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Fig. 6. Catastrophic death in the sea today. Fishes Kenneth Marvin, IJ.S. Fish and Wildlife Service, from 
killed by red tide in the Gulf of Mexico, 5 miles south H. S. Ladd, ed., &eo/. Soc. Amer. Mem. 67, vol. £, 
of Sanibel Island, November, 1953. ( Photograph by 1957) 


the bottom of a bay comparable to those along the 
coast today. In the bay, over an area of 4 mi 2 , more 
than 1,000.000,000 herring died almost simultane- 
ously. Ecological studies show that catastrophic 
death on a comparable scale occurs in the sea to- 
day, brought on, in many instances, by the appear- 
ance of red water or the red tide (Fig. 6). The 
upwelling of cold waters along a coast brings a 
rich supply of nutrients to the surface and this may 
lead to the development of noxious blooms of mi- 
croscopic flagellates and dinoflagellates fatal to 
fishes. Ecological studies show that such red water 
is only one of several causes that may bring about 
mass mortality in the sea today and may have been 
responsible for the preservation of crowded layers 
of fossils in the past. Other causes include volcanic 
eruptions, tidal waves, and rapid changes in tem- 
perature and salinity. 

Paleoecology is closely allied to stratigraphy, the 
branch of geology dealing with the sedimentary 
rocks and their order of superposition (chronologi- 
cal sequence). The paleoecologist, familiar with 
the distribution and living habits of life in existing 
environments, may be able to show, for example, 
that dissimilar faunas in two separated geologic 
sections may be contemporaneous and that two as- 
semblages that resemble each other may merely 
reflect a similar environment, one being appreciably 
older than the other. See Stratigraphy. 

Paleoecological interpretations assist the geol- 
ogist in reconstructing ancient landscapes, shore- 
lines, and sedimentary basins. For this reason they 
are of value to those engaged in the search for oil 
and gas. The same is true in investigations of min- 
eral deposits, especially those that have a strati- 
graphic control, such as phosphate and associated 
trace elements. See Palf.ogeography. f h.s.l.] 
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Paleoecology (geochemical aspects) 

The study of the chemical and mineral composition 
of fossil organisms as these relate the ecologi- 
cal and geochemical features of ancient environ- 
ments. Chemical studies of fossils, particularly 
those that are abundant and widespread and that 
hav^ related modern forms restricted either fo 
marine or to fresh- water environments, yield valu- 
able evidence concerning the paleoecologic and 
evolutionary aspects of skeletal building materials. 
For further treatment of the diagnostic use of fos- 
sils, .see Fossil; Paleoecology; see also Pallo- 

BIOC HKMISTRY. 

Chemical studies on the carbonate skeletons of 
Recent marine organisms have shown that the tem- 
perature and chemistry of sea water in which the 
organisms grow may influence the contents of 
strontium, Sr, and magnesium. Mg; the ratio* of 
oxygen-18 to oxygen-16 (0 !H /0 lfi ratios); and the 
aragonite-calcite ratios of the skeletons. Specific 
information about the relationships between the 
two ecologic factors and the characteristics of the 
skeletons is given in examples on studies done on 
present-day organisms and is followed by certain 
paleoecological applications of the data. 

Skeletal mineralogy. In recent species of cer- 
tain hryozoa, serpulid worms, pelecypods, and gas- 
tropods, the skeletons are commonly composed of 
aragonite and calcite. The two mineral modifica- 
tions always form separate microarchitectural units 
of the skeletons. The aragonite-calcite ratios for the 
skeletons as a whole among individuals of a gi veI J 
species in a given environment vary with the age °* 
the individual. The variations in the aragonite- 
calcite ratios within a species may be correlated 
with temperature; the higher the temperatures, th e 
higher is the aragonite-calcite ratio. The depend- 
ence of the aragonite-calcite ratios upon tempera- 
ture is most clearly defined in individual skeletons 
in which skeletal growth is entirely peripheral 



Fig. 1* Cyclic changes in aragonite-calcite ratios for 
consecutive growth increments of a worm tube from 
Bermuda inshore waters. 


such a* those of the calcareous tube* of serpulid 
worms. Figure 1 shows the arngonitc-calcitc ratios 
for c onsecutive growth increments of a worm tube 
collected from the Bermuda inshore waters where 
the yearly temperature variations are large, rang- 
ing from 16 to 30C°. The specimen was taken 
alive in early summer prior to the seasonal maxi- 
mum of water temperatures. The aragonitc-rulrite 
i alios are plotted against the length of successive 
fuowth inc rements, with the last increment shown 
at the left of the diagram. The effect of temperature 
is shown by the cyclic changes in the aragonite- 
• alc ite ratios. Summer growth zones arc 90';; urag 
unite, whereas the minimum value for winter 
growth is 60' ,' aragonite. 

The physiology of the organisms also appears to 
influence the aragonite-calcite ratios. Individuals 
of different species grown in the same temperature 
may show differences in aragonite-calcite ratios. A 
more limited effect of temperature • n the skeletal 
mineralogy is observed in certain gastropods and 
pricey pods which range from tropical or subtropi- 
cal to temperate waters. The shells of these inol- 
lusks consist of 100% aragonite in all but inose 
that live in the coldest waters. Traces of ealcite, 
ranging up to 10%, are found at the coldest lem- 
peratures of their range. Green, brown, and certain 
red algae illustrate dependence of carbonate pre- 
cipitation on temperature. These aragonite-pre- 
cipitating species are essentially limited to the 
tropical belt hounded by the 16°C isotherms for the 
coldest month of the year. Evidently the aragonite 
is a passive warm-water precipitate. 

The aragonite-calcite ratios may also depend 
upon the water chemistry. This is indicated in spe- 
cies which range from mean ocean to brackish 
waters. The few aragonite-calcite ratios determined 
for individuals from waters of low salinity appear 
t f > he noticeably higher than the ratios for individ- 
uals in the same temperature regime from normal 
marine waters. 

Magnesium content. The Mg concentrations of 
calcareous skeletons in Recent species depend on 
several factors: the mineral form, the phylogenetic 
level of the species, the water temperature, and the 
water chemistry. The calcitic structure can accom- 
modate a considerably larger amount of Mg in solid 
solution than can the aragonitic structure. Bio- 
logical aragonite precipitates therefore rarely have 
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over 1 mole % MgCO.t, whereas the calcitic ones 
may contain as much as 19 mole %. 

In calcitic skeletons of individuals within the 
same phylogenetic class the MgCOn content shows 
an increase with higher environmental tempera- 
tures. The relative concentrations of Mg and the 
slopes of the magnesium-temperature curves differ 
for different classes, as shown in Fig. 2. The slopes 
of the magnesium-temperature curves lend to be- 
come lower as the phylogenetic rank of the class 
becomes higher. However, data on an echinoid 
species indicate that the magnesium-temperature 
curve for a single species may deviate from the 
curve for the class as a whole. 

The magnesium content of carbonate skeletons 
is also affected by changes in the chemistry of the 
sea water. In the same temperature regime, cchi- 
noids from hy postal ine waters have lower magne- 
sium contents, and articulate brachiopods from 
hypersaline waters have higher magnesium con- 
tents than conspecifie forms or related species 
from mean ocean waters. 
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Fig. 2. Relation between slope of temperature-mag- 
nesium curve and oiganic complexity. 

Strontium content. The Sr content of the cal- 
careous skeletons in present-day species is affected 
by the same factors which influence the Mg con- 
tent. The effect of crystal form, however, differs 
from that of Mg in that Sr is more readily accom- 
modated in the aragonitic than in the calcitic struc- 
ture. The SrCOa content of calcitic skeletons rarely 
exceed.^ 0.4 mole , whereas in aragonitic skele- 
tons its content may be as high as 1.3 mole %. 

An effect of temperature upon the Sr content 
in calcareous skeletons has been demonstrated so 
far only in two groups of organisms, the articulate 
brachiopods and the echinoids. The crystal form 
in both groups is calcite. Figure 3 shows the 
relationship between Sr content and temperature in 
articulate brachiopods. The temperature values are 
based on determinations of the 0 lM /0 ,n ratios 
of total shells, corrected for the 0 ,8 /0 1w 'ratios of 
the waters from which the specimens were derived. 
The SrCOa content is shown to increase with higher 
environmental temperatures. The curve is based on 
data from samples of species from several super- 
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Fig. 3. Relationship between strontium content and 
temperature in articulate brachiopods. 

families. The samples include, however, pairs of 
conspeeific and congeneric forms from different 
temperature regimes. In the echinoid Dend raster 
the relationship between Sr content and tempera- 
ture differs from that in the articulate brachiopods. 
The Sr content in the eohinoids studied decreases 
with elevation in environmental temperatures. 

Organisms grown under either controlled or 
natural conditions show that the Sr content of 
calcareous skeletons is also dependent upon the 
chemistry of the waters. Fresh-water gastropods 
(Physa) grown in waters of increasing Sr content 
show a corresponding increase of strontium in their 
shells. The shells of articulate brachiopods taken 
from the hypersaline waters of the Mediterranean 
have a higher Sr content than species which grew 
in the same temperature regime but in mean ocean 
waters. 

Oxygen isotopes. For the relationship of the 
QiH Qifl ra tj os () f the carbonate skeletons to tem- 
perature and to the water chemistry (isotopic 
methods of geothermometry) see Geologic ther- 
mometry. 

Paleoecologic applications. The foregoing dem- 
onstrates that certain chemical and mineralogical 
properties of the skeletons of marine organisms 
are influenced by the temperature and chemistry of 
sea water. It should therefore be possible, by study- 
ing the skeletal carbonates of marine fossils, to 
determine the temperature and chemistry of the 
oceans of the past. Because both environmental 
factors influence organisms simultaneously, neither 
should be studied independently. It is essential to 
determine that the chemistry of the skeletons is 
unaltered by diagenetic change. See Di agenesis. 

These difficulties may be largely overcome by 
considering, in single fossil specimens, all the 
properties that are known to be influenced by the 
two environmental factors. Fossils chosen from a 
single class have been studied in this manner. The 
O ls /O lft ratios, the Mg concentrations, and the Sr 
concentrations in fossil articulate brachiopods 
ranging in age from the Pliocene to the Late Mis- 
sissippian have been determined. The temperature 
values based on these determinations agree within 
3C° in each specimen. The results indicate that the 


shells are chemically unaltered, and that the or- 
ganisms grew in waters chemically similar to mean 
ocean water today. If the organisms had lived in 
insolated water, the temperature values indicated 
by the 0 l8 /0 16 ratios would be noticeably l OWer 
than those indicated by the trace elements. A 
Permian brachiopod which has been studied shows- 
this effect. In samples that had been diagenetirally 
altered by fresh water, the temperature valued 
determined by oxygen isotopes would be higher 
than those indicated by the trace elements. Several 
late Paleozoic brachiopod samples appear to havi- 
been altered in this way. The close agreement of 
the temperature determination in the bulk of the 
samples studied 'indicates that the chemistry ol 
mean ocean water has been essentially the same for 
the last 2.5 X 10 s years. 

Several of the unaltered fossil brachiopods used 
in the above study arc from assemblages contain- 
ing belemnites which were used for paleotempera- 
turc determinations by means of the 0 1S 0 1,; 
method alone. The close agreement between tem- 
perature values determined for the hrarhiopmU 
and the belemnites adds to one’s confidence in 
paleofemperature determinations, based largely on 
belemnite rostra, for the Middle and Upper Creta- 
ceous. 

Serpulid worm tubes from the Upper Cretaceous 
of the Coon Creek formation in southern Tennessee 
illustrate the application of mineralogical studie- 
to ppleoecology. The worm lubes consist of an outer 
calcitir and an inner aragonitic layer. Longitudinal 
cross sections of the tubes show rhythmic variations 
of the diameters of the calcitir and aragonitic 
layers, similar to those found in Recent species in 
response to environmental temperatures. | ii.a.l. | 
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Paleogeography 

The geography of the geologic past; although the 
term is commonly associated with maps, it con- 
cerns all aspects of physical area character in the 
geologic past that can be determined from the 
study of rocks. 

Geography deals with the face of the earth at a 
particular time, the present or some interval in the 
historic past. Paleogeography in the strictest sens 6 
concerns the geography of momenta or very short 
time spans in the past. It considers the distribu* 




tions of lands and seas, their elevations, depths, 
and forms. A number of analogous matters com- 
monly are treated as a part of paleogeography, 
though reaJly stratigraphic, involving spans of time 
during which a thickness of sediments was laid. 
See Stratigraphy. 

Time and correlations. Paleogeography gener- 
ally involves the correlation of the rock record and 
events at the time being considered. In a local area 
or province, the criteria may be lithic. inasmuch 
as conditions may have been such that a single 
kind of sediment was synchronously deposited 
throughout a considerable area of land or sea. The 
identification of time is substantiated by study of 
organisms, for fossils are the principal mean* of 
currying time correlations among distant places. 
Isotope ratios among uranium-lead, thorium-lead, 
potassium-argon, strontium-rubidium and carbon 
isotopes are used increasingly in varying degrees 
of accuracy for differing spans of time. The prob- 
lems of correlation are in the domain of stratig- 
iaphy, but they are basic to palcogeograph). See 
Hock ( a ok determination). 

Map projections. The preparation of paleogeo- 
graphic maps involves not only the same problems 
of distortion of shapes, forms, and areas that are 
encountered in all map projections, but there an* 
additional difficulties. Most available geologie 
maps fail to present the proper relative positions 
<»l the rocks at the time that the paleogeographic 
map portrays. When rocks are deformed b\ folding 
or faulting after their deposition, the positions and 
directions between points on opposite sides of each 
fold or fault have been changed. If a continent has 
moved relative to another, or a rreal mountain 
range has risen through compression, significant 
deviations develop in the subsequent and present 
geography from that prior to the deform ition. 
Maps that reconstruct the original relative posi- 
tions of rocks are known as palinspastie maps. 
Generally the limits of error in the paleogeography 
are so great that the present geographic base maps 
are reasonably satisfactory. 

Paleogeographic maps. The simplest forms of 
paleogeographic maps show the distribution of 
lands and seas. The study of sedimentary petrology 
permits determination of the nature of the source 
lands of the time. Orientations of depositional 
structures such as ripple marks, cross stratifica- 
tion, flow casts, and elongations of particles and 
organisms reveal directions of streams, currents, 
and winds, aspects of paleoclimatology. The eleva- 
tions of lands can he shown approximately by hyp- 
sometric contours of elevation, with colors or 
shades as used for present geography; more often, 
lands are shown by standard geomorphic landform 
symbols that give better impressions of the char- 
acter of lands and less emphasis on elevations. 
Paleogeologic maps, showing the pattern of rocks 
on the surface at a past time, aid in the interpreta- 
tion of landforms. Paleolithologic maps showing 
bottom sediment patterns suggest whether rocks 
were laid in depths of strong wave action or in 
quieter water of deeps or broad shoals; lines of 


Patoogtography 519 

equal sediment property, isoliths, can be drawn for 
many parameters. The organisms in the strata give 
strong indication of the environments of deposi- 
tion. the paleoecology. From the study of these and 
other data, judgments can be reached of water 
depths and current flows that suggest bathymetry 
such as is expressed in bathymetric maps. Compar- 
isons between the kinds of rocks and the interpre- 
tations of elevations of sources and depths of sites 
of deposition lead to judgments on regional sta- 
bility and tertonism. See Paleoclimatology: Pa- 

I.EOGEOLOGY. 

stratigraphic maps. In addition to Studies that 
concern but instants of time, paleogeography in its 
broader sense may include the regional distribu- 
tion of stratigraphic data, such as thicknesses of 
rocks representing a considerable span of time. 
The plotting of thicknesses of sedimentary rocks 
lying between two surfaces of deposition is by 
isopachs. or lines of equal thickness, on isopacb 
maps. If the sui faces of deposition at the top and 
at the base of the sequence mapped were horizontal 
planes, the thickness would represent the amount 
of warping or deformation of the lower plane prior 
to the formation of the upper, assuming a stable 
sea level. As depositional surfaces deviate from 
horizontally, isopach maps only approach being 
measures of structural change. The sequence 
within a time span or stratigraphic interval in an 
area includes rocks that may differ appreciably 
both laterally and vertically. Maps showing the 
ratios of rocks of different kinds, or their constitu- 
ents, within a stratigraphic interval of some thick- 
ness representing a considerable span of time are 
lithofacies maps, in comparison with paleolitho- 
logic maps representing a single surface of deposi- 
tion. Lithofacies maps can show such ratios as 
those of sand to silt, or calcium carbonate to cal- 
cium magnesium carbonate, or terrigenous sedi- 
ment to indigenous or precipitated sediment. As 
long as the average represents conditions that pre- 
vailed through the time, lithofacies give evidence 
of land sources, depths, and other geographic fac- 
tors. The difficulties of determining precise planes 
of synrhroneitv are such that lithofacies maps are 
the most commonly used expressions of sediment 
distributions. See Facies (geology ). 

Tectonic interpretation. A succession of paleo- 
geographic maps showing changes in distribu- 
tions of the many aspects derived from the study 
and interpretation of the rocks provides a basis for 
tectonic interpretations. Seas can spread or re- 
treat because of rise or fall of sea level, that is as 
an effect of eustatic movements. A spread over 
great areas may involve rise of only a few scores 
of feet but entail a tremendous volume of marine 
water. Such changes have been attributed to the 
addition of water through melting of waning gla- 
ciers; some of them may, however, be due to struc- 
tural changes in ocean basins. On the other hand, 
the sea can spread because the crust of the earth 
subsides along the coasts of lands or retreat be- 
cause the lands rise; such changes in relative ele- 
vation of the land through warping movements are 
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called epeirogenic. Eustatic movements cause uni- 
versal advances and retreats, but epeirogenic move- 
ments can be provincial or local. The distribution 
of sea and land depends on the balance between 
these two sorts of movements. These are the most 
general concern of paleogeography. See Sea level 
fluctuations; Warping, earth crust. 

Knowledge of the geography of the past has not 
accumulated to a degree that there are world at- 
lases of paleogeography; in fact, there are very 
few maps showing world paleogeography, and 
these are rather simple and crude. Series of maps 
have been prepared for such limited areas as the 
British Isles, in some detail for single systems in 
the United States, and in more general form for 
the paleogeography of North America. Paleogeog- 
raphy represents an end toward which the strati- 
graphic geologist directs his investigations. 

r m ,k.] 

Paleogeology 

The geology of the past, but a term applied partic- 
ularly to the interpretation of the rocks at a surface 
of unconformity, that is. an old erosion surface con- 
cealed by the deposition of overlying sedimentary 
rocks. A paleogeologic map showing the distribu- 
tion pattern of rocks beneath an unconformity can 
be interpreted like a geologic map of the present 
surface, permitting recognition of such structural 
features as anticlines and synclines having older 
and younger rocks on their axes. Such maps suggest 
the possible sites of petroleum reservoirs beneath 
concealing sediments, and indicate likely channels 
of fluid migration. See Unconformity. [ m.k, ] 

Paleontology 

The branch of science dealing with the animal life 
of the geologic past. Its counterpart, paleobotany, 
is concerned with ancient plant life. Both are based 
upon the study of fossils. Paleontology is variously 
divided according to the materials and the objec- 
tives of study. Thus, micropaleontology has to do 
with fossil organisms too small to study with the 
unaided eye, and macropaleontology is concerned 
with the larger fossils. The distinction is useful 
since different techniques of preparation and study 
are involved, and specialists tend to concentrate in 
one field or the other. For similar reasons a dis- 
tinction is commonly made between invertebrate 
and vertebrate paleontology. A different subdivision 
is based upon the objectives of study; biologic pa- 
leontology is concerned with the morphology, sys- 
tematics, and life habits of the ancient organisms; 
stratigraphic paleontology is concerned with the 
use of fossils in dating and correlating the strati- 
fied rocks. In a broad sense paleontology is con- 
cerned with the evolution and geologic history of 
life on earth. See Fossil; Geology; Micropale- 
ontology; Paleobotany; Stratigraphy. 

Paleontology and evolution. Fossils provide a 
record of life as it existed from age to age and the 
documentary evidence for evolution. The discovery 
of a series of fossil horses in the Genozoic forma- 
tions of western North America showing progres- 


sive change from a three-toed to a one-toed condi- 
tion was one of the first convincing lines of evidence 
that life has evolved. Since then, other sequences 
of fossil organisms have been discovered. These 
also indicate progressive change with time. Some 
of these show small-scale changes from one genus 
to another, some link one family to another, and yet 
others provide connecting links between larger taxa. 
For example, the first bird, Archeopteryx % which had 
a long tail and clawed wings, is an almost ideal link 
between primitive reptiles and birds. The thcrin- 
dont reptiles of Permian and Triassic time likewise 
show many gradual changes in the structure of 
skull, teeth, and limbs leading to the mammals, so 
that the exact st^ge at which mammals began is 
difficult to decide. ■ 

Because deposition of sediments with their en- 
tombed fossils is commonly discontinuous at an> 
given locality, the evolution is incomplete!) re- 
corded, and fossil species commonly appear dis- 
tinct and well defined; hut in places where the rec- 
ord is more complete, it is difficult to draw specific 
boundaries. In the Jurassic shales about Peters- 
horn, England, for example, Brinckmann collected 
abundant ammonites from 1300 thin zones and, b\ 
applying biostatislics. proved a finely graded series 
that linked five previously described species of the 
genus Zugocosrn ore r us and five ot th^genus Cosnw- 
ceras into completely intergrading sequences in 
which specific limits disappeared. See Evoi.liiuv 

ORGANIC. 

Paleontology and paleogeography. The disiri- 
bution of fossils, together with the lithologic cliat- 
acter of deposits, provides the basis for determin- 
ing the past distribution of lands and seas. Fossil 
marine organisms record the spread of inland sea* 
that have now vanished, even in regions that have 
since been uplifted into mountains. Identical or 
closely similar fossil faunas in land masses now 
separated by seas also record land bridges that 
have since disappeared. The large mammals of the 
East Indies, for example, obviously came from the 
mainland of Asia when the Sunda Shelf was emer- 
gent. The sudden arrival of the mastodons in North 
America in Miocene time likewise indicates a land 
bridge across the Bering Strait. On the contrary, 
the quite independent evolution of the South and 
North American mammals during most of Cenozoic 
time proves that these continents were then iso- 
lated; and the great migration of several ordei* 
of South American mammals into North America, 
and vice versa, about the end of Pliocene time 
clearly dates the origin of the Isthmus of Panama 
See Paleogeography. 

Paleontology and paleoecology. Fossils also 
throw much light on the environment under which 
the sedimentary rocks of past ages accumulated. 
Miocene and Pliocene floras in Nevada are closely 
similar to, and in part identical with, those now 
growing in the low, humid Gulf Coastal Plain. It J " 
therefore evident that at that time the region was 
lower and more humid than now. Assemblages 
fossils in ancient marine formations may likewise 
show whether th$ sea floor was firm or soft, clear 
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or muddy, and whether the bottom water was well 
acraLed or stagnant and foul. They may also indi- 
cate whether the water was warm or cold. Indeed, 
paleoteinperatiire study based on the 0 li y0 1 *‘ 
ratios in fossil shells may record the absolute tem- 
perature at the time of deposition. See Geologic 
THF.KMOMETRY ; PaLKOECOLOGY. 

Cryptozoic history of life- For all practical 
purposes, the recorded history of life began at the 
huse of the Cambrian System in rocks deposited 
approximately 500.000,000 years ago. Before this 
was the Cryptozoic Eon with rocks ranging up to 
nearly 3,000,000,000 years old, in which animal 
fossils are virtually lacking and plants are limited 
to rare and extremely primitive types. In the Gun- 
flint chert of the Huronian System north of Lake 
Superior microscopic filaments of blue-green algae 
and fungi have been found. The enclosing rocks are 
dated by radioactive isotopes as being about 1,500.- 
000,000 years old. Limy deposits, even reefs, formed 
by microscopic algae, are more widespread in b«,rh 
the Huronian and Beltian rocks, but no higher 
types of plants are known. 

The only certain evidence of animal life in the 
Ctyptozoic Eon consists of trails and burrows of 
wormlike creatures in the Siyeh shale of the Beltian 
System, known to be 1,000,000,000 years old. Two 
considerations indicate that animal life was prob- 
ably abundant in the seas and even highly diversi- 
fied for perhaps 1,000,000,000 years before the Cam- 
brian: (1) the great diversity of the earliest' Cam- 
brian faunas implies a long antecedent evolution, 
and (2) a vast amount of carbon embedded in the 
Precambrian se dim entary rocks is distributed in 
the same manner as it is in later formations where 
j* is known to be the residue of organic matter bur- 
ied with the sediments. 

Insight as to the probable nature of this early 
life may be drawn from the unioue fauna of the 


Burgess shale of Middle Cambrian age near Field, 
British Columbia. In this black, slaty shale an ar- 
ray of soft-bodied animals is preserved in the form 
of delicate films of carbon on the bedding planes. 
Many of these show the outline of the bodies with 
delicate appendages, and some even show the vis- 
cera. In this fauna of 70 genera and 130 species, 
the great majority of the species were soft-bodied 
and could nol have been preserved in any other 
form. The fauna includes sponges, jellyfish, prob- 
able holothurians, an onychophoran, and a great 
variety of primitive arthropods. Although some of 
these range up to several inches in length, not one 
of the soft-bodied forms has ever been found else- 
where; only the exceptional local conditions per- 
mitted them to he preserved. However, the abun- 
dance and variety of animals in this locality make 
it appear certain that such animals were abundant 
in the mid-Cambrian seas. It is altogether proba- 
Lie that a comparable diversity of soft-bodied crea- 
tures existed in the Precambrian seas but was not 
preserved. It was not until animals had developed 
armor in the form of chitinous tests or shells that 
they began to leave a significant fossil record. 
The lack of armor in previous ages cannot be at- 
tributed to lack of sufficient lime in the Precam- 
brian seas, as Daly supposed, since the predomi- 
nance of chitinous and phosphatic shells in the 
Lower Cambrian formations proves that calcium 
carbonate was not required. It appears probable 
that the development of firm protective armor fol- 
lowed rapidly upon the evolution of predatory hab- 
its and that this occurred about the beginning of 
Cambrian time. 

History of Phanorozoic invertebrates. The 

Phanerozoic Eon includes the time since the begin- 
ning of the Cambrian Period- The accompanying 
figure shows in a very simplified form the history 
of invertebrate animal life as known from the fos- 
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sil record. It may be noted that most modern 
phyla that bear tests or shells were present in 
Cambrian time, that all others had appeared by the 
middle of the Ordovician Period, and that they were 
already clearly differentiated when the fossil rec- 
ord begins. On the other hand, a number of the 
classes and orders did not appear until Ordovician 
time and some much later. It is notable also that a 
great and progressive evolution continued until the 
end of the Paleozoic Era, when several groups that 
had been dominant became extinct and other 
groups subsequently expanded to take their place. 
Thus the faunal break at the end of the Paleozoic 
Era is greater than any other in the geologic rec- 
ord. A second major break occurred at the end of 
the Mesozoic Era t when the ammonites and belem- 
nites disappeared and most of the reptiles that had 
dominated the lands during the era died out. 

[r-°.D.] 

Bibliography : E. H. Colbert, Evolution of the 
Vertebrates , 1955; C. O. Dunbar, Historical Geol- 
ogy , 2d ed., 1960; R. C. Moore, Introduction to His- 
torical Geology , 2d ed., 1958; R. C. Moore, C. G. 
Lalicker, and A. G. Fischer, Invertebrate Fossils , 
1952; A. S. Romer, Vertebrate Paleontology , 2d ed., 
1945; R. R. Shrock and W. H. Twenhofel, Princi- 
ples of Invertebrate Paleontology , 2d ed., 1953; 
R. A. Stirton, Time , Life , and Man , 1959; H. H. 
Swinnerton, Outlines of Palaeontology , 3d ed., 
1947. 

Paleosol 

A soil that formed on a landscape of the geologic 
past, that is, an ancient soil. There are three kinds 
of paleosols: relict, buried, and exhumed. 

Relict soils formed on preexisting landscapes but 
subsequently were not buried under younger sedi- 
ments. For example, the Western Australia soils 
containing laterite generally are considered to be 
paleosols formed on landscapes during the Tertiary 
period. Subsequent dissection of the region has 
caused the relict laterite landscapes to stand above 
younger land surfaces on which other kinds of 
soils have formed (Fig. 1) . See Soil. 

Buried soils are soils formed on preexisting land- 
scapes and subsequently buried by younger sedi- 
ment or rock. These soils crop out in excavations, 
either natural, such as stream banks, or man-made, 



Fig. 1. Diagrammatic landscape profiles illustrating 
relict/ buried, and exhumed paleosols. 



Fig. 2. Buried soil in the Las Cruces area, New 
Mexico. Horizons of buried soil (Ab, Bb, Cb) are 
readily discernible. The paleosol is buried by younger 
alluvial-fan gravel (Cca). Scale in feet. 


such as road cuts. Buried soils are common in mam 
regions. For example, they occur beneath acolian 
sediments (loess) and glacial deposits (till) in tin* 
midcontinent region of North America, beneath 
lithified dunes in Bermuda, beneath alluvial-fan 
gravel in the deserts of southwestern United Slater 
(IjKg. 2), and between basaltic lava flows in Hawaii. 

Exhumed paleosols are soils that were buried hut 
have been reexposed on the present land surface bv 
erosion of the covering mantle. These soils occupy 
appreciable parts of the present land surface and 
are juxtaposed geographically to other soils mon 4 
in harmony with the present environment. 

Most paleosols are similar in their morphologies 
and properties to soils on the present land surface 
hut are not necessarily analogs of the soils of the 
same area or region. Analyses of paleosols and com- 
parison with present surface soils and their environ- 
ments aid in reconstructing possible environments 
of landscapes of the geologic past. ! R.v.R.1 

Paleozoic 

One of the major divisions of earth history, with 
time span of approximately 335,000,000 years ac- 
cording to radioactive age measurements. The Pale- 
ozoic Era (signifying ancient life era) comprises 
the earlier two-thirds of the so-called Phanerozoic 
Eon (evident life), which is characterized by rela- 
tively abundant records of the plant and animal life 
of the earth’s past preserved as fossils in successive 
layers of sedimentary rocks. The deposits of Pale - 
ozoic age contrast very strongly with older rocks, 
collectively termed Cryptozoic (nonevident life}* 
not only in richness of organic content but in their 
prevailing lack of metamorphic alteration and gen- 
erally much more simple structure. Paleozoic for- 
mations are well represented by wide distribution 
and great aggregate thickness on all of the con- 
tinents, but classification of their main divisions. 
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designated as systems, is based on early geologic 
studies in Europe. See Stratigraphic nomencla- 
ture. 

Throughout most of the world, the Paleozoic Era 
is considered to embrace six geologic periods that 
correspond to and are designated by the names of 
geologic systems. In order from oldest to youngest, 
with estimate of their respective duration in mil- 
lions of years given in parentheses, these are Cam- 
brian (80), Ordovician (80), Silurian (40), Devo- 
nian (55), Carboniferous (55), and Permian (25). 
Kach of these is treated by a separate article. .See 
Geology. Tr.c.m.] 

Palladium 

A chemical element, Pd, atomic number 46, and 
atomic weight 106.4. Palladium is a white and 
vciy ductile metal which resembles platinum and 
follows it in importance and abundance. 



Uses. The most important use of pure palladium 
is in low-current electrical contacts, especially in 
telephone equipment. Palladium supported on car- 
bon or alumina is used as a catalyst for hydrogena- 
tion and dehydrogenation in liquid- and gas-phase 
reactions. Palladium on alumina is effective for 
removing traces of oxygen from hydrogen. The 
palladium catalyzes the reaction of hydrogen with 
oxygen to form water, which can he readily re- 
moved by standard gas-drying techniques. 

Palladium alloyed with 4.5% ruthenium has the 
proper hardness for jewelry. Palladium is unique 
in the number of metals with which it can be al- 
loyed, and generally produces ductile solid solu- 
tions. When alloyed with other precious metals and 
base metals, it is used for dental purposes, electri- 
cal contacts, and special resistance wires. Alloys 
of palladium, silver, and copper, with and without 


added manganese, are used as strong brazing al- 
loys useful at quite high temperatures. See Alloy ; 
Alloy structures. 

Metallurgical extraction. In one type of refining, 
a filtrate containing palladium (II) chloride is 
formed. This is treated with ammonium hydroxide 
and heated to form a solution of tetrammine pal- 
ladium chloride. Dichlorodiarnmine palladium is 
then precipitated with hydrochloric acid. This is 
quite soluble in cold dilute ammonia. Palladium 
may also be extracted by virtue of its ability to 
form insoluble cyanide, iodide, and dimethylgly- 
oxime derivatives. The separation of palladium, 
platinum, and rhodium from the other platinum 
metals may he made by fusing with lead. Ruthe- 
nium, osmium, and iridium are insoluble in lead 
except at very high temperatures, whereas the other 
platinum metals as well as gold and silver dissolve. 

Physical and chemical properties. Palladium is 
a soft, very ductile metal and may be worked down 
told to thin foil and fine wire. Because of its soft- 
ness, it is often alloyed with other' precious or base 
metals to increase its hardness and tensile strength. 


Properties of palladium 


Atomic weight 
Crystul structure 

Density (ill 20°C) 

Melting point 

Linear thermal expansion co- 
efficient (per °C at 20°G) 
Specific heat (at 0°C) 

Thermal com! m i.avit y (at 20°C) 
Electrical resistivity (at 20°C) 
Temperature coefficient of 
electrical resistivity (per 
°C, 0 100°C) 

Modulus of elasticity 
Tensile strength — hard 
Tensile strength — annealed 


106.7 

face-centered cubic 
a - 3.89 A at 20°C 
12.00 g/cm* 
1552°C 


12.4 X 10 6 
0.0584 cal/°C 
0.168 cal/ (cm*) (°C) (sec) 
10.8 pohm-cm 


0.0038 
16 X 10 e psi 

55.000 psi 

25.000 psi 


A thin oxide surface film is formed on palladium 
when it is heated in air to 360"800°C, but this de- 
composes at higher temperatures to leave the metal 
bright. Hydrogen is readily absorbed by palladium 
and will diffuse through heated palladium at a rela- 
tively rapid rate. This property is used in hydrogen 
purifiers which pass hydrogen but no other gas. 

Palladium in ordinary atmospheres is resistant 
to tarnish but will tarnish slightly in outdoor ex- 
posures in sulfur-contaminated atmospheres. At 
room temperature, palladium is resistant to hydro- 
fluoric, phosphoric, perchloric, and acetic acids.- 
Hydrochloric and sulfuric acids attack palladium 
slightly; the metal is readily attacked by nitric 
acid, ferric chloride, and by moist chlorine, bro- 
mine, and iodine. 

Palladium compounds. Palladium has two prin- 
cipal oxidation states, 24* and 4+, the more com- 
mon being 2+. Palladium chlorides and related 
compounds are the most important. These include 
PdCl 2 . tetrachloropalladates (NasPdGU) and te- 
trammine palladium chloride. Palladium chloride is 
used in electrodeposition, and it and related chlo- 
rides are used. in refining cycles and as sources of 
pure palladium sponge in thermal decomposition 
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processes. Palladium nitrate and nitrite compounds 
are also useful for much the same purposes. 

Palladium monoxide, PdO, and dihydroxide, 
Pd (OH) 2 , are used as sources of palladium cata- 
lysts. For a discussion of the natural occurrence of 
palladium, see Platinum. [h.j.a.] 

Palm 

Shrubs, trees, or vines of the family Palmae. The 
stems are generally unbranched and, in structure, 
more nearly comparable to cornstalks than to true 
trees. There are at least 1500 species, perhaps many 
more. A few are temperate zone plants, but most 
are tropical species. Various palms are much used 



Common coconut palm (Cocos nucifera). (a) Plant, 
(b) Coconut fruit entire, (c) Longitudinal section of 
fruit when ripe, (d) Longitudinal section to show grow- 
ing seedling with spongy foot filling cavity, (e) Spathe 
enclosing flower clusters, if) Single cluster showing 
staminate flowers above and pistillate flower below. 
(From O. Degener, Ferns and Flowering Plants of 
Hawaii National Park, 1930 ) 


as ornamentals. For the inhabitants of tropical 
regions, the palms rank with the grasses in eco- 
nomic importance, providing food, shelter, cloth- 
ing, and numerous other necessities. Economically, 
the coconut palm. Cocos nucifera , holds first place, 
and the date palm, Phoenix dactylifera , is second 
in importance. It is estimated that there are more 
than 1000 uses of palms and their products. See 
Monocotyledoneae; Palm ales. [ p.d.s.] 

Palmales 

An order of the plant subclass Monocotyledoneae 
with a single family Palmae including 200 genera 



Common date palm ( Phoenix dactylifera). ( From E. Le 
Mao ut and J. Decaisne , Traite General de Botaniquc 
Descriptive et Analytique, Librairie de Firmin-Didot et 
C/e) 


and probably more than 1500 specif. The Laxnnomv 
of the group is exceedingly difficult and not uhii- 
pletely known. All are woody plants shrubs, vine*, 
or trees. Leaves are large, usuully in a lennimi) 
crpwn, simple, and palmately or pinnatelv com- 
pound. Distribution is mainly in the tropics, and. 
for the people in this region, the palms are second 
only to the grasses in economic importance. Thev 
are a source of starch or sugar and yield valuable 
fruits (coconuts and dates). They supply material 
used in construction, textile fibers, and thatch fot 
roofing. The leaves are made into mats, baskets, and 
hats. Waxes (carnauba wax) and oils arc obtained 
from some of the palms. See Carnauba; Coconi i : 
Date; Palm; Vegetable ivory; see also Em- 
bryophyta; Monocotyledoneae; Plant kim;- 

DOM. [P.l)>. I 


Palmitate 

A salt (soap ) or ester of palmitic acid 

0 

CuHmC— O-H 

in which the acidic hydrogen has been replaced bv 
a metal or an organic radical. Palmitates occur in 
nature, chiefly as the glyceryl esters, found in sub- 
stantial amounts in animal and vegetable fats. The 
esters of long-chain alcohols are known as waxes?. 
Simple esters have limited uses. Alkali metal 
palmitates are soluble in water, and with the simi- 
lar stearates and oleates, are the major component* 
of toilet and laundry soaps. Other metal soaps are 
used in lubrication greases, pharmaceuticals, and 
cosmetics, and as waterproofing agents and fungt' 
cides. See Carboxylic acid; Ester; Fat and oil* 
nonedible; Soap and detergent. [e.h.h.J 



palpigradi 

An order of rare arachnids comprising 21 known 
species from tropical and warm temperate regions. 
American species occur in Texas and California. 
All are minute, whitish, eyeless animals, varying 
from 0.68 to 2.8 mm in length, that live under 
stones, in caves, and in other moist, dark places. 
The elongate body terminates in a slender, multi- 
segmented flagellum set with setae. In a curious 
reversal of function, the pedipalps. the second pair 
of head appendages, serve as walking legs. The 
first pair of true legs, longer than the others and 
set with sensory setae, has been converted to tac- 
tile appendages which are vibrated constantly to 
test the substratum. See Arachnida. |w.j.gii.| 

Palynology 

The study of spores and pollen. The discussion here 
is primarily confined to the occurrence and study of 
fossil spores and pollen, a branch of micropaleon- 
tologv. This study began in the early years of this 
century, but the extensive use of spore and pollen 
analyses in stratigraphic studies did not begin un- 
til about 1930. Since then spores and pollen grains 
have become as important fossil indicators as the 
Foraminifera and ostracods. Sec Michocalkon- 
toi.ogy. 

Morphology. Spores, except those of fungi, arc 
one-eel led reproductive bodies lhat give rise to the 
gametophyte generation of plants. Pollen grains 
are microgarnetophytes, consisting of two to several 
cells, all of which are contained within the walls of 
the microspores from which they developed. Spores 
m the fossil record are from the nonllowering mem- 
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hers of the plant kingdom, whereas pollen grain 
production is confined to the gymnosperme and 
angiosperms. The general features which distin- 
guish spores from pollen are the mechanisms by 
which each germinates. Spores, except those of 
fungi, usually possess either single (inonolete) or 
Y-shaped (trilete) sutures. Some spores are with- 
out any germinal openings (alete), and some of the 
fungal spores possess a simple pore. Pollen grains 
may have one or many germinal furrows (colpate 
grains). The furrows are simple, or they may con- 
tain p pore in the median longitudinal position 
(colporate grains). Other pollen grains may have 
one or many pores (porate grains). The number 
and distribution of the colpi and pori constitute 
the basis for most classifications used in distin- 
guishing fossil pollen. Other characters utilized in 
the description and classification of both spores 
and pollen are shape, size, ornamentation, and spe- 
cial morphological features such as air bladders 
and elaters. 

Fossil record. The paleontologic'record of spores 
begins in the Cambrian rocks, but fossil spores are 
not abundant until Devonian time. Pollen fossils 
of primitive gymnosperms are present in the De- 
vonian rocks, but are not abundant until Missis- 
sippiun time. Pollen grains of angiosperms are 
abundant in Lower Cretaceous rocks, and there is 
evidence that they were present in the Jurassic pe- 
riod. The accompanying diagram shows the geo- 
logic range of spore and pollen types. 

The chemhMl nature of the spore and pollen 
walls makes them resistant to decay and conse- 
quently they are preserved in most sedimentary en- 
vironments and rocks. Other factors which add to 
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the importance of spores and pollen in paleonto- 
logical studies are that (1) they are minute and are 
produced in exceedingly large numbers; (2) they 
are spread widely by wind and water; (3) they 
possess structures which make them identifiable 
into groups and species; (4) they are specifically 
restricted within short geological time divisions; 

(5) they are useful indicators of paleoecology ; 

(6) they occur in continental as well as in marine 
deposits and thus make possible the correlation of 
continental and marine sediments; (7) they are in- 
dicators of paleogcographic conditions; and (8) 
they can he treated statistically to reveal the de- 
gree of correlation. 

Fossil spores and pollen occur in many types of 
rock. They are most abundant in organic sediments 
such as peat and coal. They are absent or rare only 
in the coarse clastic sediments, in some of the 
chemically precipitated rocks, and in rocks or soils 
that have been oxidized before or after lithifiea- 
tion. 

Recovery and identification. Palynological work 
requires special techniques of sampling, process- 
ing, and study. The nature of the investigation de- 
termines the sampling method. Channel samples 
are usually collected from outcrops and well cores. 
Rock ehips or cuttings from wells may he used but 
the finul interpretations should take into account 
the inclusion of contaminating fossils from higher 
levels. The usual procedure is to work from the top 
of the well toward the bottom and to record the 
first occurrences of index fossils. For peat and soil 
studies special boring devices are employed in the 
recovery of samples. See Indkx fosmi.. 

The methods used in processing are determined 
by the sample's lithologv. Sinre most spores and 
pollen are resistant to the action of acid, these 
chemicals are used to release the fossils from their 
matrices. Calcareous sediments are removed by the 
use of hydrochloric acid and siliceous sediments by 
hydrofluoric acid. Carbonaceous rocks are given ad- 
ditional treatment with saturated potassium chlo- 
rate solution combined with concentrated nitric 
acid. Potassium bichromate dissolved in sulfuric 
acid also may be used to process carbonaceous 
rocks. After digestion or maceration of the rock has 
been completed, the residues are washed with 
water and treated with a basic solution, ammonium 
or potassium hydroxide. Fossil-bearing rocks differ 
greatly in lithology and each must be treated as a 
special problem. While being processed, the sam- 
ples may he subjected to ultrasonic treatment to 
aid in releasing fine particles of mineral matter 
adhering to the fossils and for the destruction of 
aggregates and gels. 

When the fossils have been concentrated, they 
may he stored indefinitely in alcohol or other pre- 
servatives Microscope slides are made by placing a 
drop of the fossil concentrate in warm glycerin 
jelly that has been spread on a coverslip. The fos- 
sils are then gently mixed with the glycerin jelly 
until spread uniformly. A margin of glass should he 
left completely around the coverslip. These mounts 
are dehydrated in an oven and mounted, prepara- 


tion down, on a microslide using Canada balsam or 
other permanent seal. 

The compound microscope used to study fossil 
spores and pollen should have, in addition to the 
usual optics, an oil immersion objective and phasr 
equipment. A mechanical stage is also necessary. 
In the study of microfossils it is expedient to photo- 
graph the specimens for comparison and record. 
Cameras using 35-mm film are satisfactory for that 
purpose. 

The identification of near-Rerent fossils is ac- 
complished by comparison with prepared modern 
spores and pollen. These fossils occurring in Ter- 
tiary and older rocks are identified from the de- 
scriptive literature and typical specimens in col- 
lections. There are several existing philosophies of 
spore and pollen classification and nomenclature. 
These are based upon the structure and number of 
germinal apertures, ornamentation, and shape oi 
the fossils. Owing to the youthful age of the sci- 
ence, universal agreement in these matters has not 
been attained. 

Measurement and correlation. The analyst of a 
microfossil assemblage must determine the nunihei 
of species present in a deposit and their relatiw 1 
abundance. This is done by studying a sample untii 
only an occasional new form is observed. That num- 
ber varies with the preservation oT the fossils and 
richness of the fossil flora. Fossil assemblages con 
taining fewer than 25 species usuallv necessitate a 
count of 200 to 500 fossils tier sample for correla- 
tion. Assemblages with more than 25 species often 
require the counting of over a thousand fossil*, for a 
satisfactory analysis. Several methods of graphic 
representation are used to illustrate the florist ic 
content, succession, and correlation of the samples. 
These consist of species charts, bar and line graphs, 
and are referred to in literature as the spectra of 
spore and pollen profiles. 

An examination of the graphs and charts result- 
ing from the microscopic study reveals information 
relative to the deposits’ age, paleoecoJogv, and 
paleogeography. Age determination is based upon 
a knowledge of stratigraphic ranges of the groups, 
genera, and species. Closest age determination is 
accomplished at the species and species-assemblage 
levels. The paleoecology of a fossil assemblage i* 5 
related to the ancient geographic, climatic, and 
primary and secondary floral successional controls. 
These factors are often recognizable in Cenozoic 
and upper Mesozoic deposits by comparison of the 
fossil assemblages with similar Recent assemblages. 
The method requires a detailed study of numerous 
samples through vertical sections to determine the 
related occurrence and abundance of the fossils- 
When several adjacent sections are compared, the 
ecological relations become useful stratigraphic 
criteria. 

Paleoclimatic conditions are roughly determined 
by recognition of typical subtropical, tempera 16, 
or polar floras especially if the spores and pollen 
grains are associated with marine sediments. As* 
semblages that are known to represent continent® 
deposits may alfco reflect the topographic relations 



Poncarido 


5 27 


and indicate coastal, upland, or mountainous ter- 
rain. Mixtures of several spore and pollen floras are 
observable in modern estuary deposits and the com- 
parable occurrences in older deposits may be ex- 
plained by similar river transport. 

Petroleum exploration. In the modern search for 
petroleum, palynology has become an important 
fool. By it, many age and facies correlation prob- 
lems are being resolved. The search for source and 
reservoir rocks must utilize pal eoeco logical and 
nalcogeographical information secured from many 
MUirces. among which spore and pollen studies 
are important. In many rock sections larger fossils 
arc scarce or absent. In others the larger fossils are 
broken by the drilling tools and consequently are of 
little correlation value. Spores and pollen are fre- 
quently abundant in these rocks and because thev 
are rarely more than ISO /i in diameter, they arc 
not injured by drilling activity. The source bed* 
of most petroleum deposits arc associated with 
“hallow marine and brackish wfitcr sediments. In 
these sediments spores and pollen occur abun- 
dantly in association with microscopic marine fos- 
“il“. They decrease in number and species with 
distance from shore. When drilling operations are 
roiifined to the exploration of a certain stratum 
that is presumed to be a source bed, samples arc 
if'rnwred from it at several locations and analyzed 
for both marine and continental microfossils. The 
results of the analyses are plotted on a map to show 
the ratio between continental and marine facies. 
The larger continental ratios should occur on the 
"ide toward the ancient shoreline, and in the direc- 
tion of a possible stratigraphic w<<1ge-out, where 
petroleum may he accumulated. 

Stratigraphic correlation. Stratigraphic correla- 
tions by spores and pollen over distances in excess 
of several hundred miles impose problems also in- 
herent with other fossils. These are (1) that en- 
vironments suitable for preserving fossils often are 
not continuous, (2) that the floral assemblages may 
have geographic controls, (3) that floras arc sensi- 
tive to climatic changes and their composition 
was often in a state of flux, and (4) that there mnv 
he persistence of florist ic assemblages in relict com- 
munities. Regardless of these difficulties, it is pos- 
sible to recognize assemblages of each geological 
period wherever they occur. The recognition of 
strata deposited in shorter periods of geological 
time requires intensive study of intermediate lo- 
calities. Some of the problems of distant correla- 
tion are illustrated in the peat and silts of post- 
glacial time. At present there arc belts of* forest 
t>pes spread latitudinally across the United States 
from the East Coast to the Great Plains. During the 
glacial advances these forests retreated southward 
and returned northward with the melting of the ice. 
The sequence of forest succession followed roughly 
the following order: spruce forest, pine forest, and 
mixed hardwood forests. Each glacial advance cov- 
ered different areas from the preceding; conse- 
quently, the forest migrations were not similar. 
Some forest types remained longer in certain areas 
than in others and the length of postglacial time is 


variable in different areas. Fluctuations in the pol- 
len spectra of deposits outside of the glacial area, 
and on the several Wisconsin drifts, may indicate 
glacial advances and retreats. In order to correlate 
postglacial deposits of various ages, it is necessary 
to compare the total pollen succession and to take 
into account the geography of the deposits. Nor- 
mally the topmost pollen assemblages of Recent 
deposits will he correlative in time though they con- 
sist. for example, of spruce and pine in northern 
Ontario, and oak and hickory in southern Ohio. The 
bottommost pollen assemblages in these areas are 
not correlative in time even though they are similar, 
consisting of spruce and pine. Both bottom and top 
assemblages represent stages in floral succession in 
which age and climate are factors. Identification of 
specific interglacial deposits by pollen spectra is 
not conclusive at present. 'Flic same palynologicul 
problems exist for the several interglaeial intervals 
a* in postglacial studies, and since no extinct spe- 
cies of spores or pollen is recognized in the Pleisto- 
cene. the differentiation of the interglacial deposits 
must he based on assemblages. See Postglacial 
VEGETATION AM) CLIMATE; See also PaLLOC.UMA- 

tulogy: Palkogeoghaphy ; Plant geography. 

[l.r.w.] 
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Pancarida 

A superorder of the subclass Malacostraca. It is 
comprised of crustaceans of small size, measuring 
1-3 or 1 mm, which carry their eggs and embryos 
in a brood pouch, or marsupium. that is dorsally 
located and formed hv the carapace. The maxilli- 
peds usually have two endites, either an exopodite 
or an endopodite, occasionally both, and an epipo- 
dite which is respiratory in function. Nephridia are 
lacking. Embryos hatch at a stage which lacks the 
seventh and eighth thoracopods. 



Fig. 1. Thormosboena mirabilis Monod. (a) Female. 
U>) Male. (After A. Bronn) 
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The group includes a unique order, Thermos- 
baenacea Monod, 1927, with two families, Ther- 
mosbaenidae and Monodellidae Taramelli 1954. In 
the first, there is one genus and one species, Ther * 
mosbaena mirabilis Monod, 1924; the second also 
contains one genus, Monodella Ruffo, 1949, but 
three species, M. stygicola Ruffo, 1949, M. argen - 
tarii Stella, 1951, and M. halophila Karaman, 
1953. 
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Fig. 2. Thermosbaena mirabilis Monod. (a) Male. 
(b) Female. (After R. Slewing ) 


Ecology. The habitat of the various species is re- 
markable. T. mirabilis has been collected from the 
Roman hath, El Hamina, near Gabes, Tunisia. The 
temperature of the water is 45 48 °C. M. stygicola 
is known from a small, brackish, subterranean lake 
near Castromarina, Terra d’Otranto, Italy; M. ar - 
gentarii from a small subterranean lake of Monte 
Argentaria in the Tyrrhenian mountain range 
north of Rome; and M . halophila from a subterra- 
nean pool at Gruz (Dubrovnik), Yugoslavia, and a 
small subterranean lake neafir Cavtat, Yugoslavia. 
All these localities are found in the proximity of 
the sea, in the transitional zone between the marine 
and fresh-water environments. 

Morphology. The body is cylindrical, eruciform, 
and lacks an external division between the thorax 
and pleon. Eyes are absent and the cephalon is 
united with the first thoracomere; the carapace 
covers the first to third thoracomeres. The telson is 
united to the last pleonite in Thermosbaena and is 
not united in Monodella. The antennule is bira- 



Fig. 3. Monodella halophila Karaman, male. (After 
S. Karaman) 


mous and the antenna has an exopodite. There are 
5 pairs of biramous pereiopods on (Jjoracomrres 2 6 
while thoracomeres 7 and 8 are without append- 
ages in T her mosbaena. Seven pairs occur in Mono 
della on thoracomeres 2-8. The pereiopods lack 
empodites. Two pairs of pleonodes occur on the 
pleomcres 1 and II, the first pair being jointed. Tin 
biramous uropods have a one-jointed endopoditc 
while the exopodite is two-jointed. The heart is 
anterior, compact, sacciform, and has two ost idles 
Oostegites are lacking. 



Fig. 4. Hypothetical scheme of the evolution of the 
pereiopods from an ancestral type, (a) Ancestral p* r * 
eiopod. (b) First pereiopod of T. mirabilis. (c) Pereiopod 
2*5 of 7. mirabilis. (After R. Slewing) 

The Thermosbaenacea have been linked to l ^ e 
Peracarida by T. Monod, to the Syncarida by 
G. O. Sars, and held to be more or less intermediate 
between these two groups by Stella and Tara 
melli. In 1958 R. Slewing established,' through de- 
tailed anatomipal studies, that the group inust 
comprise an gutonomous division, the Pancand*» 























arising from the base of the branch corresponding 
to the Peracarida, a short distance from the bifur- 
cation leading to the Eucarida. See Malacostkaca. 

[t.mo.] 

pancreas 

A composite gland in most vertebrates, containing 
both exocrine cells, which produce and secrete en- 
zymes involved in digestion, and endocrine cells, 
arranged in separate islets which elaborate at least 
two distinct hormones, insulin and glucagon, both 
nf which play a role in the regulation of metabo- 
lism, and particularly of carbohydrate metabolism. 
See Carbohydrate metabolism. 

EMBRYOLOGY 

Ontogenetically, the organ is of entodermal ori- 
gin. It arises initially from a series of outpocket- 
ings of the embryonic digestive tract, which even- 
tually fuse, to various extents in various species, to 
form a single organ. The adult gland in mammals 
results from the fusion of two such evaginations, 
one dorsal, opposite the hepatic diverticulum, and 
one ventrolateral, at the base of the biliary duct. 
In forms such as reptiles, anuran amphibians, and 
buds, two bilateral ventral evaginations are formed 
in addition to the single dorsal primordium. The 
elasmobranch pancreas is derived solely from a 
dorsal evagination. the ventral components never 
arising. 

The primordia. The pancreatic diverticula make 
rheir appearance early in development, the dorsal 
element preceding that of the ventral component 
or components. In the chick, the pancreatic primor- 
dia appear between the third and fourth days of 
incubation, the dorsal primordia arising about the 
third day and the ventral on the fourth day. The 
dorsal component in the pig appears at the * mm 
*tage, followed by the formation of the ventral di- 
verticulum at the 5-irun stage. The pancreatic pri- 
niordia of amphibians appear between the 8- and 
l()-mm stages, depending on the species. 

Pancreatic ducts and tubules. The base of the 
^aginations eventually develop into the pancreatic 
ducts, Santorini’s duct from the dorsal rudiment. 
Wirsung’s duct from the ventral. Santorini’s duet, 
when it persists, opens directly into the duodenum, 
while the duct of Wirsung joins the common bile 
duct. Although both ducts may be retained through- 
out adult life in some species, such as the chick, 
horse, and dog, one or the other duct usually dis- 
appears, leaving a single pancreatic duct. Thus, 
Wirsung’s duct is the adult pancreatic duct in man, 
sheep, ganoid fish, teleost fish, and the frog, while 
the duct of Santorini serves the adult elasmobranch. 
Pig. and ox. 

The original pancreatic primordia proliferate 
into masses of undifferentiated cells which then 
grow into solid cords of cells. These cords even- 
tually are transformed into primitive pancreatic 
tubules. By a process of budding, the exocrine acini 
ar e formed from the primitive tubules. In addition, 
Masses of loosely connected cells, centroacinar 
ce lls, are derived from the primitive tubules* and 
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form an anastomosing network between the primary 
tubule and acinar system. 

Endocrine elements. The endocrine cells of the 
pancreas are grouped in aggregates or islets of 
varying size which have no connection to the duct 
system. These aggregates, the islets of Langerhans, 
are highly vascularized and distributed throughout 
the organ. The distribution of islets is not uniform, 
and it has been suggested that this unequal distri- 
bution is a reflection of the fact that most of the 
endocrine cells are derived from the dorsal pan- 
creas. This contention is best supported by the evi- 
dence presented from studies of certain urodele 
species in which fusion of the pancreatic divertic- 
ula occurs late and is restricted to the formation 
of a narrow isthmus of tissue between the pancre- 
atic lobes. The existence of a separate giant islet 
of endocrine cells in certain teleosts also suggests 
the predominant role of one diverticulum in the 
development of the endocrine component. 

Islet morphogenesis. The early endocrine ele- 
ments of the pancreas arise from the cells of the 
diverticulum itself and from the primitive tubules. 
These cells form the primary islets of the pancreas, 
sometimes referred to as the islets of I.aguesse. 
Considerable controversy has been waged over the 
eventual fate of the primary islets. The alternative 
views are (1) that the primary islets -degenerate 
and are replaced hv the definitive islet tissue, and 
(2) that the early islets persist into adult life. A 
second generation of islet cells occurs in the de- 
veloping pancreas, although many investigators do 
not make a sharp distinction between primary 
and secondary islets. These secondary islets are 
derived largely from centroacinar cells and from 
the cells of the developing duet system. It has also 
been suggested that differentiated acinar cells can. 
by a process of dedifferentiation, give rise to the 
secondary islets. This contention, however, has been 
hotly disputed. Transitional stages in the formation 
of these islets of endocrine cells from ductules have 
been described in the embryonic organ. In adult 
organs of certain primitive species, such as the 
Elasmohranehii, these transitional stages may per- 
sist throughout adult life. For example, in some 
species of elasinobranchs. the islet cells are ar- 
ranged in sheets next to the duct cells; in others, 
the islets may he connected to a ductule by a solid 
cord of cells. Phylogenetically, a progression of 
pancreatic types exists which resembles ’the de- 
velopment stages occurring in any one of the higher 
vertebrates. 

Lower chordates. Scattered cells resembling pan- 
creatic cells have been described in the digestive 
tube of the lancet. Amphioxus. In the lamprey, 
Petromyzon , the pancreas remains embedded in the 
wall of the intestine, having lost, secondarily, its 
pancreatic duct. The suggestion has been made 
that in the Cyclostomata, like the lamprey, the pan- 
creas is primarily endocrine in function. Certain 
anatomical and histological features of the develop- 
ment of the digestive tract of the ammocoete larvae 
of the lamprey, have led several investigators to 
speculate that this organism represents a transi- 
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tional condition in the evolution of the vertebrate 
pancreas. At the junction of the esophagus and in- 
testine, a mass of darkly staining cells forms from 
follicles budding off from the intestinal wall. These 
follicles lose their connection with the intestinal 
epithelium and, based on the histological features 
of their component cells, have been identified with 
the islet tissue of the higher vertebrates. In the an- 
terior portion of the ammocoete intestine, two bi- 


laterally arranged areas containing cells with a dis- 
tinctly granular cytoplasm have been described 
and it has been suggested that they are homology 
of the exocrine portion of the vertebrate pancreas 
The granules of these cells exhibit staining pn»p (;r . 
ties similar to the zymogen granules of the acinar 
cells of the pancreas of higher vertebrates. The pro- 
duction of a proteolytic enzyme of the tryptic t \ 
thus similar to one of the digestive enzymes of the 
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Fig. l. Reconstruction of the pancreas in various ver- mqn embryo. (From F . W. Thyng, Models of the P° n 

tebrate embryos, (a) 5.5-mm pig embryo, (b) 20- mm c reas in embryos of the pig, rabbit, cat and man , 

pig embryo, (c) 11 -mm rabbit embryo, (d) 10.7-mm cat J. A not., 7:488-503, 7907) 
embryo, (e) 7.5-mm human embryo, (f) 13.6-mm hu- 
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pancreas, has been localized in the anterior portion 
of the intestine. The hypothesis is further strength- 
ened by the observation that in the larva of an 
Australian lamprey, Geotria australis , the intestine 
grows anteriorly as a pair of blind pouches. These 
pouches are lined with the granular cell type. Tt is 
difficult to escape the temptation to speculate that 
the ammocoete larva represents an evolutionary 
*lage in which the endocrine pancreas has already 
separated from its original location and that the 
zymogenlike cells are preparing to follow suit, 
namely, the condition in the larva of G. australis. 
The next phylogenetic advance is observed in the 
clasmohranch. In these forms, a single dorsal pan- 
creatic primordium and, consequently, the single 
duct of Santorini develop. Thus, phvlogeneticallv 
as well as ontogenetically. the dorsal pancreas 
arises first. The first orders in which a pancreas 
similar to the mammalian organ appears arc* the 
ganoids and teleosts. 

Another observation bespeaking the embryonic 
origin of the pancreas from the epithelium of the 
primitive digestive tract is the demonstration that 
■•ells with staining properties similar to those of 
the alpha cells occur in the pyloric* portion of the 
bovine stomac h. Extracts of this region give a posi- 
tive test for the hormone glucagon. 

Cell types. Within all islet of l.angerhans, at least 
three distinct granular cell types can be distin- 
guished on the basis of tinctorial differences among 
the granules demonstrable with polychrome stains. 
Present evidence strongly suggests that the acido- 
philic alpha cell is concerned with the synthesis of 
the hormone* glucagon and that the basophilic* beta 
(’ll is the site of insulin synthesis third 

t\|>c. the delta cell, may he a transitional form. In 
addition, a fourth, agranular, cell type mav he 
present in some species. Although, in most spei ic*«. 
each islet contains all of the representative cell 
tvpes, jt has been reported that, in the domestic 
fmvl, the individual islets may he predominantly 
alpha-cell or beta-cell islets. Considerable variation 
exists as to the time and order of appearance dur- 
ing development of the cell types among the various 
species. Tn the rat, the beta cell can first he u\ - 
cerned in the 18 V* 2 -day fetus; alpha cells cannot 
he demonstrated until two days postpartum. The 
alpha cell, on the other hand, is the first islet cell 
hpe recognized in the chick pancreas, appearing 
!, n the eighth day of incubation. On the twelfth 
f lay, concomitantly with the appearance of large 
numbers of degenerating cells, beta cells can be 
distinguished. As yet, no definitive evidence is avail- 
ahle which would permit a correlation between the 
detection of a particular cell type and the produc- 
ll un of the hormonal product of that cell type. How- 
eve *\ on the basis of two types of observations, it 
( ' an be safely assumed that puncreatic hormones are 
elaborated during embryonic life. First, the effects 
°f Pancreatic insufficiency or ablation are tempo- 
rarily alleviated in the pregnant female. Secondly, 
tath insulin and glucagon have been isolated from 
pancreata of fetal cattle and swine, the embry- 


onic organ yielding more hormone per unit weight 
than adult glands. See Gland. [i.r.k.] 

ANATOMY 

The pancreas is a more or less developed gland 
connected with the duodenum. It can he considered 
as an organ characteristic of vertebrates. 

Lower vertebrates. In Amphioxus , a pancreatic 
anlage is found in young stages as a thickening of 
the gut caudul to the liver. According to J. Van 
Wijhe, it would persist in later stages, but it was 
not found in the adult. The pancreas of cyclo- 
stomes, arising from the gut epithelium or from 
the liver duct, seems to he purely endocrine; it 
degenerates in later stages of development. 

A true pancreas is found in selachians, with an 
exociine portion opening into the intestine and an 
endocrine portion represented by cellular thicken- 
ings of the walls of the ducts. 


duct of Santorini 
dorsal pancreas 


ventral pancreas 
(head) 



Fig. 2. Embryonic development of liver and gallblad- 
der and of dorsal and ventral pancreatic buds before 
fusion of the latter. (From G. C. Kent , Comparative 
Anatomy of the Vertebrates , McGraw-Hill, 1954) 


Higher vertebrates. Ganoids show a diffuse pan- 
creas — its principal mass lying between the gut 
and the liver — in which typical islands of Langer- 
bans arc observed. The pancreas of teleosts is either 
of the massive or dispersed type. Many species, such 
as the pike, show enormous islands of Langerhans, 
10X5 inrn, from which .1. McLeod (1922) ex- 
tracted insulin. The existence of a pancreas in 
dipneusts, such as Protopterus , is doubtful. 

The compact pancreas of the amphibians is lo- 
cated in the gastrohepalic omentum and extends to- 
wards the hilus of the liver and along the branches 
of the portal vein. It develops from three anlagen. 
one dorsal and two ventral, the evolution of which 
varies from one species to another. The dorsal 
anlage would he the only source of endocrine 
islands. The pancreas of reptiles is very similar to 
that of amphibians; the number of excretorv ducts 
varies from one to three. 

In birds, the massive pancreas always lies in the 
duodenal loop. It develops from many dorsal and 
two ventral thickenings of the duodenal epithelium; 
one (sometimes two) excretory duct persists. The 
median portion of the dorsal anlage develops into a 
single mass which subdivides into typical islands 
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Fig. 3. The path and action of secretin in stimulating 
production of pancreatic juice. (From T. I. Storer and 
R. L. Usinger , General Zoology , 3d ed., McGraw-Hill , 
1958) 

of Langcrhans. A cornplere ring of pancreatic tissue 
surrounds the portal vein. 

The pancreas of mammals shows the same varia- 
tions as in the fishes. The extremes are the unique, 
massive pancreas of man. and the richly branched 
organ of the rabbit. Usually, the main duct, the 
duct of Wirsung. opens into the duodenum very 
close to the hepatic duct. Many rodents have this 
opening of the pancreatic duct as far as 40 cm from 
the hepatic duct. In man, the pancreas weighs about 
70 g. It can be divided into the head, the body, and 
the tail. A portion called the uncinate process is 
more or less completely separated from the head. 
Accessory pancreases are frequently found any- 
where along the small intestine, in the wall of the 
stomach, and in Meckel’s diverticulum. See Diges- 
tive system. 


HISTOLOGY 

The pancreatic parenchyma is formed by two 
elements; one is the exocrine tissue of which the 
secretion empties into the pancreatic ducts and 
ultimately the duodenum; the other is the endo- 
crine islands whose secretions enter the blood ves- 
sels. 

Exocrine tissue. The exocrine portion shows tu- 
huloalveolar glands. Each terminal alveolus is 
called an acinus. The various acini have central 
cavities, which open into intralobular ducts through 
narrow intercalated tubes. The interlobular ducts 
anastomose and ultimately form the main duct of 
Wirsung, which eventually terminates in the acces- 
sory duct of Santorini. The secreting cells of the 
acini are very similar to those of the salivary 
glands; they are pyramidal in shape and are ex- 
clusively of the serous type. Their basal portion 
shows numerous filamentous mitochondria. Elec- 
tron microscope studies provide the basis for un- 
derstanding this structure. It is rich in ribonucleic 
acids. The central portion shows the nucleus and, 
contiguous to it, the zone of Golgi. The apical por- 


tion is more or less filled with secretion granules 
sometimes reaching the size of 0.9 p,. The cel] 
passes through successive phases of elaboration 
excretion, and rest. Functional changes in the mito- 
chondria and the zone of Golgi have been de- 
scribed. The activity of the acini is stimulated bv 
secretin as well as by pilocarpine. 

Endocrine tissue. The endocrine portion shows 
cellular masses called islands or islets of Langer- 
hans, in which the cellular cords or masses are more 
or less isolated by irregular spaces filled with con- 
nective tissue and blood capillaries. With suitable 
staining techniques, one can identify various type* 
of cells in these islands. The two main elements 
are the alpha and the beta cells, which exist usually 
in the proportion of 1:4. Other types of cell are 
found occasionally, such as the gamma cells in the 
pancreas of the guinea pig, the delta cell* niainlv 
found in man. the epsilon cells described in the 
opossum, and the X cells which have been found in 
the horse and which may be identical to the ele- 
ments described in the enormous islands of certain 
birds. Among other differential characters of the 
various cell types may be mentioned the existence 
of alkaline phosphatase in the alpha cells and I he 
presence of zinc in the beta elements. The number 
and the distribution of the various types of cell a* 
well as their cytological features, vrfty considerabl> 
with experimental conditions. 

Between the grapelike exocrine portion with it* 
ducts and the islands of l.angerhans, one observe* 
connective tissue septa, numerous blood vessel-, 
and nerves. Nervous ganglia are variable in num- 
ber; they are sometimes closely associated with in- 
lands, forming the syrnpatheticoinsular associa- 
tions. Tactile corpuscles of Pacini are frequent in 
the cat’s pancreas. 


PHYSIOLOGY 

The pancreatic juice which is carried to the duo- 
denum is a slightly alkaline liquid containing 
trypsinogen. which, when activated, causes the hy- 
drolysis of the proteins into amino acids, amylase 
and maltase, which act on the glucides, and lipase, 
which causes the hydrolysis of fatty substances. 
Nothing definite is known about the cellular origin 
of these various digestive ferments. The intense 
stimulation of the pancreatic secretion after inges- 
tion of food is considered to be the result of a 
nervous reflex originating in the mouth and trans- 
mitted to the pancreas by way of the pneumogaslrie 
nerves. Pancreatic secretion is also stimulated by 
direct introduction of acids and fats into the duo- 
denum, causing the liberation of a hormone called 
secretin into the blood stream to stimulate the exo- 
crine secretion. 

Endocrine function. In 1889, J. von Mering and 
O. Minkowsky were the first to remove completely 
the pancreas of a dog, thereby causing true dia- 
betes. This experiment is easily performed in most 
animals with the same results. In the rabbit, how- 
ever, the complete removal of the gland is difficult, 
because of its ramified constitution In birds, pan- 
createctomy is followed only by a very transient 




Pig. 4. (a) Centroacinar cells in the pancreas of a 

guinea pig (from J. F. Nonidez and W. F. Windle, 
Textbook of Histology , 2d ed., McGraw-Hill , 1953). 
(b) A nerve ganglion cell in the human pancreas (from 
J - L. Bremer and H. L. Weatherford , Textbook of 
Histology, 6th ed., Blakiston, 1944). (c) A section 
through the pancreas of the rat. The islet of Langer- 
tarns is a gland of internal secretion, whereas the sur- 
funding acinar tissue forms an exocrine gland ( from 
C- D. Turner, General Endocrinology , 2d ed./ Saun- 
ders, 1955). 


hyperglycemia. F. Banting and C. Best (1922) pre- 
pared pancreatic extracts which were able to pre- 
Ve nt the lethal effects of pancreatectomy. The 
s ame effect was obtained with extracts from pan- 
das in which, after ligature of the duct of Wir- 
ing. the exocrine portion of the gland had dis- 
a Ppeared. The insular origin of the active factor, 
called insulin by De Meyer in 1909, was proved, A 
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considerable amount of materiul, histological, em- 
hryological, experimental, and pathological, en- 
ables one to differentiate the role of the two main 
cellular constituents of the islands of Langerhans, 
namely, the alpha and the beta cells. See Gland; 
Endocrine gland. 

Effect O# alloxane. The beta cells secrete insulin, 
that is. the hypoglycemic factor. The injection of 
alloxane. according to J. Dunn and N. McLetchie, 
1943. causes a selective destruction of the beta 
cells and the appearance of the various symptoms 
of diabetes. The mechanism of the diabetogenic 
action of alloxane is still a matter of discussion. 
Repeated injections of the extract of the anterior 
lobe of the pituitary gland cause alterations of the 
beta ceils and diabetes; the severity of this dia- 
betes is proportional to the degree of degranulation 
of the cells. The histological study of the pancreas 
of men who had suffered from diabetes frequently 
shows marked alterations of the beta elements. Cer- 
tain types of pancreatic adenomas found in the hu- 
man are essentially constituted by beta cells, and 
they are associated with byperinsulinism and hypo- 
glycemia. As further arguments in favor of the beta- 
cell origin of insulin, the damaging effect of dithi- 
zone on the dog’s beta cells, associated with dia- 
betes and with the disappearance of zinc from the 
cells, may be mentioned. Dialuric acid has identical 
effects, followed by regeneration of beta cells from 
acinous tissue. Various substances studied by Ka- 
dota and Midokawa cause alterations of which the 
specificity is noi * \ident. 

HGF factor. Intravenous injections of insulin 
cause a transitory hyperglycemia, soon followed by 
the typical hypoglycemia. This was attributed to 
the existence in the injected insulin or pancreatic 
extract of another substance, called the hypergly- 
cemic factor or glucagon. This factor lias been pur- 
ified. and its principal effect is to cause hyper- 
glycemia through a process of glyeogenolysis. Thus, 
it is known as the hyperglycemic-glycogenolytic 
factor or H(iF. Besides the upper two-thirds of the 
gat trie mucosa of dogs and rabbits, the pancreas is 
the only organ yielding HGF. The insular origin of 
this factor is shown by the strong correlation be- 
tween glucagon content and density of insular tis- 
sue. the highest content being found in fetal pan- 
creas and the tail part of the adult pancreas. 
Atrophy of the acinous tissue after ligation # of the 
ducts and degeneration of the beta cells following 
injection of alloxane do not affect the glucagon con- 
tent. 

Experimental aspects. The alpha-cell origin of 
the HGF is strongly supported by experiments. It 
has been shown that intoxication by the mushroom 
Amanita phalloides causes destruction of the 
alpha cells, associated with hepatic steatosis and 
hypoglycemia. It has been demonstrated also that 
repeated injections of cobaltous chloride cause a 
complete degranulation of the alpha cells, which 
lasts only a few days. Identical effects have been 
obtained with other cobaltous salts under various 
experimental conditions and with nickel salts. Dur- 
ing the phase of degranulation of the alpha cells. 
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the glucagon content of the pancreas is decreased 
by about two-thirds. This correlation between the 
histological observations and the biochemical de- 
terminations is a positive argument in favor of the 
role of the alpha cells in the secretion of HGF. 

Increase in the number and in the size of the 
islands has been observed in many experimental 
conditions, such as fasting, pregnancy, biliary 
derivation, partial pancreatectomy, castration, and 
stimulation of the autonomic nervous system. 

In addition to insulin and glucagon, the pancreas 
is the source of the lipocaic factor, which prevents 
the hepatic alterations observed after pancreatec- 
tomy. Its origin is unknown. Vagotonine, which 
regulates the autonomic tonus, might be of insular 
origin also. See Metabolic disordf.rs; Metabo- 
lism. [ E.V.C.] 

BIOCHEMISTRY 

Hormones. Scattered through the pancreas are 
isolated masses of endocrine structures, known as 
the islets of Langerhans. Two types of cells appear 
in the islets, alpha cells and beta cells. These are 
the sources of two hormones, insulin from the 
beta, and glucagon, also known as the hypergly- 
cemic factor (HGF), from the alpha cells. The 
former is a hormone which influences carbohy- 
drate metabolism, enabling the organism to utilize 
sugar (sec Insulin ). The latter accelerates the con- 
version of liver glycogen, the form in which carbo- 
hydrate is stored in liver and muscles until needed 
by the body, into glucose, the principal sugar used 
by the body to meet its energy requirements. Thus, 
glucagon elevates the blood sugar level, and its ef- 
fects are the opposite of insulin, so that the two 
hormones together maintain the sugar metabolism 
of the body in balance. When the level of sugar in 
the blood becomes too low. the secretion of gluca- 
gon is stimulated. 

Glucagon. The existence of glucagon in pancre- 
atic extracts was first demonstrated by O. Kimball 
and J. Murlin in 1923. It is frequently present 
in commercial preparations of insulin as an 
impurity; the administration of such insulin prepa- 
rations causes an initial rise in blood sugar, fol- 
lowed by the lowering of blood sugar (hypogly- 
cemia) characteristic of insulin action. In 1955, 
A. Staub, 0. Behren. and their coworkers obtained 
glucagon in crystalline form; two years later, the 
same group of investigators established the com- 
plete structural formula of the hormone as a single 
polypeptide chain of 29 amino acids with the fol- 
lowing sequence, where His is histidine; Ser, ser- 
ine; Glu, glutamic acid; Gly. glycine; Phe, phenyl- 
alanine; Thr, threonine; Asp, aspartic acid; Tyr, 
tyrosine; Lys, lysine; Leu, leucine; Arg, arginine; 
Ala, alanine: Val, valine; Try, tryptophan; Met, 
methionine: 

NH 2 

His — Ser — Glu — Gly — Thr — Phe — Thr — Ser — Asp — 

1234 ft 67 89 


Tyr — Ser — Lys — Tyr — Leu — Asp — Ser — Arg - 

10 11 12 13 14 15 16 17 

NH 2 nh 2 

i 

Arg Ala -Glu — Asp — Phe— Val — Glu — 

IS 19 20 21 22 23 24 

NH 2 

Try — Leu- Met — Asp- Thr 
25 26 27 28 29 

Pancreatectomy. Within 24 hours after the sur- 
gical removal of the pancreas, hyperglycemia, or 
elevation of hlood sugar, is detectable, followed 1>\ 
glycosuria, or excess sugar secreted in the urine. 
Without the pancreas, the organism is unable i<> 
*tnrc or to oxidize sugar. This disturbance of sugar 
metabolism is also accompanied, when there is pan- 
creas deficiency, by defective fat metabolism. The 
organism, in an attempt to compensate f or the Iokv 
of its primary source of energy, sugar, increases the 
catabolism or breakdown of fats. When the store- 
of carbohydrate in the body are depleted, ketone 
bodies, acid products which are responsible lot the 
metabolism of fats, increase in both the hlood and 
the urine, with serious consequences. Accumulation 
of these acid products leads to a depletion from the 
hlood of the alkali reserve that balances them in I lie 
normal organism. As a consequence, the organism 
is unable to remove accumulating carbon dioxide in 
the blood, resulting in acidosis, or air-hunger. whi« h 
lead's to coma and death. These symptoms ate 
known to he associated with diabetes iiiellituv 
which, in man, is characterized by a marked lo^ 
of weight, hyperglycemia, glycosuria, ketoneima. 
ketonuria. and polvuria. 

Another pancreatic disorder, which has been ob- 
served in rare instances of tumors of the islet tis- 
sue. is known clinically as hyperinsulinism. The 
disease, associated with low blood sugar and indis- 
tinguishable from the consequences of insulin over- 
dosage, is caused by excessive production of insulin 
by the tumor. | c.h.l. i 

Pancreas disorders 

The pancreas is composed of two different tisMies 
which have dissimilar structure and function, and 
hence are susceptible to different diseases. The 
bulk of the gland is composed of the acinar tissue, 
secreting digestive enzymes which are drained into 
the first portion of the small intestine through the 
pancreatic duct. These enzymes, lipase, amylase, 
and trypsin, facilitate the digestion of fats, carbo- 
hydrates, and proteins by the intestine. The other 
portion of the gland consists of small nests of en- 
docrine cells, the so-called islets of Langerhans. 
They secrete the hormone insulin which passes di- 
rectly into the blood stream and regulates the me- 
tabolism of glucose by the tissues throughout the 
body. For a discussion of the normal structure and 
function of this organ, see Pancreas. 

Cystic fibrosis. Cystic fibrosis of the pancreas 
is a hereditary metabolic disorder of unknown cause 



Pancreas disorders 535 


affecting various glandular tissues throughout the 
body, including the acinar portion of the pancreas, 
fn the pancreas it is characterized by obstruction 
( ,f the ducts by thick, viscid, mucoid secretions. The 
ducts and glands become dilated behind the obstruc- 
tion : eventually atrophy and replacement by con- 
nective tissue occur. Deficiency of pancreatic en- 
zymes in the intestine results in impaired digestion 
of foodstuffs, fatty diarrhea, malnutrition, and vita- 
min deficiency. Similar obstruction may be found 
concomitantly in the bile ducts of the liver and in 
the lungs, where thick, mucoid secretions block the 
<niall branches of the bronchial tree. Careful medi- 
cal management successfully compensates for the 
pancreatic deficiency, hut the changes in the lungs 
result in recurrent episodes of pneumonia, in 
bronchiectasis, and in death in early childhood. 
See Bronchial disorders: Pneumonia. 

Pancreatitis. Acute pancreatitis, or inflammation 
of the gland, is a serious illness in which there oc- 
curs necrosis (death) of varying amounts of the 
pancreas and the surrounding tissues. It is initiated 
b\ the escape of the digestive enzymes from the 
ducts or glands. Once outside the glands or ducts, 
the-e enzymes become activated, digest the pan- 
creatic tissue producing them, and allow further 
escape of enzvmes. Dissolution of the walls of blood 
vessels hv trypsin may produce extensive hemor- 
rhage. The clinical effects are severe pain and a 
-tate of deep shock which may he fatal. The pri- 
mary cause of acute pancreatic necrosis is a subject 
of great controversy. One theory is that obstruction 
of the ampulla of Vater by gallstones or muscle 
‘‘Pflsm causes bile to he regurgitated from the com- 
mon bile duct into the pancreatic duct, where it has 
adverse effects. More widely accepted is the view 
that in response to the stimulus of alcohol o. a 
laige meal, pancreatic secretion exceeds the drain- 
age capacity of the ducts. Pressure within the duets 
becomes sufficiently high to cause rupture. What- 
ever the cause, the disease is unduly common in in- 
dividuals who overindulge in alcohol. Diagnosis is 
facilitated by identification of an excessive quan- 
tity of amylase in the blood or urine. Survival mav 
be* associated with large deposits of calcium in the 
S ites around the pancreas where fatty tissues were 
destroyed. Although a recognized instance of acute 
pancreatitis represents a severe and hazardous 
illness, many minor, unrecognized subclinical cases 
also occur. These mav masquerade as minor diges- 
tive upsets, yet produce appreciable scarring of the 
jtiand. See Death; Gallbladder. 

Stones or concretions may develop in pancreatic 
ducts, usually from unknown cause. By obstructing 
the ducts, they may cause cystic dilatation of ducts 
and glands behind the obstruction with eventual 
atrophy and fibrosis. Acute pancreatitis or pancre- 
a hc insufficiency rarely results from such obstruc- 
tion, and islet tissue usually persists even in the 
fare of extensive fibrous replacement of the acinar 
tissue. Cysts of the pancreas may occur as congeni- 
al malformations or as residua of necrosis. They 
ttr<? of little consequence unless of sufficient size 


that they press on adjacent organs or simulate tu- 
mors and necessitate surgical exploration. 

Diabetes. Diabetes mellitus is the major disease 
associated with the insulin-secreting islet cells of 
the pancreas. The firm establishment of the role of 
insulin and the pancreas in this disease was one of 
the great milestones in medical progress, and for it 
F. Banting and C. Best received a Nobel Prize. A 
relative or absolute deficiency of insulin, with re- 
sultant diabetes mellitus, is reflected physiologi- 
cally by an inability of the tissues to use glucose 
in their metabolism. This rtigar consequently ac- 
cumulates in excess in the blood and is excreted 
in I he urine. The tissues rely on excessive metabo- 
lism of proteins and fats as substitutes for sugar. 
This results in depletion of tissue proteins and in 
the accumulation of acid waste products from in- 
complete metabolism of fats. These wa«te products, 
called ketone bodies, are responsible for episodes 
of diabetic coma, a common cause of death of these 
individuals before insulin therapy. Diabetic patients 
are also unduly susceptible to infections, severe 
arteriosclerosis, gallstones, and a unique and seri- 
ous kidney disorder called interrapillary glomerulo- 
sclerosis. Fortunately the administration of insulin 
greatly niimimizes all of these possible complica- 
tions, and diabetics now can be expected to live 
long and active lives. 

Cause. The cause of diabetes is still not well 
established beyond the fact that insulin secretion is 
relatively or absolutely insufficient. In rare cases 
only is there suft»« lent destruction of islet tissue to 
account for the disease. In many cases there are 
minor anatomical changes in the islands of Langer- 
hans, insufficient in extent to explain the insulin 
deficit. And in still other diabetics (as many as 
20 ( '/ ( ) no anatomical abnormalities can be found 
in the islet cells. It is postulated that in the usual 
case of diabetes mellitus the fault is a disturbance 
of the normal interrelationship between the se- 
cretion of these islet cells of the pancreas and the 
secretions of the pituitary or the adrenal glands. 

Tumors. Tumors of the acinar tissue of the pan- 
creas which are of any significance are malignant 
in nature. The manifestations of adenocarcinoma 
of the pancreas depend to a considerable extent on 
the location of the tumor in the gland. Tumors 
arising in the head, or that portion of the gland 
adjacent to the duodenum, cause early obstruction 
of the common bile duct and consequent jaundice. 
In more distal portions of the gland, back pain is 
the major symptom and is often late in appearing. 
In either situation, surgical removal of the tumor 
is difficult and rarely successful; the patient even- 
tually dies from spread of the tumor into the liver 
and other vital organs. 

Benign adenomas and, less commonly, adeno- 
carcinomas may arise from islet tissue. Either tu- 
mor may produce insulin in excessive quantities. 
This is manifested clinically by episodes of faint- 
ing due to unduly low concentrations of sugar in 
the blood. The effects on the metabolism of the 
cells of the brain may be fatal. If the tumor is 
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benign, dimple surgical removal is curative. See 
Neoplasia. f m.r.h.] 

Bibliography : S. L. Robbins, Textbook of Pathol- 
ogy , 1957; H. A. Smith and T. C. Jones, Veterinary 
Pathology , 1957. 

Panda 

Any of two genera of large Asiatic carnivores of 
the family Procyonidae, related to the raccoon. 
Pandas look more like toy teddy bears than real 
animals; they are among the most popular of all 
zoo animals. The Himalayan panda, Ailurus sp., is 



The giant panda, Ailuropoda melanoleucus; length to 
4 ft. (From E. L. Palmer, Field book of Natural History, 
McGraw-Hill, 1949) 


not as well known as the giant panda, Ailuropoda 
melanoleucus , which is native to western China, 
near the border of Tibet. The latter is about 5 ft 
tall and is white with black legs, black eye spots, 
and black ears. See Carnivora. [j.d.r.J 

Pandanales 

An order of the plant subclass Monocotyledoneae 
consisting of three families: Typhaceae (cattail 
family) with one genus, Sparganiaceae (burreed 
family) with one genus, and Pandanaceae (screw- 
pine family) with three genera. Cattails (12 spe- 
cies) are found in marshes throughout the world. 
Burreeds occur in marshes and along shores 
throughout the Northern Hemisphere and New 
Zealand. The screwpines, so called because of their 
conspicuously spiraled leaves, are found from Af- 
rica through Indonesia to Australia. The flowers in 
this order are naked, that is, they have no perianth 
(floral envelope). .See Embryophyta; Monocot- 
yledoneae; Plant kingdom. [p.d.s.] 

Panel heating and cooling 

A system in which the heat-emitting and -absorbing 
means is the surface of the ceiling, floor, or wall 
panels of the space which is to be environmentally 
conditioned. 

The heating or cooling medium may be air, wa- 
ter, or other fluid circulated in air spaces, conduits, 
or pipes within or attached to the panel structure. 


For heating only, electric current may flow 
through resistors in or on the panels. 

The most commonly used medium is warm or 
cold water, circulated within steel pipes embedded 
in concrete floors or ceilings or in plaster ceiling 
Heat transfer. Heat energy is transmitted from 
a warmer to a cooler mass by conduction, convec- 
tion, and radiation (see Hf.at transfer). Radi- 
ant heat rays are emitted from all bodies at tem- 
peratures above absolute zero. These ray* p ahs 
through air without appreciably warming it. but 
are absorbed by liquid or solid masses and in- 
crease their sensible temperature and heat content. 

The heat output from heating means comprises 
both radiation atod convection components in vary- 
ing proportions. In panel heating systems, espe- 
cially the ceiling type, the radiation component 
predominates. Heat interchange follows the Stefan- 
Boltzmann law of radiation; that is, heat transfn 
by radiation between surfaces visible to each 
other varies with the fourth power of the absolute 
temperature difference between the surfaces, arid 
is transferred from the surface with the higher tem- 
perature to the surface with the lower temperature 

The skin surface temperature of the human hod\ 
under normal conditions varies from 87 to l ).Vr 
and is modified by clothing and rate of metabolism 
The presence of radiating surfaces above these tern 
peratures heats the body whereas those below pru- 
duce a cooling effect. See Radiant heating. 

Jdse for cooling. When a panel system is u^cd 
for cooling, the dew-point temperature of the am 
hient air must remain below the surface tempera- 
ture of the heat-absorbing panels to avoid conden- 
sation of moisture on the panels. In region* where 
the maximum dew-point temperature does not ex- 
ceed 60°K, or possibly 65° F. as in the Pacific 
Northwest and the semi-arid areas between the Cas- 
cade and Rocky Mountains, ordinary city water 
provides radiant comfort cooling. 

Where higher dew points prevail, it is nece^an 
to dehumidify the ambient air. Panel cooling ef- 
fectively prevents the disagreeable feeling of <’i»ld 
air blown against the body and minimizes the oc- 
currence of summer colds. 

Records of fuel consumption show that panel 
heating systems save 30-50% of the fuel costs of 
ordinary heating systems, because lower ambient 
air temperatures produce comfort; air tempera- 
tures within the room are practically uniform 
not considerably higher at the ceiling as in radia- 
tor- and especially in convector-heated interiors 
See Comfort control. [ k.l.w- 

Bibliography, American Society of Heating an 
Ventilating Engineers, Heating , Ventilating , dir 
Conditioning Guide , vol. 37, 1959; F. E. Gieseck*. 
Hot-water Heating and Radiant Heating and Ra 1 
ant Cooling , 1947. 

Pantodonta 

A group of extinct, large, hoofed herbivorous quad 
ru pedal mammals of the early Cenozoic of Europe- 
North America and northeastern Asia. The feet 
these poorly known forms are semigraviportal an 
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possess five toes each. The pantodnnt dentition is 
unreduced, with large canines, obliquely crested 
molars, and V-shaped premolars. The skull is usu- 
ally low and wide, with a strong crest above the 
brain case. Horns are absent. 

Pantodonts are divided into four families: 
(1) Archaeolarnbdidae ( Archaeolarnbda , early Eo- 
cene. Mongolia); (2) Coryphodon! idae ( Panto - 
lambda , Titanoides , Cae nolambda, Coryphodon , 
Eudinoceras , Procoryphodon , Hrperroryphodon , 
middle Paleocene early Eocene of North America, 
early Eocene of Europe, late Paleocene -middle 
Oligoeene of Mongolia); (3) Rarylambdidac 
( Bary lambda . Haplolambda , late Paleocene. North 
\rnerica); and (4) the problematical Pantolamb- 
dodontidae ( Panto! amhdodon , late Eocene. Mon- 
golia ) . 


Skeleton of Barylambda, a late Paleocene pantodont. 
[After B. Patterson) 

Pantobtmbda . from the middle Paleocene of 
North America, is the most primitive pantodont. 
The ancestry of the order is still unknown but may 
lie near the genus l) el tat hr ri uni in the ereodont 
uunivorans. See Carnivora fossils. 

Coryphodon , the first-discovered panto, Jont 
(1840), was dredged from submarine rock out- 
crops in the English Channel. This best-known and 
most commonly found genus is recorded in the 
late Paleocene and early Eocene of North America 
and early Eocene of Europe. Pantodonts became 
extinct without giving rise to any known modern or 
late Cenozoie descendants. ( M.c.vn ] 

Pantograph 

A four-bar parallel linkage, with no links fixed, 
used as a copying device for generating geometri- 
cally similar figures, larger or smaller in size, 
within the limits of the mechanism. The figure 
traced by point T , as shown in the illustration, will 



be similar to that generated by point 5. This simi- 
larity results because points T and S will always 
lie on the straight line OTS; triangles OHS and 
TCS are always similar, because lengths OB, BS, 
CT , and CS are constant, and OB is u I ways parallel 
to CT. Distance Of always maintains a constant 
proportion to distanc e OS, because of the similarity 
of the above triangles. Numerous modifications of 
the pantograph as a copying device have been made. 

James Watt applied the pantograph as a reduc- 
ing motion in his beam engine (.see Straight link 
mechanism ) . The pantograph may also serve as a 
reducing motion for an engine indicator; S is at- 
tached to the engine crosshead while the indicator 
cord is attached to T. 

The collapsible parallel linkage used on electric 
locomotives and rail cars to keep a collector bav 
or wheel in contact with a trolley wire is also 
called a pantograph. I e.s.f.] 

Pantothenic acid 

A member of the B vitamin group with the struc- 
tural formula 

II Oh OH O II II H 

I I I !! I I I 

HO-C--C- C C N -C— C-COOH 

! I I 

II CHa H 11 H 

It is a light yellow, viscous oil which is readily solu- 
ble in HjO. It is usually obtained as the calcium 
salt. It is stable in neutral solution but is decom- 
posed by hot acid or alkali to pantoic acid or its 
lactone and /?-alanine. Chemical methods for esti- 
mating the amount of pantothenic acid are un- 
satisfactory. Rat and chick growth assays have 
been used successfully, but microbiological assays 
using bacteria or yeast are more widely used. 

Figures for the pantothenic acid content of foods 
are not as reliable as those for some other vitamins. 
Pantothenic acid is widely distributed, and liver, 
kidneys, fresh green vegetables, and egg yolks are 
among its best sources. Losses of the vitamin during 
cooking are minimal, as it is present in stable con- 
jugated form in food. 

No definite pathologic lesions due to a specific 
pantothenic acid deficiency have been reported in 
man. In prisoners of war and malnourished people 
of Asia, a “burning feet” syndrome has been de- 
scribed which responds well to pantothenic acid. 
All animal species studied require a dietary 
source of pantothenic acid, and it is probable that 
man does too. The deficiency state in animals has 
resulted in poor growth, dermatitis, adrenal ne- 
crosis and hemorrhage, kidney damage, blood 
dyscrasias. and myelin degeneration of brain and 
spinal cord. In some species, pantothertic acid 
deficiency has caused graying of the hair, which has 
resulted in unfounded claims concerning the use of 
pantothenic acid preparations to prevent graying 
in humans. 

Pantothenic acid exists in enzyme systems as 
coenzyme A (CoA). Co A is a nucleotide consisting 
of adenine, ribose, three phosphates, pantothenic 
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acid, and /?-inercaptoethylamine. The enzyme can 
he acetyJated at its sulfhydryl-containing end, and 
this acetyl CoA is the active acetate reported in a 
variety of biochemical processes. CoA is of prime 
importance in the metabolism of acetyl groups 
and is therefore active in the metabolism of fats, 
carbohydrates, and many other substances. It is 
important in the synthesis of steroid hormones, 
cholesterol, acetylcholine, fatty acids, and some 
amino acids. CoA is not only an acetyl carrier: it 
transports longer acyl chains, and as succinyl CoA 
is involved in the synthesis of the pyrrole rings of 
hematin. 

The factors affecting the requirement for panto- 
thenic acid are probably similar to those altering 
the needs fur the other B vitamins. Pantothenic acid 
has been reported to improve the reactions of young 
men to stress. This fact and the effect of the de- 
ficiency on the adrenals suggest the possibility that 
stress increases the pantothenic acid requirement. 
The widespread occurrence of pantothenic acid 
assures protection against the deficiency state un- 
der most conditions. Most Americans eat 10 mg of 
pantothenic acid per 2500 cal of good diet. The 
daily requirement is probably about 3-5 mg. Srr 
Bioassay; Coknzymk: Enzyme; Vitamin. |s.n.c. | 

Pantotheria 

The pantotheres were one of the most abundant 
types of carnivorous or insectivorous Jurassic 
mammals. They have been found in the Middle and 
Upper Jurassic of England and the Upper Jurassic 
of North America and Africa. The lower molars of 
the pantotheres consisted of three main cusps ar- 
ranged in a triangle (the trigonid) with a small 
heel or ledge (the talonid ) at the base of the pos- 
terior side of the trigonid. The cusps of the panto- 
there trigonid are probably homologous with the 
paraconid, protoconid. and metaconid of later 
mammals. The upper molars are unique, consist- 
ing of two large main cusps, one near or external 
to the center of the crown and the other at the in- 
ternal corner, and a variable number of accessory 
cusps. The primitive cheek tooth formula was prob- 
ably four premolars and eight molars. The propor- 
tions of the jaw were variable, hut a distinct an- 
gular process was always present. 



Pantotheres. (a) Occlusal view of an upper molar of 
Me/anodon. (b, c) Internal and occlusal views of a lower 
molar of Dryo/estes. (After G. G. Simpson , 1929) 


The seven molars of the Middle Jurassic genus 
Amphitherium , the oldest pantothere and only 
member of the Amphitheriidae, have relatively long 
talonids. The long talonid and the large number 
of molars indicate that Amphitherium was prob- 


ably not far removed from the primitive pantothere 
condition. 

The Upper Jurassic pantotheres are easily sepa- 
rated into two families which show diametric all\ 
opposed modes of specialization. In the Paurodonti'. 
dae the molar talonid is not shortened, the numher 
of molars is reduced to a maximum of four, and 
the jaw tends to be short and stout. In the Dryolesti- 
dae the molar talonid is shortened, the number of 
molars is always seven or more, and the lower jay, 
tends to be long and slender. 

Many workers believe that the order Symnietro- 
donta was ancestral to the Pantotheria, but this 
has been vigorously disputed. For some time the 
pantotheres have been considered to he ancestral 
to the later mamfnals. the so-called placentaU and 
marsupials. The morphology of the pantothere 
lower molar favors this relationship, hut until re- 
cently the unique morphology of the upper molars 
proved to he a stumbling block in relating the 
groups. 

Bryan Patterson recently described a collection 
of mammal teeth found in the Middle Cretaceous 
Trinity sands of Texas. In addition to a svmmeirn- 
dont and a triconodont he described a type of mam- 
mal which appears to he intermediate between the 
pantotheres and the modern types of mammals. This 
study led Patterson to believe that tWe large internal 
cusp of the pantothere upper molar was homologous 
with the paraeone of later mammals and that (lie 
other main cusp of the pantothere molar was re- 
duced to a weak external Mylar cusp or lost in lain 
mammals. According to this theory the maim 
changes involved in the transition from the panlo- 
there molar to the molar of later mammals weie 
( 1 ) the addition of the protoeone and consequent 
modifications of the upper molar and (2) small but 
important modifications of the talonid of the lower 
molars. 

Endotheriuni , known only from a single fragmen- 
tary lower jaw found in beds of Late Jurassic or 
Early Cretaceous age in Manchuria, has uncertain 
relationships, hut it may he related to the Forest- 
burg mammals. 

Patterson’s conclusions may he the explanation 
for the long-standing belief that the pantotheres 
were the ancestors of the later orders of mammals 
It is fairly certain, however, that Endotherium and 
the Forestburg mammals represent a group transi- 
tional between pantotheres and later mammals. Se> 
Theria. [w.a.ci. I 

Papaverales 

An order of the plant subclass Dicotyledoneae in- 
cluding 6 families containing 450 genera and over 
3900 species of mainly herbaceous plants 
alternate leaves. The mustard family (Cn lil ’ 
ferae), which has 350 genera and 2500 specie 
the largest. It occurs in the North Temperate Zone 
and is characterized by regular, cruciform flower* 
and tetradynamous (four longer and two shor* er 
stamens. The fruit is a silique (elongated pod) ° r 
silicle (short, broad pod). The family f° nta ’j* 
many weeds, some ornamentals, and a considera c 



number of food plants including cabbage, broccoli, 
brussels sprouts, cauliflower, coliards, kohlrabi, tur- 
nip, rutabaga, kale, horseradish, radish, and cress. 

The poppy family (Papaveraceae) with regular, 
showy flowers usually having numerous stamens, is 
the second largest. The fruit is a capsule. Several 
species are ornamentals and Papaver somniferum is 
the source of opium and morphine. 

Members of the remaining four families have ir- 
regular flowers. They include a few well-known 
ornamentals such as bleeding heart, spider flower, 
and mignonette. Ben oil, a nondrying oil used in 
lubricating watches, is obtained from the seed of the 
edible fruits of the horseradish tree, Moringa olei- 
jera , of the moringa family (Moringaceae) . See 
separate articles describing cabbage, broccoli, and 
the other edible species of the family Cruci ferae 
listed in this article; see Poim»y; see also Dicot- 
yi.EnoNF.AK; Embryophyta; Plant kingdom; 
Vegetable growing. [p.d.s.] 

Paper and paper products 

The term paper is traditionally applied to felted 
nr matted sheets of cellulose fibers, formed on a 
fine wire screen front a dilute water suspension, 
and bonded together as the water is removed and 
the sheet is dried. In present-day usage, paper may 
also include sheet materials produced from other 
types of fibers (particularly mineral or synthetic) 
formed and bonded by other means. 

Paper was employed originally as a medium for 
writing. As such, it has played a significant role in 
the development of civilization and culture. Writ- 
ing papers today, however, account for a relatively 
small proportion of the output of the paper in- 
dustry. Paper production has increased almost year 
hy year and is now well over 30,000.000 tom per 
vear. As an example of different uses, about l,h00,- 
000 tons is used for writing and other fine papers; 
1.700,000, newsprint; and 2,000,000, tissue. 

Raw materials. Of the many raw materials used 
hy the paper industry, cellulose fibers have oc- 
cupied the. dominant position for nearly 2000 years. 
Other fibrous materials, particularly some of the 
s\nthetic high polymers, are assuming increasing 
importance in papermaking, but it is predicted 
that cellulose will continue to play the key role for 
many years. Numerous other materials are used in 
processing and converting operations, hut they will 
he mentioned only incidentally in this article. 

W ood pulp . Wood is the primary source of cellu- 
lose fibers for papermaking. Before use, the wood 
must be reduced to the fibrous state; this opera- 
tion is called pulping. At present, commercial 
Pulping operations are of three principal types: 
Mechanical, full chemical, and semichemical. See 
Wood fiber products. 

Mechanical pulping, as the name implies, in- 
volves the reduction of wood to the fibrous state by 
Purely mechanical means. Logs, of either 2- or 
length, are ground into pulp by means of large 
revolving grindstones. The logs are held trans- 
versely against the surface of the stone, with the 
of the log parallel to the stone axis. Water is 
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sprayed against the stone to control the tempera- 
ture and to carry away the resulting pulp. 

Except for a few water-soluble components, all 
the constituents of the wood are present in the 
groundwood pulp. Thus, the yield of pulp from 
wood may be nearly 95%. Principally, coniferous 
wood species have been used for groundwood, al- 
though grinding of deciduous species is practiced. 

Full chemical pulping employs chemical re- 
agents to effect a separation of the cellulose fibers 
from the other wood components. Wood chips are 
cooked with suitable chcmi :als in aqueous solution, 
usually at elevated temperatures and pressures. The 
object is to dissolve the lignin and other extraneous 
compounds, leaving the cellulose intact and in 
fibrous form. Processes developed in recent years 
recover acetic acid, phenolics, methyl sulfoxide, 
and other organic compounds from the lignin- 
containing solution. Though there is some cellu- 
lose degradation, l he objective can be realized to a 
commercially satisfactory degree through the use 
of a variety of chemical reagents. Pulp yields are 
usually about 50% of the wood weight. 

The sulfite process has been used largely for 
pulping spruce, fir, and hemlock, although the pines 
and hardwoods are also being reduced by this proc- 
ess under certain conditions. The rooking acid con- 
sists of a solution of an alkali or alkaline-earth 
bisulfite, also containing free sulfurous acid. So- 
called calcium- base cooking acids have been most 
widely used in the past, but there is today a signifi- 
cant shift toward the use of magnesium, ammonia, 
or sodium as the base. These soluble bases are 
advantageous in certain instances if liquor-re- 
covery operations are to he practiced. Sulfite pulps 
are relatively light in color, are easily bleached, 
have moderately good strength properties, and are 
widely u*ed in fine papers. 

The kraft or sulfate process is the most exten- 
sively employed. Here the active pulping ingredi- 
ents are sodium hydroxide and sodium sulfide, in 
an obviously strongly alkaline solution. Almost any 
wood species can be pulped by this process. Stand- 
ard in kraft pulping is a liquor-recovery cycle, in 
which the dissolved organic constituents in the 
spent pulping liquors are burned for steam genera- 
tion, and the inorganic pulping chemicals are re- 
covered and reused. Kraft pulps are dark in color, 
difficult to bleach, and very strong. In the un- 
bleached state, they are employed widely in the 
container field, and they may be bleached and used 
in fine papers. 

A third full chemical pulping technique, the soda 
process, is now largely of historical interest. 

Semichemical pulping, although relatively new, 
is of great current interest. Several processes are 
being employed, in which mild chemical action, 
followed by mechanical attrition, is used. Among 
these are the neutral sulfite, semikraft, and cold 
soda processes. A variant is the chemi-groundwood 
process, in which the logs are thoroughly impreg- 
nated with a hot chemical solution before grinding. 
These processes are employed largely, but not ex- 
clusively, on deciduous wood species. Yields may 
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vary from 60 to 95%, depending upon the condi- 
tions employed. One large use for neutral sulfite 
semichemical pulp is as the corrugating medium 
in paperboard containers. 

Other fibers. Other sources of cellulose fibers are 
significant, although of secondary importance. 
Cotton rags were for many years the principal raw 
material of the industry. They are still employed to 
a minor extent in bond papers, although cotton- 
containing papers are today derived principally 
from cotton linters. Grasses, reeds, and agricultural 
residues find considerable use, principally in Eu- 
rope and the Far East. The reuse of waste papers 
is common, particularly for the lower grades of 
paper products. 

Pulp purification . In many cases, wood pulps 
obtained from the pulping process are not pure or 
white enough for subsequent use in papermaking. 
Hence pulp purification is practiced. This may 
comprise a number of chemical treatments, of 
which the most common is bleaching. The object 
of bleaching is to render the pulp whiter without 
excessive degradation of the cellulose. This is usu- 
ally accomplished through chemical treatments 
which make the colored constituents soluble in 
either neutral or alkaline solution, or which render 
them colorless. 

Almost all bleaching of chemical pulps is carried 
out with chlorine and chlorine compounds. A 
typical single-stage bleach employs calcium or 
sodium hypochlorite. Economies in chlorine re- 
quired, with less cellulose degradation, are realized 
by using a multistage bleaching sequence, probably 
using elemental chlorine in the first stage, fol- 
lowed by a caustic-extraction stage ( for removal of 
alkali-soluble compounds) and one or more hypo- 
chlorite stages. For ultrahigh-brightness pulps, 
chlorine dioxide may be used in a final bleaching 
stage. 

Other bleaching agents, notably hydrogen and 
sodium peroxide, sulfur dioxide, and sodium and 
zinc hydrosulfite are employed, particularly with 
ground wood and semichemical pulps. 

Paper manufacture. Paper manufacture is 
largely a mechanical operation, although the chemi- 
cal and physicochemical aspects are all-important 
in determining the final sheet properties. The tend- 
ency of cellulose fibers to bond together, when 
dried from a water suspension, provides the essence 
of papermaking technology. 

Stock preparation. Unmodified cellulose fibers, 
as obtained from pulping and bleaching opera- 
tions, are generally unsuited for papermaking. 
They must first be refined; the refining operation 
is conducted mechanically in beaters or refiners. 

During refining, the pulp fibers are separated, 
crushed, frayed, fibrillated, and cut. They imbibe 
water and swell, becoming more flexible and more 
pliable. Their capacity to bond with one another on 
drying is greatly enhanced, partially through modi- 
fication of the fiber surfaces and partially because 
of the creation of new surface area. Papers made 
from lightly beaten stocks are typically of low 
density, soft, and porous, whereas papers from 


highly beaten stocks are dense, hard, and much 
stronger. With given pulps, final paper properties 
are largely controlled through the type and extent 
of refining action employed. 

A variety of additive materials are introduced to 
the papermaking pulps during stock preparation. 
Fillers, such as clays, titanium dioxide, or calcium 
carbonate, are used for the control of sheet opacity 
and for other secondary reasons. Many paper 
grades are sized to impart a degree of water 
resistance; rosin, usually introduced as a partially 
saponified solution-suspension and then precipi- 
tated on the fibers with alum, is the most com- 
monly used sizing agent. Dyestuffs are used ex- 
tensively for color control, even with white sheets. 
Other additives, such as wet-strength agents, de- 
flocculating agents, and defoamers, are used as 
needed. 

The operations of stock preparation have tradi- 
tionally been carried out in a Hollander beater. 
This consists of an elongated tub with a central 
midfeather, and a cylindrical beater roll operating 
against a bedplate on one side of the midfeather. 
Both the roll and the bedplate have bars on their 
surfaces, the clearance between these two sets of 
bars being adjustable. The operation is batch, with 
circulation of the furnish caused by rotation of the 
beater roll, and heating of the fibers taking place 
as they pass between the two sets of bars. Con- 
tinuous refiners, of both the conical and the disk 
types, are now used extensively. 

Sheet formation and drying. The continuous 
paper machine converts a very dilute aqueous 
suspension of fibers and other ingredients into a 
dry sheet of paper at speeds which may varv from 
a few feet to over Vj mile per minute. The machine 
may be one city block in length; even though the 
operations are complex, the principles involved are 
relatively few and straightforward. 

The fourdrinier machine is one of the two major 
sheetforming devices in widespread use. It con- 
sists in essence of a continuously moving wire belt 
or screen, to which the dilute papermaking slurry 
is fed and from which the wet, formed sheet is re- 
moved continuously. The slurry issues through the 
slice onto the wire, as a jet of uniform and proper 
thickness, speed, and consistency. As the slurry 
travels down the machine on its supporting wire, 
it passes over table rolls, suction boxes, and finally 
the suction couch roll. Each of these devices causes 
water to drain through the wire, and as the water is 
removed, the sheet is formed. 

The second major type of paper machine, dj e 
cylinder machine, differs from the fourdrinier only 
in the forming part. Here, in place of the moving 
wire, one or a series of rotary cylindrical filter 9 i* 
used. Each screen-covered cylinder is mounted in a 
vat and operates partially submerged in the dilute 
papermaking slurry being supplied to it. As the 
cylinder revolves, water drains through the screen 
to the interior of the cylinder, and the wet sheet 
is formed. This sheet is removed at the top of * e 
cylinder, and may be joined to other wet sheet 9 
from adjacent* cylinders to form a thicker 



D ated sheet or board. The press section and the 
drier are essentially the same as with the four- 
drinier- 

The factors contributing to paper sheet strength 
have received much study, yet are still not com- 
pletely understood. Although the contribution of 
individual fiber strength is not inconsequential, the 
role of fiber-to-fiber bonding is of major import. 
These bonds, which may be largely but not exclu- 
sively of the hydrogen-bond type, develop as the 
wet, plasticized, swollen fibers are brought into 
intimate contact during the drainage, pressing, and 
drying processes. 

Other types of forming devices are being studied 
and to some extent used commercially, particu- 
larly on tissues and other lightweight sheets. 
Other driers, particularly the Yankee drier with its 
one large drying cylinder, are used commonly. 

Machine converting operations. Many grades of 
paper receive some type of treatment after forma- 
tion and drying in order to enhance certain de- 
sirable characteristics. Of such operations carried 
out on the paper machine, machine calendering is 
one of the most common. Here the sheet is passed 
through the nips formed by a scries of steel rolls, 
one held on top of the other. Surface or tub sizing 
is common, particularly with writing papers. 

Machine coating is practiced extensively on book 
and magazine papers. A coating mix is applied to 
one or both surfaces of the dry sheet by any of 
several means. The coating is often clay, contained 
in a high-solids aqueous suspension which includes 
suitable adhesives and other ingredients. The sheet 
must be redried after the coating application. 

Paper products. The products oi the paper in- 
dustry are extremely varied. Throughout the cen- 
turies paper has retained its traditional uses, but 
the phenomenal growth of the industry during the 
past few decades has been due largely to new ap- 
plications and uses of paper and paper-based ma- 
terials. These new applications for the most part 
involve converted products. 

Three common machine converting operations 
were mentioned above. For the most part, however, 
the more complex converting operations take place 
subsequent to the paper machine operation, and are 
called off-machine converting. Supercalendering, 
embossing, coating, waxing, laminating, impreg- 
nating, saturating, corrugating, and printing are 
hut a few of the common operations. The cor- 
rugated paperboard shipping container is in wide- 
spread use, and represents one of the largest single 
uses of paper. Multiwall sacks are now used ex- 
tensively for handling granular materials. Food 
packaging, with its trend toward the small unit 
Packages, has led to extensive paper utilization, 
with the paper often coated, waxed, resin-impreg- 
nated, or combined with other foils and films, 
building papers and boards now constitute a siza- 
ble fraction of the industry output. Although rela- 
tively small in tonnage, one of the fastest growing 
segments of the industry is the production of filter 
Papers, for both air and liquid filtration. 

Just as traditional uses of paper have been over- 
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shadowed by newer and more diversified applica- 
tions, so also it appears that some of the traditional 
materials and manufacturing processes may grad- 
ually lose their unique position. There is significant 
interest in the use of glass and other mineral 
fibers, and in some of the synthetic high polymers, 
as raw materials for specialty papers. The behavior 
of these materials often makes desirable different 
processing techniques. Air-forming, for example, 
or the use of additive bonding agents, is indicated 
in some instances. The paper industry is in the 
midst of a period of growth and evolution, from 
which it may emerge quite changed from its tradi- 
tional character. See Cki.l walls in plants; Ce- 
llulose; Wood chemicals. | r.p.wh.] 
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Tech. Assoc. Pulp Paper Ind., annual; Tappi, 
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Assoc. Pulp Paper Ind., 1943. 

Papillomatosis, infectious (rabbit) 

A non fatal disease characterized by large, local- 
ized, fleshy tumors with horny surfaces, which oc- 
cur on the neck and shoulders of wild cottontail 
rabbits. It is caused by a virus, and natural infec- 
tion occurs by inoculation of the skin surface as 
the rabbit enters his burrow The disease is also 
known as Shope papilloma. It can be transmitted 
to domestic rabbits by filtrates, but little or no virus 
can be demonstrated thereafter. The papillomas 
may change to carcinomas (cancer) in either the 
wild or the domestic rabbit, but the role of the vi- 
rus in the chunge is not clear. See Animal virus; 
Oncology; Tumor viruses. [a.e.m.] 

Paprika 

A type of pepper ( Capsicum annuum) with non- 
pungent flesh, grown for its long red fruit. A mem- 
ber of the plant order Tubiflorales and of American 
origin, it is most popular in Hungary and adjacent 
countries. Seeds are removed from the mature fruit 
and the flesh is ground to prepare the dry condi- 
ment commonly referred to as paprika. Production 
in the United States is limited; California is the 
only important producing state. See Pepper; Tubi- 
florales; Vegetable growing. [h.j.c.] 

Parabola 

A member of the class of curves that are intersec- 
tions of a plane with a cone of revolution (see 
Conic section). It is obtained when the cutting 
plane is parallel to an element of the cone. In ana- 
lytic geometry, the parabola is defined as the locus 
of points (in a plane) equally distant from a fixed 
point F (focus)- and a fixed line (directrix) not 
through the point. It is symmetric about the line 
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Parabola, (a) As a conic section, (b) As a locus of 
points. 

through F perpendicular to the directrix. To con- 
struct a parabola, pin one end of a piece of string 
to a point F , and fasten the other end to one end 
of a ruler whose length equals that of the string. 
If the other end of the ruler slides along a line, 
and the string is kept taut hv a pencil, the point 
of the pencil will trace an arc of a parabola. Hip- 
pocrates of Chios (e. 430 n.c.) showed that one 
of the three famous problems of antiquitv. duplica- 
tion of the cube, can he solved In use of parabola^. 
The problem is to construct the edge of a cube 
whose volume is twice that of a given cube. If r 
denotes the edge of the gi\en cube, then the desired 
edge is obtained by considering the two parabolas 
whose equations in rectangular ('artesian coordi- 
nates are r ? = ry, v 1 ' = 2rr. They intersect at the 
origin and a point P(.r 0 .yo), with a 0 "* = 2r\ 

All parabolas are similar; they differ only in 
scale. For a discussion of the optical property of 
parabolas, .see Analytic c'.komktry. The curve lias 
numerous other properties of interest in both pure 
and applied mathematics ( for example, the trajec- 
tory of an artillery shell, assumed to he acted upon 
only by the force of gravity, is a parabola: and 
the circle flint circumscribes the triangle formed by 
any three tangents of a parabola goes through the 
focus'). Archimedes found the area hounded by an 
arc of a parabola and its chord; for example, the 
area hounded by the parabola r- = 2 rx and its 
latus rectum (the chord through F perpendicular 
to the axis) is (4V2/3 )c-\ The length of the para- 
bolic arc that is cut off by the latus rectum is 
[\/2 4 In (1 4- V2) |c. The volume obtained by re- 
volving this about the parabola’s axis is t rc\ and 
the surface is 2 / 3(3\/3 — l)7rr-. See Paraboloid. 

. [l. m. blitmknthal I 

Paraboloid 

A quadric surface (a surface having an equation of 
second degree in three variables) which has an axis 
such that every section of the surface by a plane 
parallel to the axis is a parabola or straight line, 
whereas every section by a plane perpendicular to 
the axis is a central conic with center on the axis. 
If these central conics are all ellipses (or circles or 
a single point), the paraboloid is called an elliptic 


paraboloid; and in particular if the ellipses areeb. 
cles, the paraboloid is a paraboloid of revolution 
Otherwise, these sections normal to the axis are 
hyperbolas (or a pair of lines through the axk) 
and the paraboloid is a hyperbolic paraboloid If 
the z axis is chosen as the axis of the paraboloid 
the equations may be reduced to the following, 
for the elliptic paraboloid, z = ( x ' a ) 2 -f- (y/b)“- 
and for the hyperbolic paraboloid, z — ( x / a )~ - 
( y/b ) or z = cry. The hyperbolic paraboloid is 
a ruled surface. The tangent plane at any point of 
the surface cuts the surface in two lines, called rul- 
ings. For the surface z = (_r / a )- — • (y //>)-. onP () f 
these rulings is parallel to (or lies in) the plane 
x a = y 7>, and (be other is parallel to (or lies in) 
the plane x'a — — y ' b . 




Two types of paraboloid, (a) Parabolgid of revolution 
(b) Hyperbolic paraboloid. 


Paraboloids of revolution are used as reflecting 
surfaces in automobile headlights and lelleeliiii* 
telescopes. Hays parallel to the axis arc all reflected 
through a single point called the focus, and iav- 
from the focus are reflected parallel to the avk 
See Analytic, u.oivi i. rm : Mirror optics: Punr- 
oi.a: Or\mw miri m i:: Scri ack and hh.id oi 
RKVOLMTION. f J. S. I* R \ Ml) \ 

Parachor 

A calculated value which is a function of the mji- 
face tension, molecular weight, and density <>f a 
liquid, and which is closely related to molpculiu 
structure. It is defined by the equation 

P = My l/i /(d,-d v ) 

Fn this expression, M is the molecular weight, y 
the surface tension in dynes/cm, di is the density 
of the liquid in g/cm\ and d, is the density m 
g/cnr 1 of the vapor in equilibrium with it. At teni- 
peral tires below the critical. d r is very small com 
pared to di , and is usually omitted in the evaluation 
of the parachor. 

A theoretical basis for the parachor has not liet*n 
well established. Its formulation by S. Sugden in 
1924 was based upon experimental evidence out- 
lined earlier by D. B. MacLeod. This evidence 
showed that for a given liquid, the ratio of the 
fourth root of the surface tension to the difference 
in liquid and vapor densities. 


of 


y 1 / 4 / (rf| — d v ) * constant 

was essentially constant over very wide ranges 
temperature. The ratio M/(d\ — dp) is» except 
the very small *d v term, a volume occupied by 
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gram-molecular weight of the liquid. The magni- 
tude of the surface tension of a liquid at a given 
temperature is a measure of the forces between 
the molecules of the liquid at that temperature. If, 
then, paraohors of two liquids are evaluated under 
conditions of equal surface tensions, their ratio is 
that of their molar volumes under conditions of 
similar intermolecular forces. This comparison of 
molar volumes, when it can he made, is often more 
useful than one at a particular temperature and 
pressure. See Moi.au volume. 

Each atom, group of atoms, closed ring, or multi- 
ple bond comprising the molecules of a liquid 
contributes very nearly independently to its para- 
chor. It is, therefore, an additive and constitutive 
property. For this reason, the paraehor is useful 
in determining the structural units comprising the 
molecules of a liquid. 

A number of tabulations of atomic and structural 
pai arbors have been presented. These values aie 
obtained from a correlation of a large number of 
experimental pararhors. The earliest is that bv 
Nigden in 1924. Several values from this tabulation 
are listed below. 


Carbon 

■ 1.8 

Double bond 

23.2 

Hvdrngen 

17.1 

Triple bond 

16.6 

Nitrogen 

12.5 

l-Membercd ring 

11.8 

Phosphorus 

37.7 

5-Membered ring 

8.5 

( )x vue n 

20.0 

6-Mem bored ring 

6.1 


More recent tabulations suggest somewhat differ- 
r*nr \ allies, and include corrections for position- of 
atoms or group- in a molecule. 

See Molecular structure and spectra; Re- 
h<\< no\ (molar); Surface tension. 

| r. j. johns ton | 

Bibliography : A. Weisshcrger (ed. ). Tcrht'quc 
<>l Organic Chemistry , vol. 1, pt. 1. 2d ed., *949. 

Parachute 

\ flexible, lightweight structure, generally in* 
tended to retard the passage of an object within or 
through atmosphere by materially increasing the 
resistive surface. A parachute is a decelerator or 
air- braking device in the general form of an oh i ate 
hemisphere. It comprises a canopy and cords, which 
form the suspension and attachment between 
canopy and object, 'flic theory of parachute devices 
fan he traced hack to Leonardo Da Vinci; practical 
application dates from late in the eighteenth cen- 
tury. The parachute, first employed for exhibition 
purposes, was used as a life-saving vehicle starting 
with the first years of World War 1, and b> 1916 
was adopted for widespread military use. 

Characteristics. A parachute canopy js a mem- 
brane which relies upon pressure differential across 
it to maintain its inflated shape. The differential is 
heated by entrapment of an air mass on the inside 
movement of the air on the outside. Inasmuch 
as its foremost purpose is to resist the force pro- 
pelling any body that is to be decelerated, and be- 
muse that force is most often gravity, the decelera- 
te itself should be extremely light. Rules for 
determining stresses in thin-walled pressure vessels 
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apply to the parachute canopy, which, by the na- 
ture of its shape and loading, experiences tension 
forces only. A parachute is usually composed of 
one basic element - - fiber. When fiber is converted 
to thread, thence to cloth, cord, webbing, and tape, 
parachute construction becomes a matter of struc- 
tural assembly. Important characteristics of a 
parachute include porosity (either through the 
fabric or numerous vents), strength of materials, 
aerodynamic behavior, dynamic behavior, weight, 
and ability to deploy freely. 

Application. The classical application of the 
parachute, like the closely related airplane, is as a 
man-carrying apparatus. It is the only suitably 
demonstrated device for emergency descent from 
aircralt. In various forms and arrangements, para- 
chutes have been used to (1) deploy paratroops in 
assault operations; (2) distribute supplies from air- 
ciaft; (3) restrict rate of descent of bombs, mines, 
and flares; (4) drop land and water vehicles; 
(5) decelerate airplanes, drones, and missiles dur- 
ing landing; and (6) recover space capsules, war- 
heads, drones, and weather recorders. Although ap- 
plications are limited by available materials (usu- 
ally nylon, silk, cotton, rayon, or plastic film) and 
design or fabrication practices, usage expands with 
the development of new techniques, fabrics, and 
plastics. | s. E. WEAVER 1 

Hibliopraphy: W. D. Brown, Parachutes , 1951; 
VSAF Parachute Handbook , Wright Air Develop. 
Center Tech. Rept. 55-265 (ASTI A Document AD 
118036). 1956. 

Paracolon bacilli 

(warn- negative, short, rod-shaped bacteria found in 
the intestine of man and animals. While not con- 
sidered primarily pathogenic, they cause a problem 
in the differentiation of pathogenic from non- 
pathogenic organisms in examination of fecal 
specimens. The paracolon bacilli lack the ability to 
utilize lactose immediately; that is, the fermenta- 
tion of lactose is consistently delayed. Although 
these microorganisms differ from the Escherichia 
in this respect they were once placed in the 
Escherichia. BergeyV Manual of Determinative 
Bacteriology I 1957) now places the paracolon 
bacilli in another genus, the Paracolobacterum , 
but this is a view not held by some authorities. The 
delayed fermentation of lactose, sucrose, or-salicin, 
and the lack of characteristic Salmonella antigenic 
patterns also separate these bacteria from the 
Sal monel l ae. The differential techniques by which 
the enteric pathogens and nonpathogens are sepa- 
rated depend upon various combinations of char- 
acteristic reactions also possessed in part by the 
paracolon bacilli (see Culture technique). This 
complicates the examination of stool specimens for 
pathogenic organisms. See Bacteriology, medi- 
cal; Escherichia; JMViG Test. [ a. j. weil] 

Paracrinoidea 

A class of extinct Crinozoa characterized by a 
theca of numerous plates irregularly arranged, 
uniserial armlike appendages, and no clear 
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distinction between adoral and aboral surfaces. 
Pores arranged in rhombs may occur. Their affini- 
ties seem to lie with both cystoids and crinoids. The 
known forms are of Ordovician age. See Cri- 
noidea; Crinozoa: Cystoidka; Rhombiff.ka. 

[ h. b. fellI 


Paraffin 

A term used variously to describe either a waxlike 
substance or a group of compounds. The former 
use pertains to the* high-boiling residue obtained 
from certain petroleum crudes. It is recovered by 
freezing out on a cold drum and is purified by crys- 
tallization from methyl ethyl ketone. Paraffin wax 
is a mixture of 26- to 30-carbon alkane hydrocar- 
bons; it melts at 52-57°C. Microcrystalline wax 
contains compounds of higher molecular weight and 
has a melting point as high as 90° C. The name par- 
affin is also used to designate a group of hydrocar- 
bons open-chain compounds of carbon and hydro- 
gen witli only single bonds, of the formula C„H 
where n is any integer. This usage is obsolete. 
.See Alkane; Wax, petroleum. | a. i.. hanson ] 


Paragonimiasis 

Presence of the fluke Paragonitnus westermani en- 
capsulated in the lungs or other tissues of man. 
The Orient is the classic endemic focus, but cases 
of human infection have occurred in America. There 
are many epidemiological ly important reservoir 
hosts. The disease is connected with eating raw or 
pickled fresh-water crustaceans. Eggs of the fluke 



Epidemiology of paragonimiasis. (From T. T. Mackie, 
G. W. Hunter, and C. B. Worth, A Manual of Tropical 
Medicine, 2d ed., Saunders, 1954) 


are passed in sputum or feces, embryonate in wa- 
ter, and hatch into the ciliated miracidium which 
penetrates into snails ( Melania spp.). Cercariae 
finally emerge and encyst in the crustacean. When 
the crustacean is ingested by man, the metaepr- 
cariae migrate by the way of the abdominal cavit\ 
and the diaphragm to the lungs. Ectopic lesion 
may occur. Symptoms resemble those of various 
lung diseases; a specific diagnosis is made onb 
upon demonstration that the reddish eggs are pres- 
ent. Chemotherapy is not altogether satisfactory. 
Sec Du;knea; Parasitology, medical. 

[ J. F. MAI. DON ADO j 

Parainfluenza virus 

One of a group of myxoviruscs associated with vari- 
ous respiratory illnesses. These viruses have a com- 
mon size, multiply in the amniotic cavity of nri- 
bryonated eggs, agglutinate mammalian or avian 
red-blood cells, and contain a receptor-des|ro\ing 
enzyme like the influenza viruses. They differ from 
influenza viruses in their large size and their tend- 
ency to lyse as well as agglutinate erythrocyte**. 
The parainfluenza viruses are relatively unstable, 
and activity falls off upon storage, even at freezing 
temperatures. Laboratory diagnosis may he made 
by the hemagglutination-inhibition, complement 
fixation, and neutralization tests. See M\xo\iri-s 

Subgroups. Four subgroups are known, desig- 
nated parainfluenza I. 2, 3, and 4. 

/. Parainfluenza 1. This virus group includes the 
Sendai virus, also known .is the liernagglulinating 
virus of Japan or as influenza I), and hemadsorption 
virus type 2 (HA-2). The Sendai virus has been 
reported to be the etiologie agent of pneumoniti- 
in newborn children and of pneumonia in pig* 

The widespread HA-2 virus appears to he one of 
the chief agents producing croup in children. In 
adults it produces respiratory symptoms like diosr 
of the common cold; reinfection may occur in per- 
sons with antibodies from earlier infections. Al- 
though not cytopathogenic for monkey kidney cul- 
tures, the viru9 is detected in such cultures by the 
hemadsorption test, that is, the clumping of guinea 
pig erythrocytes on the surfaces of the infected 
cells. See Cold, common. 

Parainfluenza 2 . Included in this group is the 
croup-associated virus, also known as the acute 
Jaryngotraeheobronchitis virus of children. The 
virus is grown in cultures of human and monke» 
cells, in which syncytial masses (multinucleated 
giant cells) are produced. Antigenically, parain- 
fluenza 2 virus is unrelated to all other myxovirusrs 
except mumps. Mumps patients develop parain- 
fluenza 2 antibodies, as do animals inoculated wit 
mumps virus. Antibody surveys show that these in- 
fections occur early in life. See Culture, tissue* 

Parainfluenza virus occurs spontaneously in 
monkey kidney cells grown in culture, as many a * 
30% of some culture lots being positive. Sinuan 
virus 5 appears to be identical antigenically W1 
parainfluenza 2. 

Parainfluenza 3. This virus its also known a* 
hemadsorption virus type 1 (HA-1). Serial passag 




in culture leads to cytopathic changes, but this 
effect appears several days after the hemadsorp- 
tion reaction becomes positive. 

The virus has been isolated from children with 
mild respiratory illnesses, as well as from some 
children suffering from croup. It has produced 
typical common colds. Strains have been isolated 
from cattle with a respiratory syndrome called 
shipping fever. 

Parainfluenza 4. The protype of thU virus is the 
recently discovered M-25 virus. It has failed to 
produce any cytopathic effects, does not grow in 
embryonated eggs, and can he recognized only by 
the hemadsorption technique. As regards human 
di-cases, all that is known at present is that parain- 
fluenza 4 virus is associated with malaise in young 
children. 

RS virus. Another virus, unrelated to any 
oilier known respiratory disease agent, but recently 
associated with respiratory illness, is the RS 
(respiratory syncytial) virus. Although isolated 
from patients with severe bronchopneumonia, the 
\irus may also be prevalent among young children 
with mild or inapparent illnesses. The RS virus 
has a diameter of about 100 millimicrons, possesses 
a soluble complement-fixing antigen separable 
from the infectious particle by high-speed centrifu- 
gation, and produces multinuclcaled giant cell 
(-.yncytial) pathogenicity in human cell cultures. 

| j. i,. mki.mick] 

Parallax (astronomy) 

The difference in direction to a celestial object 
from two separated points of observation. The 
distance between observational points is the base 
line. The base line may lie provided by the diurnal 
motion of Earth around its axis, in which co-e the 
parallax is diurnal or geocentric; it may h»* pro- 
vided by the motion of the Earth in its orbit about 
the Sun. in which case the parallax is annual or 
heliocentric; or it may be provided by the motion 
ol the solar system within the local galaxy, in 
which case the parallax is sec.ulai, as illustrated. 




Three types of parallax, (a) Geocentric or horizontal, 
(W Annual, (c) Secular. 
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Diurnal parallax. The size of Earth produces a 
geocentric parallax noticeable in observations of 
objects within the solar system. Horizontal parallax 
Ph is defined as the angle between the directions to 
the object 5 at the horizon as seen from the center 
C of Earth and from the observer’s locution O on 
the surface of Earth. The mean equatorial hori- 
zontal parallax refers to Earth’s equatorial radius 
(6378 kilometers) as seen from the mean distance 
of the celestial object. Thus defined, the diurnal 
parallax of the Moon is 57'2'.'7. Of great histori- 
cal importance is the measurement of solar paral- 
lax; the most accurate measurements give 
8"799 db O'.'OOl. This value provides the so-called 
astronomical unit of distance, which is the mean 
distance from Earth to Sun; it is 149,470.000 dt 
17.000 kilometers. The diurnal parallax of stars is 
negligible because of their great distances. 

Annual parallax. The *«i/.c of Earth’s orbit pro- 
duces a heliocentric parallax noticeable in observa- 
tions of the nearer stars. This parallax plays a 
fundamental role in the determination of the dis- 
tances to stars and is of basic importance in the 
si ltd v of the physical properties of stars. Annual 
parallax is the maximal angle subtended by one 
astronomical unit at the star’s location, hence the 
simple relation p * 1/r where p is the annual 
parallax expressed in seconds of arc, and r the 
distance expressed in parsecs. One parsec equals 
3.26 light years, or 206,265 astronomical units, or 
30.84 X 1 0 1 “ kilometers. 

Because of the great distances of the stars, an- 
nual parallax of a star was not successfully meas- 
ured until 1838; accurate determinations became 
possible in the twentieth century through photog- 
raphy with long-focus refractors (see Astrom- 
KTRY ) . 

Photographic measurement. The observed annual 
parallactic path of a star on the sky is measured 
against a background of three or four faint refer- 
en :e stars, presumably at much greater distances, 
so that, for all practical purposes, they are at in- 
finity. The photographic plates are commonly 
measured on a long-screw precision measuring 
engine and are reduced, by conventional algebraic 
methods, to allow for differences in scale, orienta- 
tion, and origin of the different plates taken of any 
one star. The first parallax determinations made 
in this way were commonly based on some twenty 
plates, each with two or three exposures, scattered 
over an interval of two or three years, the observa- 
tions being centered near maximum parallactic 
displacement: an accuracy of ±0''01 is thus 
reached. For the past two decades there has been 
a tendency to increase the number of plates to 
reach higher accuracy; however, there is, a definite 
limitation in accuracy, not so much due to the 
photographic plate and the measuring machine as 
to systematic errors caused by the telescope and 
by the atmosphere. The General Catalogue of 
Trigonometric Stellar Parallaxes lists the paral- 
laxes of almost 6000 stars ; for the nearer stars the 
percentage error is often well below 5%. For ex- 
ample, the parallax of Sirius is 0"375 =fc 0^004, 
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its distance 2.67 =fc 0.03 parsecs or 8.7 ± 0.1 light 
years. On the other hand, the trigonometric paral- 
lax method begins to fail for stars beyond a dis- 
tance of 20 parsecs. 

Use of data. Parallax measurements for the 
hundreds of nearer stars yield basic astronomical 
information. Knowledge of the spatial properties of 
the universe is based on accurate geometric meas- 
urements made in our immediate cosmic neighbor- 
hood. Annual parallax is a prerequisite for deter- 
mining the space velocity of a star and a star’s 
luminosity. The latter, expressed in absolute mag- 
nitude M , is related to the apparent magnitude m 
and the parallax p by M = m -b 5 + 5 log p. 

In the case of binary stars, parallax is a pre- 
requisite for measuring the total mass 4- M 2 ) 
of the binary system (see Binary stars). The sum 
of the masses (M\ + A/n), expressed in terms of 
the Sun’s mass, is related to the space-time dimen- 
sions of the double-star orbit through the relation 
M\ + M 2 — (a l{ /p H ) (1/P 2 ). Here a is the semi- 
major axis of the double-star orbit, p the parallax; 
both a and p are expressed in seconds of arc; P is 
the binary period expressed in years. 

Secular parallax. The motion of the solar system 
seems attractive for the purpose of measuring stel- 
lar distances, because time alone provides an indef- 
inite extension of the base line. However, there are 
severe limitations because of the motions of the 
stars themselves; hence only values of the average 
parallax for groups of stars, called mean secular 
parallaxes, may be measured. The method has 
proved important to extend our geometric knowl- 
edge of the Milky Way system, in a statistical 
fashion, by measuring average distances up to 
several thousand light years for groups of stars. 
The method also has been important in obtaining 
information about the average luminosity for stars 
whose parallaxes are too small to be measured by 
annual parallax. Closely related to mean secular 
parallax is the mean parallax of a group of stars 
obtained from a comparison of their average radial 
velocity with average values of their proper mo- 
tions or components thereof. 

Distance Of remote stars. Geometric measure- 
ments of parallax yield the distances of stars. From 
these distances and the apparent magnitudes of the 
stars, their absolute magnitudes or luminosities 
are determined. Spectral observations show that 
stars can be grouped into classes of like character 
( see Star). On the assumption that all stars of 
like spectral emission have equal intrinsic luminos- 
ity or absolute magnitude M t the apparent magni- 
tude m of a remote star can be measured photo- 
metrically and the parallax deduced from 5 log 
p + 5 * M — m. This photometric method is lim- 
ited by loss of light in space due to scattering 
or absorption. Another means for obtaining abso- 
lute magnitudes for use in photometric determina- 
tion of parallax is from observed periods of 
cepheid variables (see Variable star) . 

The spectroscopic method is calibrated from 
nearby stars whose geometric parallaxes are 
known; the method permits, in principle at least, 


the determination of stellar parallaxes up to an’ 
distance, as long as the star’s spectrum can be oh 
served. The method works better for stars of eei 
tain spectral type than for others. 

The period- luminosity relation of variable star 
has yielded knowledge of the tremendous distance 
of globular clusters and galaxies because of th 
appearance of cepheids in those distant system? 
The use of this approach, and that of other highl 
luminous distance indicators, is qualified by thei 
apparently nonunique behavior, as is illustrated 1> 
the existence of two types or populations of star 
which results in two parallel period-luminohit 
relations. 

Still another method is that of dynamical para 
laxes, based on the fact that there is a compart 
tively small dispersion in stellar masses. From ih 
known apparent size of a double-star orbit and ii 
period of 1 evolution, u is possible- -with a reasor 
able assumption of the sum of the masses — to ai 
rive at a good estimate of the parallax, whose pej 
centage error is only one-third of any perccntag 
error in the assumed combined mass. [ iw.d.k. 

Bibliography : L. F. Jenkins, General Catalogu 
of Trigonometric Stellar Parallaxes , 1952; P. va 
de Kamp, Elements of long-focus photographi 
astrometry, Photogramm . Eng., 22^2) :32 43, 1951 

Parallel circuit 

An electric circuit in which the elements or con 
portents are connected between two points with on 
of the two ends of each component connected t 
each point. The illustration shows a simple para 
lei circuit. In more complicated electric network 
one or more branches of the network may he mad 
up of various combinations of scries or aeries- para 
lei elements. See Circuit, electric. 
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In a parallel circuit the potential difference, or 
voltage, across each component is the same. How- 
ever, the current through each branch of the paral- 
lel circuit may be different. For example, the 
lights and outlets in a house are connected in par- 
allel so that each load will have the same voltage 
(120 volts) , but each load may draw a different cur- 
rent (0.50 amperes in a 60- watt lamp and 10 am- 
peres in a toaster). 

For a discussion of parallel circuits see Alter- 
nating-current circuit theory; Direct-curre^ 
circuit theory. [c.f.g.J 

Parallelepiped 

A polyhedron having six faces that are parallel m 
pairs. Each face is a parallelogram. If adjacent 
edges are perpendicular, the parallelepiped is 
called a rectangular parallelepiped- — or in coming 
speech, a rectangular box. The formula V * » 





means that the volume of any parallelepiped is 
(M|iial lo the product of its base (that is, the urea 
of a fate) times the altitude (that is, the distance 
from the base to the parallel face). For a rectangu- 
lar parallelepiped, the volume is equal to the prod- 
uct of the lengths of three edges that meet at a 
vertex. See Polyhedron; Prism atoid and pris- 
moid; Solid (geometric). [j.s.f.| 

Parallelogram 

\ quadrilateral, or four-sided polygon, having (a) 
opposite sides parallel (definition), or (b) oppo- 
site *ddes equal and eoplanar, or (r) a pair of op- 
posite sides equal and parallel. Its opposite an- 
gles are equal, its adjacent angles are suppiemen- 



Addition of vectors. 

tary. and its diagonals bisect each other. It** area 
is the product of its base and altitude. The line seg- 
ments joining the midpoints of consecutive sides 
ol any quadrilateral in space form a parallelogram. 
The parallelogram law for the addition of vectors 
slates that if two vectors are represented by I lie di- 
rected segments AB and AD* their vector sum is 

represented by the directed diagonal AC of the par- 
allelogram A BCD (see illustration). See .Quadri- 
lateral; Rectangle; Square. [j.s.f.] 

Paralysis agitans 

A syndrome of the central nervous system caused 
bv diffuse pathology of the brain, resulting in 
tremor, rigidity, and other symptoms. 

From an etiological viewpoint, the syndrome may 
be divided into paralysis agitans (Parkinson’s dis- 
ease), postencephalitic Parkinsonism, and sympto- 
matic paralysis agitans in combination with liver 
disease (Wilson’s disease) and arteriosclerosis. 
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The pathological lesions of all these disorders 
arc similar and involve degenerative lesions in the 
basal ganglia of the cerebral hemispheres, and in 
the cerebral cortex, in postencephalitic Parkin- 
sonism, pathology of the substantia nigra (which is 
located in the mesencephalon or midhrain ) is 
prominent. The symptoms consist of a coarse 
tremor of the head and extremities at rest, which 
diminishes during purposeful movement. Muscu- 
lar tone is increased; movements are slow and 
the face acquires a masklike expression. Speech is 
often blurred. In postencephalitic Parkinsonism, the 
convergent c of the eyes is affected, and patients 
also exhibit disturbances in their autonomous func- 
tions. such as in salivation. There is no mental im- 
pairment. although some patients are depressed. 
The differential diagnosis considers chronic alco- 
holism and hyperthyroidism, and is usually easily 
made. 

The course is progressive, hut decades may pass 
before patients are severely disabled. Therapy is 
symptomatic and includes drugs' such as bella- 
donna root and its various components, hyoseine, 
atropine, st (ammonium, and scopalamine. See Ab- 
normal behavior. [f.c.r.J 

Bibliography. II. II. Merritt, Textbook of Neu- 
rology . lOfifi. 

Paramagnetism 

A properly exhibited by substances which, when 
placed in a magnetic field, are magnetized parallel 
to the field to .in extent proportional to the field 
(except at verv l*>w temperatures or in extremely 
large magnetic fields). Paramagnetic materials al- 
ways have permeabilities greater than 1. but the 
values are in general not nearly so great as those 
of ferromagnetic materials. Paramagnetism is of 
two types, electronic and nuclear. 

Paramagnetic substances. The following types 
of substances are paramagnetic: 

1. All atoms and molecules whkh have an odd 
number of electrons. According to quantum me- 
i hanics, such a system cannot have a total spin 
equal to zero; therefore, each atom or molecule 
has a net magnetic moment which arises from the 
electron spin angular momentum. Examples are or- 
ganic free radicals and gaseous nitric oxide. 

2. All free atoms and ions with unfilled inner 
electron shells, and many of these ions , when in 
solids or in solution. Examples are transition, rare- 
earth, and actinide elements and many of their 
salts. This includes ferromagnetic and antiferro- 
magnelic materials above their transition temper- 
atures. For a discussion of these materials, see 
Antiferromacnetism ; Ferri magnetism ; Ferro- 
magnetism. 

3. Several miscellaneous compounds including 
molecular oxygen and organic biradicals. 

4. Metals. In this case, the paramagnetism arises 
from the magnetic moments associated with the 
spins of the conduction electrons and is called 
Pauli paramagnetism. 

Relatively few substances are paramagnetic. 
Aside from the Pauli paramagnetism found in met- 
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ala, the most important paramagnetic effects are 
found in the compounds of the transition and rare- 
earth elements which have partially filled 3 d and 
4/ electron shells respectively. 

Electronic paramagnetism. This arises in a sub- 
stance if its atoms or molecules possess a net elec- 
tronic magnetic moment. The magnetization arises 
because of the tendency of a magnetic field to ori- 
ent the electronic magnetic moments parallel to 
itself. 

The magnitudes of electronic magnetic mo- 
ments are of the order of a Bohr magneton, which 
is equal to 9.27 X 10 21 electromagnetic units 
(erg/gauss). See Electron spin. 

Nuclear paramagnetism. This arises when there 
is a net magnetic moment due to the magnetic mo- 
ments of the nuclei in a substance. An example is 
solid sodium, in which each sodium atom has a 
nuclear magnetic moment of 2.217 nuclear magne- 
tons. One nuclear magneton is equal to 5.05 X 10 21 
emu. Nuclear magnetic moments are about 1000 
limes smaller than electron magnetic moments. As 
a result, nuclear paramagnetism produces effects 
10 (i times smaller than electron paramagnetic or 
diamagnetic effects (see Diamagnetism ) . There- 
fore, it is usually impossible to detect nuclear para- 
magnetism by static methods since it will he masked 
by electronic effects. (An exception is the case of 
nuclear paramagnetism arising from the protons in 
solid hydrogen.) However, paramagnetic effects of 
nuclei are directly observable in resonance experi- 
ments. See Magnetic resonance; Nuclear mo- 
ments. 

Langevin theory. The Langevin theory of para- 
magnetism (P. Langevin, 1905) treats the para- 
magnetic substance as a classical (tion-quantum- 
mechanical) collection of permanent magnetic. 
dipoles with no interactions between them. The 
dipoles are the magnetic moments of the paramag- 
netic atoms or ions in the substance. The first task 
of a theory of paramagnetism is to account for the 
experimentally observed susceptibility (ratio of 
magnetization to applied field). See Susceptibility, 

MAGNETIC. 

If an external magnetic field is applied to the 
parainagnet, each magnetic dipole experiences a 
torque. Associated with the force which produces 
this torque is a potential energy 

F = -/I//CO8 0 (1) 

where ju. is the magnetic moment of the dipole, H 
is the applied magnetic field intensity, and 9 is 
the angle between the dipole and the direction of 
//. Now, in the absence of thermal agitation, each 
permanent magnetic dipole will become oriented 
in such a way that this potential energy is mini- 
mized, that is. oriented parallel to the magnetic 
field. With all the dipoles lined up, the magnetiza- 
tion (magnetic moment per unit volume), if there 
are N dipoles per unit volume, would be 

M- Nfi 

where the direction of the magnetization would be 
that of the applied field. Note that in this case an 


arbitrarily small magnetic field causes all the di- 
poles to line up so that the susceptibility 
X = M/H would be infinite. In the actual case, 
there is thermal agitation which in part offsets the 
aligning tendency of the magnetic field. The Lan- 
gevin theory takes this into account and predicts 
the paramagnetic susceptibility as a function of 
temperature. 

In the presence of thermal agitation, the mag- 
netic dipoles are not all lined up in the direction 
of the magnetic field, but there is some distribution 
of angles made with the field. In this case, the mag 
netization is 

• M = Nfx cos 9 

where cos 9 is the average of the cosine of the an- 
gle between dipole and field. The average is taken 
over the distribution of dipoles in thermal eipiilib- 
rium. According to statistical mechanics, this aver 
age is given by 

cos 9 = fe { v / kT > cos 9 dil/Se< v ^ kT) dil 

where dil is the element of solid angle and 
e ( v/A//) is the Boltzmann distribution in en- 
ergy V = — \i.H cos 0 | see Eq. (1)1 of a dipole at 
angle 9 with respect to the applied field at abso- 
lute temperature T. The integrations may be per- 
formed and the result is L(rz), the Lange\ in func- 
tion of a = [ JI/kT (see Langevin function) 
The result may be combined with Eq. (2) to give 

/ M = !\fj.L(n) 

If a « 1, then L(a) =o / 3 so that 

M&Nn*H/MT 

This is a good approximation except at low tem- 
peratures or extremely high fields. The suscepti- 
bility is 

x = M/ll = Nn*/3kT - C T CL 

The \/T dependence of the susceptibility i* known 
as the Curie law. The Curie law was established 
empirically by P. Curie in 1895 and is obeyed b\ 
many gases, liquids, and solids. There are some 
paramagnetic solids which obey the Curie- Weis* 
law x — C/TT — ()) in a certain temperature 
range. Here D is the Curie temperature. The mod- 
ification often arises because of effective interac- 
tions between the dipoles which are neglected in 
the preceding development. It may also be due to 
distortion effects. See Curif.-Weiss law. 

Experimental data for the paramagnetic sus- 
ceptibility is often expressed in terms of the effec- 
tive magnetic moment which must be used for / l 
in the Curie law [Eq. (3)] in order to give the ob- 
served slope of the curve of x plotted against L 7. 

Quantum theory. The quantum-mechanical the- 
ory of paramagnetism was worked out in detail b> 
J. H. Van VIeck in 1928. This theory is based on 
the fact that the magnetic moment of the perma- 
nent magnetic dipole arises from the total angula f 
momentum of the electrons in the paramagnedr 
atom, ion, or molecule. Thus an atom with tota 
angular momentum quantum number / " a9 
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(2/ -HD energy levels in a magnetic field (see 
Qi'antum theory, nonrklativistic). A collection 
of such atoms will be distributed among these levels 
according to a Boltzmann distribution. The mag- 
netization of such a system may be computed by 
finding the average component of angular momen- 
tum parallel to the field. The result is 

M = ftgJn.nRj(u*) 

where g is the spectroscopic splitting factor (the 
measure of the energy level splittings of the sys- 
tem). m is the Bohr magneton. «* = gJg.„H/kT. ? 

and Bj(a*) is the Brillouin function of a*. § 


y 


27+1 (27+ 1)«* I «* 

«,<»*>- 27- 


The Brillouin function also enters the theory of 
ferromagnetism. If a* is much less than unity, which 
a good approximation except at very low tem- 
peratures or in large fields, then 


9* g(7 f- \) M H/:\kT 

In this case a Curie law again prevails: 


x = m/h = Nju + (4) 
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The effective magneton number is defined bv 
gVJiJ f 1)^ and is the quantity usuall) given in 
experimental results. 

If only the electron spin contributes to the total 
angulai momentum, 7 = and fii/af#*) * 

I a nh (7/*) so that, except at low temperatures or 
high fields, 

x = N^r/MT 

which agrees with the classical result. This case is 
referred to as the “spin-only” case. 

Rare-earth ions. The paramagnetism of rare- 
earth ions at room temperature is summarb. :d by 
some representative examples in Table 1. 

The calculated effective magneton numbers in 
Table 1 are the theoretical values for isolated ions. 
The experimental values are derived from Eq. (4) 
using experimental values of the paramagnetic sus- 
ceptibility x* There is good agreement for al* i ire- 
earth ions with the exception of europium and 
samarium. The experimental results of Table 1 re- 
fer to the paramagnetic behavior of rare-earth ions 
in crystals; different salts of the same ion give the 
Mime results. 

The experimental result is therefore that at room 
temperature, a crystal containing a number of tri- 
valent rare-earth ions has the paramagnetic sus- 
ceptibility of that number of free trivaleftt ions. 

Table 1. Paramagnetism of some trlvalent rare-earth ions 

Effective magneton number 


Ion 

Electron 

configuration 

Calculated 

Ex|>erimental 

r.n 3 *■ 

4/»5*V 

2.54 

2.4 

Nd»+ 

4/*5*V 

3.62 

3.5 

8m* + 

4/*5*V 

0.84 

1.5 

Eu ,+ 

4/*5*’p® 

0.00 

3.4 

0d» + 

AT 5*v 

7.94 

8.0 

Yh«+ 

4f»‘5*V 

4.54 

4.5 


Energy levels In Van Vleck paramagnetism. 

The reason that there is little influence of the crys- 
talline electric fields on the magnetic behavior is 
that the electrons responsible for the magnetic mo- 
ments are in th»* 4/ state and therefore occupy an 
electronic shell lying well inside the ion, a shell 
that is shielded from outside influence by the S s 
and Up electrons. This is in contrast to the behav- 
ior of iron-group ions discussed later. 

At lower temperatures, the influence of the crys- 
talline electric fields on the electrons becomes 
more important and the behavior of the suscepti- 
bility can become quite complex. In this case, the 
susceptibility depends upon the orientation of the 
magnetic field with the crystal axes. 

The behavior of europium and samarium at room 
temperature is still explainable on the basis of a 
theory of free ions if the effect of Van VJeck para- 
magnetism is included. 

Van Vleck paramagnetism. This arises when the 
energy states of an atom or ion divide into two 
groups, those within an energy kT of the ground 
(lowest energy) state and those which are sepa- 
rated from the ground state by an energy greater 
than kT. Here k is Boltzmann’s constant, and T is 
the absolute temperature. The situation is sketched 
in the figure. The low-lying states give rise to a sus- 
ceptibility which follows a Curie law. If these low- 
lying states arise from a single value of the total 
angular momentum 7, as in the figure/ then the 
quantum-mechanical derivation applies (Eq. (4)]. 
The high-lying states give rise to a small tempera- 
ture-independent susceptibility, an effect which is 
known as Van Vleck paramagnetism. In intermedi- 
ate cases, such as in the trivalent europium and 
samarium ions,. the upper states are only a little 
more than kT away from the ground state so that 
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Table 2. Paramagnetism of iron-group ions 

Effective magneton number 


Calc, li- 


Ion 

Electron 

config- 

uration 

Calcu- 
lated 
with ./ 

la ted 
with J? 
only 

Experi- 

mental 

Ti* + , \ M+ 

:w» 

i .55 

1 73 

1.8 

\ 3+ 

3// 2 

1.63 

2.83 

2.8 

Cr 3 \ V 2 + 

3d* 

0 77 

3.87 

3.8 

Mn 3 \ Cr 2H 

3d 4 

0.00 

4.00 

4.9 

hV f . M ii 2+ 

3d r * 

5.02 

5.02 

5.9 

F«* + 

3d« 

6.70 

4.00 

5. 1 

Co 2 + 

Ml 1 

6.54 

3 87 

4.8 

Ni 2f 

:W H 

5.50 

2.83 

3.2 

Cu* 1 

3d» 

3.55 

1.73 

1.9 


the temperature dependence is still more compli- 
cated. 

Iron-group ions. The paramagnetism of iron- 
group ions in crystals is summarized in Table 2. 

Quenching of orbital angular momentum is ex- 
hibited in crystals containing ions of the iron 
group. The last three columns of Table 2 indicate 
that the orbital angular momentum makes no con- 
tribution to the magnetic moment but that the iron- 
group ions behave in crystals as free ions with only 
the spin .S contributing to the magnetic effects. 
This is evidenced by the fact that the “spin-only" 
values of the effective magneton numbers agree 
well with the experimental results. The orbital an- 
gular momentum is quenched because the 3r/ elec- 
tronic shell, which gives rise to the paramagnet- 
ism, is outermost for the iron group: it is there- 
fore exposed to the strong crystalline electric fields 
arising from neighboring ions. These asymmetric 
electric fields decouple the orbital angular mo- 
mentum from the spin angular momentum. 'Phis 
means that the energy levels are no longer specified 
by the total angular momentum quantum number 
J; S alone may determine the levels. More pre- 
cisely. the (21, 4 1) degenerate orbital angular 
momentum states of orbital angular momentum 
quantum number L may be split by the crystal 
fields so that the lowest orbital state is nondegen- 
erate (singlet). Then there is no possibility of ori- 
enting the orbital angular momentum bv a magnetic 
field so that only the spin contributes to the mag- 
netic moment. It is often said that the crystal field 
“locks” the orbital angular momentum so that it 
cannot be oriented by a magnetic field. Partial 
quenching occurs when the orbital degeneracy is 
only partially removed by the crystal field. Partial 
quenching and anisotropic effects can also be 
caused by spin-orbit coupling. This influence may 
he observed in spin-resonance and specific-heat ex- 
periments. See Adiabatic demagnetization ; Mag- 
netic RESONANCE. 

Pauli paramagnetism. This is the paramagnet- 
ism associated with the conduction electrons of a 
metal. A metal is usually described in terms of a 
collection of positive ions with closed shells which 
are arranged on a crystal lattice plus electrons 
which are essentially free to move about the crys- 
tal (see Free-electron theory of metals). Each 
electron has an intrinsic spin angular momentum 


and these momenta give rise to a paramagnetic 
magnetic moment. At first sight it would seem to he 
correct to apply the Langevin formula to this “gas" 
of electrons, hut the experimental facts are that 
the paramagnetic susceptibility of conduction Her- 
irons is about one-hundredth of that predicted |,\ 
the Langevin formula \Eq. (3) |. Furthermore, the 
susceptibility is temperature independent rather 
than varying us l/T (Curie law). The explanation 
was given by W. Pauli in 1927: The electrons ohe> 
the quantum statistics of E. Fermi and P. A. M 
Dirac rather than the classical statistics which are 
used in the derivation of the Langevin formula. 
This means that a given energy state can he occu- 
pied at most by two electrons, and their spin angu- 
lar momenta must be in opposite directions < see 
Exclusion principle). As a result, the net angular 
momentum is zero, even on application of a mag- 
netic field. Thus most of the electrons in a metal 
contribute in sum no magnetic moment. That is m 
say, an electron’s spin angular momentum nia\ 
not orient parallel to an applied magnetic field be- 
cause there is already an electron in that eneigy 
slate with its spin parallel to the field. There arc. 
however, a few electrons which are not “paired 
off." and the spins of these can be oriented hv the 
field. These electrons conti ilmte to the siiscepti 
bility according to a Curie law. but the number 
of them is proportional to the temperature. The 
combination ol the two temperature dependence- 
leads to a temperature-independent susceptibility, 
smaller than the prediction of the Langevin for- 
mula for ;V electrons per unit volume because onlv 
a fraction of these may contribute. The Pauli sus- 
ceptibility may he written (for a free electron gust 

X = Mtnc'ZkTr 

where N is the number of electrons per unit volume 
and kTp is the Fermi energy characteristic of the 
metal. The fraction of electrons contributing to the 
susceptibility at temperature T is of the order T Tt ■ 
For sodium, for example, kT F = 3.12 electron volts, 
Tp = 37,000° K. The Pauli paramagnetism of met- 
als has been observed in spin-resonance experi- 
ments. The total susceptibility arises from Pauli 
paramagnetism and diamagnetic contributions from 
conduction electrons and ion cores. [e.a.: f.k.J 
Bibliography: C. Kittel, Introduction to Solid 
Stale Physics , 2d ed., 1956; L. Marton (ed.). Ad- 
vances in Electronics and Electron Physics , vol. 6. 
1954; J. H. Van Vleek, The Theory of Electric and 
Magnetic Susceptibilities , 1932. 

Paramecium 

A ciliated protozoan of the subphylum Ciliophora. 
Perhaps the most common of all protozoan genera, 
there are several species of Paramecium which 
differ in anatomical details. They have an oral 
groove leading to a gullet through which food 
enters. They eat bacteria, smaller protozoa, yeast, 
and algae (see Algae ; Bacteria; Yeast). There 
are two contractile vacuoles for the control of 
water balance and excretion, and a definite spot for 
the discharge of solid wastes. Locomotion is ac- 
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Paramecium c audatum, a fresh-water ciliate. Dia- 
grammatic sketch shows principal parts. (From T. I. 
Storer and R. L. Usinger, General Zoology, 3d ed., 
McGraw-Hill, 1957) 


rmnplishcd by the healing of tile cilia which, a-, a 
loult of t heir shape, produce an undulating, spiral 
movement. In a process called conjugal ion. the 
Panwu'citun shows one of the most primitive forms 
«d sexual reproduction. Normal reproduction U hv 
hi na r> fission. .See CtuoriioKA. |j.I).b. ] 

Parameter 

An auxiliary variable, funetions of which give the 
coordinates of a curve or surface. The coordinates 
of a curve are functions of one parameter. A curve 
in 3-space has the parametric equations 
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vacuum, basically because the electrons do not re- 
pel each other in the crystal. Therefore, the dimen- 
sions of the device can lie kept small, consistent 
with the requirements of very-high-frequency am- 
plification. The parametric diode is intrinsically a 
low-noise device, because its action is dependent on 
reactance variation, which introduces no noise of 
itself, rather than the noise- producing variation of 
resistance employed in the conventional mixer di- 
ode. 

Parametric amplifiers require a source of high- 
frequency power, usual]-, called the pump, rather 
than a direct-current supply, as for conventional 
vacuum tubes. 

As a low-noise, high-frequency amplifier, the 
parametric amplifier competes with another solid- 
state device that also requires a high-frequency 
pump, flit* maser. The maser has excellent perform- 
ance with respect to noise, hut it must he re- 
frigerated to temperatures usually less than 4C° 
above, absolute zero, and requires a strong and 
uniform magnetic field. Compared to the maser, 
the parametric amplifier is extremely simple. .Sec 
M askk. 

Operation. The operation of the parametric am- 
plifier can he most easily explained in terms of 
its low-frequency analog. The following refers to 
the capacitive version, hut a similar treatment ap- 
plies to the parametric amplifier using a non- 
linear inductor. 

Multiplying the cosines of two angular frequen- 
cies «n and <->•_< 


x ~ / ( / ) y = g ( t ) z = h(t) 

The coordinates of a surface are functions of 
I wo parameters: 

x = /(z/,r) y -■ g(u.i) z = h(uj • 

When constant values are assigned To the param- 
eters u or i\ these equations represent the para- 
metric curves on the surface. General surface 
curves are obtained by replacing u and v by func- 
tions of a new parameter t. 

An arbitrary constant in an equation n also 
called a parameter. Variations in the values <•' the 
parameter generate a system of equations which 
may represent a family of curves or surfaces. Such 
families are called one-parameter, two-parameter, 
and so on, according to the number of independent 
parameters. See Parametric equation. Ll.br.] 

Parametric amplifier 

A low-noise, high-frequency amplifier that employs 
nonlinear variation of capacitance or inductance 
to achieve amplification. The most common type of 
parametric amplifier uses a back-biased silicon di- 
ode, whose capacitance is varied by the application 
of ultra-high or microwave frequency power. The 
parametric amplifier is also known as the variable 
reactance amplifier, varactor, or MAVAR. 

In a device of this type, in which the electrical 
charges flow through a solid crystalline material, 
It is possible to obtain current densities many times 
greater than those possible in an electron beam in 


COS (aJj 4- UJ 2 ) COS (o>l — W 2 ) 

COS tOi COS CO 2 — ■ - -h - 

4-t C* 

generates terms containing the sum and the differ- 
ence of the frequencies. Multiplication of two fre- 
quency components occurs when they are combined 
by a nonlinear device, commonly called a mixer. In 
the parametric diode, nonlinear changes of capaci- 
tance with applied voltage are employed to gener- 
ate the sum and difference components 

The equivalent circuit in its most elementary 
form consists of two tuned circuits coupled through 
a nonlinear capacitor. From an external source, 
voltage of frequency «>,, (where p stands for pump) 
is applied to the capacitor, causing its capacitance 
to vary in a nonlinear fashion at frequency o> ; ,. A 
signal of frequency a > H is applied across, the first 
tuned circuit. Through the action of the nonlinear 
capacitance, multiplication of the and ti> ; . com- 
ponents occurs. 

It is a property of nonlinear reactive mixing that 
amplification of signals can occur, with the added 
signal power being derived from the pump source. 
Thus amplification of the signal can be achieved. 
However, the amplified signal may be at a differ- 
ent frequency (i stands for idler). The original 
signal can be recovered from the <*>, component 
by standard electronic techniques. 

Several different variations are possible. The 
pump frequency may equal the difference between 
the signal output frequency and the signal input 
frequency. This case, sometimes called the non- 
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regenerative up-converter, is unconditionally stable 
for all source and load impedances. Its power gain 
can be as great as the ratio of output frequency to 
input frequency. 

In the remaining cases, the pump frequency is 
the highest frequency present. In all these, the ad- 
mittance of the variable-reactance amplifier pos- 
sesses a negative real part, and the amplifier is 
therefore regenerative and may become unstable. 
The regenerative up-converter has a signal output 
frequency higher than the input signal frequency, 
with the pump frequency equaling the sum of the 
input and output frequencies. This connection gen- 
erally gives highest usable gain and lowest noise 
figure. The regenerative down-converter has an out- 
put frequency lower than the input frequency, 
with the sum of the input and output frequencies 
again equal to the pump frequency. The perform- 
ance of this configuration is somewhat less favor- 
able than the regenerative up-converter, but it has 
the advantage that the pump frequency is only 
slightly higher than the input frequency, and that 
the output frequency is lower than the input fre- 
quency. 

In the final variation, use is made of the negative 
resistance presented by the variable-reactance am- 
plifier. The input frequency and output frequency 
are equal, and it is necessary to resort to a non- 
reciprocal element, such us a ferrite isolator or cir- 
culator, to ohtuin the useful amplification. For this 
circuit to operate, an idler circuit, tuned to the fre- 
quency difference between the pump and the input 
signal, must he used. 

The inductive reactance form of parametric am- 
plifier may use a ferrite or a garnet as the non- 
linear element. 

Characteristics. Compared to high-frequency 
vacuum-tube amplifiers, the parametric amplifier 
has the advantage of lower noise. In a single stage, 
its gain-bandwidth product may he somewhat less 
than that of the equivalent vacuum-tube stage. How- 
ever, a number of parametric amplifiers are used 
in tandem in a structure known as a traveling-wave 
parametric amplifier, to produce extraordinary 
bandwidth. For a traveling-wave parametric ampli- 
fier bandwidth of several hundred megacycles, gains 
of the order of 20 decibels (db) and a noise figure 
as low as 0.5 db are theoretically possible. Similar 
performance can be expected from other types hut 
with reduced bandwidth. Present performance does 
not reach these limits, particularly in noise figure. 

It is possible to use the properties of electron 
beams, instead of current in solid-state mate- 
rials, to produce the variable energy storage needed 
for parametric amplification. Such electron beam 
devices have achieved results, in spite of the pres- 
ence of thermal noise in the electron beam, com- 
parable in noise figure to those obtained with solid- 
state reactance amplifiers. See Semiconductor. 

[C.V.B.] 

Bibliography i W. E. Danielson, Low noise in 
solid state parametric amplifiers at microwave fre- 
quencies, J. AppL Phys 30:8-15, 1959. 


Parametric equation 

A type of mathematical equation used, typically, to 
represent curves in a plane or in space of three di- 
mensions. In principle, however, there is no limita- 
tion to any particular number of dimensions. A pa- 
rameter is actually an independent variable. In ele- 
mentary analytic geometry a curve in the xy plane 
is often studied, in the first instance, as the locus of 
an equation y = F(*) or G(x,y) = 0. The form y ■- 
F (x) is not adequate for the complete representa- 
tion of certain curves, whereas the form G(jc,y) =-. 
0 may he adequate. The circle x~ + y- — 16 = 0 
affords an example. But the form G (x,y) = 0 is not 
always convenient. The parametric form x - fit), 
y = #(f ) is often the most convenient; moreover, it 
is often the naturally occurring form of representa- 
tion of the curve. For the circle x - 4 y- - 16 = 0 
one possible parametric representation is 

x = 4 cos f, y = 4 sin t 

Parametric curves. A pair of equations x = 
/(/). r — git), where / and g are continuous func- 
tions defined for some interval of values of f, f«>i 
example, a ^ t b % is said to define a parametric 
curve. The locus of points (*,>) obtained in this 
way is not always what would be^regarded a> a 
curve by a layman. If one thinks of t as time, the 
equations define the motion of the point (*,v) as / 
increases from a to b. Clearly the path can erns*- 
itself, double back on itself, or the point may even 
remain motionless. Even more surprising, the point 
may pass through every position within an entirf 
square unit of area. 

In calculus the customary restrictions placed on 
/ and g in the case of a parametric curve are that 
/ and g have derivatives /'. g' which are continuous 
and such that /'(f) and g'\t) are not zero at the 
same time. Exceptions for isolated values of / are 
sometimes permitted. The result of these conditions 
is that a part of the curve near any one point on il 
can he represented either in the form y = Fix ) or 
in the form x = F(y), where F is a differentiable 
function with a continuous derivative (a result ot 
implicit-function theory). This implies that the 
parametric curve really looks like a curve in the 
intuitive sense and has a continuously turning tan- 
gent. The curve may cross itself, but the part gen- 
erated by small variations of t from any fixed value 
to is what is called a smooth arc. 

The arc length L of a smooth arc from h to f i i" 

The corresponding differential formula is 
ds 2 = dx 2 4- dy 2 

where s is arc length measured along the curve. In 
polgr coordinates the formula is 

ds 2 - dr 2 + r 2 dO 2 

The curvature of a curve is defined as K * d$/d s ' 
where 5 is arc length and is the angle from * 
chosen fixed direction to the tangent drawn in the 



direction of increasing s. The parametric, formula 
for K is 


X *y n _ y r x tf 
Z (x' 2 + y '2)372 

where the + or — sign is to be chosen according as 
<ls dt is positive or negative. Here 


dx 

dt 





If y = F(x) is obtained from x = f(t).y = 
it follows by the technique of differentials that 
dy - F'{x) dx and dx = f'(t) dt , dv = g'U) rfr, 
whence 


Likewise 


d 2 y 
dx 1 


r (x) 


m 


dF'(x) = /W'(0 - 
dx [/'(/) | 8 ' 


Higher derivatives of P can also lie found in terms 
of derivatives of / and g. 

In some cases it is necessary to include what 
occurs as / *— * ± x to complete a parametric repre- 
sentation in a natural way. For instance. 


2/ 1 - t 9 

x = i +7® rm \+? 

represents the circle -f y“ - 1 except for the 
point (0.— I ). This point is obtained in the limit as 
cither t — » — oc or t — > -j- oo. 

The cycloid x - ait — sin f). > = ci( 1 - cos t ) 
is an example of a curve that is easily and naluiallv 
represented in parametric form, but is represented 
only with great awkwardness by a single np'ation 
in z and y. 

Curves in space of three dimensions are repre- 
sented parametrically in the form x — fit), v = 
Kit), z = h(l). The conditions for a smooth arc 
arc similar to the conditions in the plane case. 

Parametric surface. A parametric surface in 
space of three dimensions is defined by x ~ fiu.r). 
' = g (u,v ) , z = h(u.i). where /, g. h are contin- 
uous functions of the two parameters u. v. In order 
to have a surface which conforms to the intuitive 
ideas of a smooth surface, it is sufficient to impose 
the condition that, for (//,?>) in a certain square (or 
other region ) in the uv plane, the functions /, g. h 
possess continuous first partial derivatives such that 
I he three jacohian determinants 




dh dh 

;»/ df 

du dv 


du dv 

j du dv 

dh dh 

h - 

df df 

dg 

du dv 


du dv 

! du dv 


arc never zero at the same point Under these 

conditions, a sufficiently small square containing a 
fdven point in the uv plane is “mapped” onto a 
smooth piece of surface, and are conv 

Ponents of a vector which is perpendicular to the 
plane tangent to the surface. The area A of this 
piece of surface is 
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A * JJvyi 2 -f- y.) 2 -f. y 3 2 du dv 

where the double integral is extended over the 
square in the uv plane. For a discussion of implicit 
functions and jacohian determinants, see Partial 
DIFFERENTIATION. See also ANALYTIC GEOMETRY ; 

Calculus, differential and integral; Operator 

TIIKOR Y- [A.E.T.l 

Paranoia 

A mental disease characterized by logically sys- 
tematized delusions of persecution. It is a severe 
illness and usually takes a chronic course. Pure 
forms of paranoia are rare. Paranoiacs belong to 
the small group of mental patients who can he 
potentially dangerous. The thinking and feeling of 
ihesr patients, apart from their rigid and unalteia- 
ble delusions, arc unimpaired. 

The chief symptoms ure systematic, consistent, 
and persistent delusions of persecution, far exceed- 
ing character traits of hypersensitivity, suspicions 
and qnerulousness, irascibility and pettiness which 
arc found in paranoid personalities. The paranoiacs, 
like paranoid personalities, are problems in the 
community, hut to a greater degree. Their hostility, 
seclnsiveness, and cynicism make contact with them 
difficult. 

Although the cause of paranoia is not clearly 
established, psychological factors play a very im- 
portant role. Sigmund Freud drew attention to the 
etiological significance of repressed and projected 
homosexuality and aggression. The precipitating 
cause is often an actual tort or injustice inflicted 
upon the patient. Normal persons overcome such an 
experience, hut the paranoiac does not. 

The differential diagnosis is usually not difficult. 
Although the Viennese school of psychiatry includes 
paranoia in the schizophrenic group, the disorder 
needs to he differentiated from paranoid schizo- 
phrenia, paranoia in alcoholism, paranoid states, 
and paranoid psychopathology. See Paranoid 
state: Schizophrenia. 

Hospitalization, in many cases, is an absolute 
necessity. The only method of treatment is psycho- 
therapy which has proven in most cases extremely 
difficult and not successful. See Psychosis; Psy- 
chotherapy. f f.c.r.3 

Bibliography : J. R. Ewalt, F. A. Strecker, and 
F. G. Fbaugh, Practical Clinical Psychiatry , 8th ed., 
1957 . 

Paranoid state 

A severe and chronic psychosis with predominant 
delusions of persecution. The delusions, in contrast 
to those of paranoia, are inconsistent, illogical, and 
often accompanied by hallucinations. Otherwise, the 
personality does not show the disintegration which 
occurs in schizophrenia. However, some schools of 
psychiatry do not separate this mental disorder 
from the schizophrenias (see Paranoia; Schizo- 
phrenia). 

The symptoms are an incoherent and bizarre sys- 
tem of delusions of persecution and grandeur, fed 
by various hallucinatory experiences. Patients are 
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unable to correct such experiences and convictions 
and test them in the light of reality. The disorder is 
chronic, but does not lead to a profound or general 
deterioration. It usually occurs in the mature age 
group. 

The etiology is obscure, although many psychia- 
trists are impressed by the importance of the same 
psychological factors which play a role in the 
etiology of paranoid schizophrenia. 

Organic therapy, such as electric convulsive 
therapy, insulin coma treatment, and psycho- 
surgery, has been of little help. Psychotherapy is 
very difficult, although once confidence between 
therapist and patient has been established, some 
patients have benefited from supportive and analytic 
psychotherapy. Many patients with paranoid states 
need to be hospitalized in psychiatric institutions. 
See Psychosiirgkry; Psychotherapy. | fx.r. | 

Bibliography : J. R. Ewalt, E. A. Strecker, and 
F. G. Ebaugh, Practical Clinical Psychiatry , 8th ed., 
1957. 

Parapertussis 

A disease which resembles whooping cough but 
which is milder and usually nonfatal. It is caused 
by a bacterium, Bordetella parapertussis , which 
closely resembles B. pertussis , but is distinguished 
by its utilization of citrate and the production of a 
brown pigment. Vaccination against pertussis does 
not protect against parapertussis even though the 
organisms share several antigens. See Hemophilic 
bacteria; Whooping cough. | w.f.v.“| 

Parasitic castration 

Destruction of the reproductive organs by para- 
sites. Direct castration occurs when parasites pene- 
trate the sex organs and feed on them, as trema- 
todes do in the gonads of mollusks. Indirect castra- 
tion results when parasites cause the gonads to 
atrophy. Some parasitic barnacles cause the regres- 
sion of gonads of crabs but do not actually invade 
the gonads. Changes in the secondary sex charac- 
ters commonly result. 

In animals, Crustacea furnish good examples of 
parasitic castration. The gonads may completely 
atrophy in ciahs parasitized by Rhizocephala. More 
often, the development of the sex gland is retarded. 
A characteristic effect is the failure of egg cells to 
deposit yolk. The most noticeable external change 
in parasitized male crabs is broadening of the abdo- 
men so that it resembles that of a normal female. 
In parasitized females an adult type of abdomen 
appears precociously but growth of the pleopods 
is inhibited. 

In plants, the term parasitic castration has been 
employed to describe the action of smut fungi in 
the grain of wheat, and the conversion of stamens 
and carpels into petals in plants infested by nema- 
todes. 

Some hypotheses attribute the morphological ef- 
fects of parasitic castration to metabolic disturb- 
ances. Others emphasize hormonal relationships or 
interference with the action of sex genes. See 
Rhizocephala; Smut (microbiology). fp.G.R.] 


Parasitic oscillation 

Undesired oscillations, which may occur in an\ 
type of circuit such as an audio-, video-, or radio* 
frequency amplifier, oscillator, modulator, or pulse 
waveform generating circuit. For example, it often 
happens that, with no apparent input signal to UI , 
amplifier, an output voltage of considerable rnag- 
nitude is obtained. The amplifier may be oscillat- 
ing because some part of the output is inadvertently 
being fed hack into the input. This feedback ma\ 
result from the output impedance of the power 
supply. If feedback does occur through the power 
supply impedance, the oscillations can usually he 
stopped by the use of appropriately placed de- 
coupling networks. Such a filter is obtained h\ 
placing a resistor in series with the plate load 
and bypassing the resistor to ground with a large 
capacitor. Sec Amplifier; Feedback circi ii ; Os. 
cillator. 

Feedback may also occur through the intereln 
trodc capacitance from grid to plate <>l a tube, 
through lead inductances, stray wiring, and oih«*i 
paths, which are often difficult to determine ex- 
actly. Parasitic oscillations are particularly pre\a- 
lent in circuits where physically large tubes are 
used, in circuits where tubes or transistors arc <>p 
crated in parallel or push-pull, and in power stage-. 
The frequency of oscillation may he in the uuclii* 
range hut is usually much higher. Often it m» 
higl> (hundreds of megacycles) that its presence 
cannot he detected with an oscilloscope. A low- 
wattage neon bulb insulated from ground mav b» 
used as an indicator. When the lamp is brought 
near that portion of the circuit which is oscillating 
it will glow. 

Parasitic oscillations represent a waste oi power, 
a distortion of the desired waveform, or a complete 
malfunctioning of the circuit. Hence, these oscilla- 
tions must he eliminated. This can usually he ac- 
complished by a change in circuit parameters, a 
rearrangement of wiring, some additional bv pac- 
ing or shielding, a change of tube or transistor, the 
use of an rf inductor in the plate circuit, the use 
of rf chokes in series with filament lead, and other 
methods. A small resistance (50 -1000 ohms) placed 
in series with a grid and as close to the grid termi- 
nal as possible is often effective in reducing high- 
frequency oscillations. 

Even if the circuit is not oscillating, an output 
voltage may be present in a vacuum-tube amplify 
in the form of hum from the use of ac heated fila- 
ments. Some hum may also appear from pickup 
resulting from stray magnetic fields of the power 
transformer or from the fields produced by the 
heater current in the connecting leads. It i*» also 
possible to pick up rf signals radiated through 
space. Spurious output voltages caused by vibra- 
tions of the electrodes because of mechanical or 
acoustical jarring of the tube are called micro- 
phonics. The undesired waveforms discussed m 
this paragraph should not be confused with true 
parasitic oscillations. See Ncilss;, electrical. 
Shielding, electrical. [j.mi.J 



Parasitology 

A branch of biology which deals with those organ- 
i*ms, plant or animal, which have become dependent 
on other living creatures. The essential criterion of 
parasitism is dependency, the loss of freedom to 
jive an independent existence; all degrees of de- 
pendency obtain, from transitory symbiosis to 
complete helplessness. There is a direct correla- 
tion between the degree of dependency and the ex- 
tent of parasitism. Plants are primarily free- living 
and consequently parasitism is far more prevalent 
in the animal kingdom. Here it is both extensive 
and intensive, since few, if any, species are free 
from attack and since the parasites are often pres- 
ent in enormous numbers. Parasitism has appeared 
in every phylum of animals, where the individuals 
themselves are parasites or serve as hosts to para- 
sitic forms. Some parasites are temporary 01 
facultative, but most are obligatory, that is. unable 
In survive apart from their hosts. Parasitism in- 
volves a gradual and progressive adaptation on the 
part of the parasite, and recovery of an independent 
status becomes increasingly difficult. It is clear that 
parasitic species have been derived from free-living 
ancestors and this inode of life is probably as old 
and a*- universal as animal associations themselves. 

Practically all animal parasites arc invertebrates, 
and although cither groups have parasitic members, 
most parasitic species are found among the proto- 
zoans, the worms, and the arthropods. Certain of 
these groups, the Sporozoa, Trematoda. Cestoda. 
and Acanthocephala, are exclusively parasitic. The 
Sporozoa have no genetic entity *»nd comprise a 
heterogeneous collection of ameboid and flagellate 
forms, both of which have become cell or tissue 
parasites. In these forms binary fission has be« n re- 
placed by multiple fission, and there is an al'erna- 
l ion of sexual and asexual generations (see Mkta- 
c.i.m ksis ) , often with alternation of hosts. The I rem- 
ntoda. or flukes, comprise two distinct groups, the 
Monogenea which have a single generation in a di- 
rect life-cycle and typically are ectoparasites of 
aquatic vertebrates, and the Digenea, in whi« n the 
sexual generation in a vertebrate host alternates 
with two or more asexual generations in an inverte- 
brate host, usually a mollusk. Different species of 
s exually mature worms live in the intestine, bile 
ducts and gallbladder, lungs, and blood vessels of 
their hosts, while the asexual generations live in the 
hemoeoelic. or blond sinuses of snails and clams. 
I he Cestoda. or tapeworms, are parasites in the 
digestive system of vertebrates, with larval* stages 
which occur typically in arthropods before verte- 
brate infestation. A second intermediate host is 
present in species that infest crustaceans, but in the 
ryclophyllidean or taenioid tapeworms, only two 
hosts are involved and a vertebrate may serve as the 
intermediate host. The Acanthocephala are also 
parasites of the digestive tract of vertebrates, with 
larval stages in arthropods, but they are dioecious, 
do not form strobilas, and are characterized by a 
retractile proboscis which is armed with hooks or 
spines. Supplementing the groups listed, the Nema- 


Parasitology, medical 555 

toda include an enormous number of parasitic spe- 
cies and these worms are of great economic and 
medical importance. 

As organisms become dependent, they undergo 
significant changes in habits, functions, and physio- 
logical requirements. These changes are accompa- 
nied by a gradual and progressive reduction of those 
structures which function most actively in a free- 
living existence. One after another, organs suffer 
regressive changes. With enfcehlement and atrophy 
of sensory and muscular elements, there is a cor- 
responding degradation <>i the central nervous sys- 
tem. Reduction and hiss of the respiratory and cir- 
culatory organs are followed by loss of the ali- 
mentary tract, and in cestodes, acanthorephalans, 
and such copepods as Monstrilfa and SaccuUna 
thompsonia , there are no traces of the digestive 
system. As the other organ systems atrophy and 
their activity declines, the abundant nourishment 
and active metabolism of the parasite finds expres- 
sion in enhanced -ex mil activity and the production 
of enormous numbers of eggs and larvae. Reproduc- 
tive capacity is further augmented by the acquisi- 
tion of new and accessory methods of reproduction : 
sporulutinn. paedogenesis, parthenogenesis, and 
polyernbryony (.sec Kki’Roihiction, animal). The 
enormous fcrtilil) ol endoparasitie species has en- 
abled them to overcome the hazards imposed both 
by their complicated life cycles and by the trans- 
fers required by alternation of hosts. 

Host animals are more or less seriously affected 
by parasitic in total ions, but if well nourished, they 
may not manifest patent illness. If undernourished, 
the host becomes increasingly debilitated and the 
development or activity of the sexual organs is in- 
hibited; parasitic castration is the ultimate result. 
Parasites may occlude ducts, produce lesions that 
permit bacterial invasion, or produce substances 
toxic to the host. Their presence may he detected 
by serological tests and by increase in number of 
eosinophil leukocyctes. Examination of blood and 
feces, however, is the surest method of diagnosing 
infestation. In most instances, defense mechanisms, 
humoral or others, are developed against infesta- 
tion, or at least against superinfection. In certain 
instances, complete, although temporary, immunity 
is acquired. See separate articles on the various 
animal groups; see also Parasitic castration. 

f H.W.S.'| 

Bibliography : T. W. M. Cameron. Parasites and 
Parasitism f 1956; M. Caullerv, Parasitism and Sym- 
biosis , 1952; G. LaPage, Parasitic Animals , 1951. 

Parasitology, medical 

That branch of medical microbiology which deals 
with the relationships between man and those ani- 
mals which live in or on him. In this definition, as 
currently used, the terms parasite and animal are 
not taken precisely for two reasons: (1) many 
harmless organisms are considered legitimate sub- 
ject matter of medical parasitology, (2) it is well 
realized that the distinction between plant and 
animal may be untenable at the unicellular level. 
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Phyla involved. If only the most important 
human parasites are considered, they fall into four 
different phyla, whereas medical bacteriology and 
medical mycology, for example, are each con- 
cerned with a single phylum only. These phyla are 
the Protozoa, the Nematoda or roundworms, the 
Platyhelminthes or flatworms, and the Arthropoda, 
including the insects, ticks and mites. The Spiro- 
chaetaceae, frequently included, are treated also as 
a part of bacteriology. See Ac; arina; Anoplura; 
Bacteriology, medical; Cestoda; Diptkra; Mal- 
lophaca; Mycology, medical; Nematoda; Si- 

PHONAPTERA ; SpIROCH AETALES. 

Structural and biological variation. The size 

range varies from a length of 3 /i for Protozoa to 
25 m for flatworms. a variation of from 1 to 8,000.- 
000. Structural and biological variation is equally 
great. There are organisms which are complete in 
a single cell, multicellular and complex insects 
with metamorphoses resulting in very different- 
appearing animals during the stages from egg to 
adult, and hermaphroditic flatworms which, also 
multicellular and also developing through dissimi- 
lar-appearing larval stages, can direct their de- 
velopment either forward to maturity or backward 
toward juvenility, and can reproduce at these vari- 
ous stages. 

Again, the different organisms show extreme 
diversity in their localization within the body. Some 
are exclusively intracellular, most are extracellular 
only, hut some are both. Very nearly every organ, 
tissue, and fluid of the body is invaded: trypano- 
somes live in the blood, lvmph nodes and cerebro- 
spinal fluid; filaria in the lymph channels and eye 
fluids; other worms inhabit the intestine, bronchi 
and bile ducts; and a variety of organisms occur in 
the heart, brain, liver, spleen, and glands of in- 
ternal secretion. In these sites, the effect on the 
tissue varies from complete destruction to almost 
complete innocuity. and the same parasite at dif- 
ferent times may have one or the other of these 
effects. Finally, the relationships between micro- 
organisms and man include those which are often 
harmful and those which are usually harmless, and 
the relationship may he permanent or temporary, 
the microorganism being known, accordingly, as 
either an obligatory or a facultative parasite. 

Epidemiology. The biological, medical, chemo- 
therapeutic, and control problems in this field are 
extremely varied, and meaningful generalities are 
difficult to make. However, all organisms dependent 
on man face certain common problems, and this 
provides the basis for unifying concepts. All para- 
sites considered here are human parasites; conse- 
quently all must find access to man. Some live on 
the skin and are passed from person to person, as 
in scabies. Others penetrate the skin actively, 
either from the soil, as in hookworm infestation, or 
from water, as in schistosomiasis. Still others are 
taken in with ingesta, either as free contaminants 
of food and drink, such as amebas and many round- 
worms. or occur within the tissues of common meat 
foods, as in trichinosis and tapeworm infections. A 
great variety are inoculated more or less passively 


by Arthropoda, the latter in such cases being 
termed the vector of the organism transmitted. 

Once it has arrived in the body, the organism 
must avoid initial destruction, migrate to its pr e . 
ferred site, and then later escape destruction from 
the specifically directed antibodies and phagocyte 
mechanisms. It must multiply. Then the final prob- 
lem of egress must be solved. Some leave the body 
via the intestinal tract, others utilize the genital 
secretions or the sputum. In general, the large 
group which employs Arthropoda as a means of 
access to the body uses the same method of egress, 
although some at the end of their cycle in the body 
become free-living. The problem of egress has only 
a limited number- of solutions; accordingly, almost 
identical mechanisms have been adopted by micro- 
organisms which are in every other respect en- 
tirely different. The process is strikingly analogous 
to convergence in free-living animals. 

Achievements. When compared with the other 
branches of microbiology, outstanding achieve- 
ments of this field lie in the field of cliomotherapv 
and in the detailed study of the development of 
microorganisms in the human body. The long-term 
prophylaxis of African trypanosomiasis bv mean*- 
of synthetic chemotherapeutic agents, first achieved 
in the 1920s, is an accomplishment probably ‘-till 
unmatched in medical microbiology Study of I lie 
incubation period, particularly of protozoan dis- 
eases. has made it clear that the period immediately 
following inoculation may not be devoted to simple 
multiplication of the injected organism, as com 
rnonly supposed. Quite the contrary ; the inoculated 
organism is replaced by a very different type of 
organism, at times by a succession of different 
kinds of organism. In each of these successor 
stages, the microorganism not onlv is morphologi- 
cal I v different, but may, and often does, have a 
different metabolism, different elective sites within 
the body, and different chemotherapeutic suscepti- 
bilities. Failure to grasp the true course of such 
events leads to erroneous conclusions and fortui- 
tous experimentation. 

Impact on human affairs. The effect of parasi- 
tological diseases on human history has been enor- 
mous. They have exerted an influence in tropical 
Africa, an area of some 4,500,000 square miles, 
which has decided the outcome of wars, has been 
decisive in determining which are the uninhabit 
able areas, and has kept agriculture and trans- 
portation from rising from the man-power to the 
horse-power level. These consequences are justifi- 
ably attributed to the trypanosomiases, human and 
animal. Other diseases may have had a similar im- 
portance ; malaria, for example, is believed to have 
contributed significantly to the factors determining 
the fall of brilliant civilizations on several con- 
tinents. 

The present importance of the parasitic diseases 
is still very great. In 1957, it was estimated that 
there were in the world 200,000,000 malaria cases 
with 2,000,000 deaths. In 1947, a census of human 
parasitic worms, gave a figure of 2.2 X 10 9 > aP‘ 
proximately equal to the human population of the 



earth. In the United States, an estimated 10% of 
the population is infected with Entamoeba histo- 
lytica; 20% or more of adults have become in- 
fected with the trichina worm ( Trichinella ) at one 
time or another; a larger number arc believed to 
have contracted a Toxoplasma infection sometime 
in their past; perhaps some 7,000.000 8.000,000 
women in the United States carry Trichomonas 
vaginalis , and so on. 

In general, control measures arc available for 
most of the parasitic infections, application of 
these measures depending on cxtrascientific factors. 
\mong the major scientific problems which remain 
arc (1) the mechanism or mechanisms of disease 
causation by parasites, and (2) the origin of 
parasitism in the different major groups and the 
nature of the adaptive processes employed in 
changing over from a free-living organism to one 
well suited to parasitic existence in animals. 

For diseases due to Protozoa .see Amebiasis; 
Balantidiasis; Chagas’ disk ask; Leishmaniasis; 
Malaria; Pneumocystosis; Trichomoniasis. 

For diseases due to helminths see Ascariasis; 
O.nNORciiiAM.s; Fascioi.iasis; Fascioloi'siasis; 
Fiiariasis; Guinea worm ini-lotion; Hktkro- 
i'Hysiasis; Hookworm mslasl; Paragonimiasis: 
Pi n wok m infection; Schistosomiasis: Sironm- 
i.oidiasis; Tapeworm disease: Trichinosis. 

I 
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Parasympathetic nervous system 

\ portion of the autonomic system. In genet il, its 
action is in opposition to that of the sympathetic 
nervous system, which is the other part of the auto- 
nomic system. It cannot he said that one system, the 
sympathetic, always has an excitatory role and the 
other, the parasympathetic, an inhibitory role; 
the situation depends on the organ in question. 
However, it may be said that the sympathetic sys- 
tem, by altering the level at which various organs 
function, enables the body to rise to emergency de- 
mands encountered in flight, combat, pursuit, and 
pain. The parasympathetic system appears to be in 
control during such pleasant periods as digestion 
and rest. The alkaloids pilocarpine and atropine af- 
fect parasympathetic activity; pilocarpine excites 
and atropine inhibits the activity. 

Because the parasympathetic transmission of ef- 
ferent impulses is restricted to cranial nerves III 
(oculomotor), VII (facial), IX (glossopharyngeal), 
and X (vagus), and to sacral segments 1, 2, 3, and 
^ it is also known as the craniosacral system. 

Results of stimulation of the parasympathetic 
components of the following nerves are listed here. 

1- Oculomotor (III) cranial nerve: Eye accom- 
modation in near vision, constriction of the pupiL 

2. Facial (VII) cranial nerve: Secretion, vasodi- 
lation, and constriction of ducts in the submaxillary 
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and sublingual salivary glands and in the lacrimal, 
nasal, and buccal glands. 

3. Glossopharyngeal (IX) cranial nerve: Secre- 
tion. vasodilation, and constriction of ducts in pa- 
rotid glands. 

4. Vagus (X) cranial nerve: Decrease in heart 
rate, coronary constriction, tracheobronchial con- 
striction, increased smooth-muscle mobility in 
esophagus, gastrointestinal secretion, internal and 
external pancreas reduction, increase in gastroin- 
testinal motility, inhibition of ileocolic sphincter, 
and constriction of pancieatic and biliary ducts. 

3. Sacral: Evacuation of rectum and bladder, 
pelvic vasodilation, erection, and secretion of geni- 
tal tract glands (prostate and Cowper’s). See Auto- 
nomic NEKNous system; Cranial nerve; Spinal 

LORI) ; SYMPATHETIC NERVOUS SYSTEM. [ F..G.ST.] 

Parathyroid gland 

An endocrine organ usually associated with the thy- 
roid gland in the neck region and possessed by all 
vertebrates except the fishes. Embryologically, the 
glandular primordia aie formed in the endnderm 
of the several pharyngeal pouches and are associ- 
ated with the similarly derived primordia of the 
thymus. There may he from one to three pairs of 
the small glands present in individuals of the vari- 
ous vertebrate classes, although two pairs appear 
most frequently. They are characteristically within, 
on, or near the thyroid gland. In response to low- 
ered serum calcium concentration, a hormone is 
produced whi< Si promotes hone destruction and in- 
hibits the phosphorus-conserving activity of the 
kidnevs. The hormone, a simple protein, can be ex- 
tracted from the whole gland with acidic aqueous 
solutions. Injections of the extract, called parathor- 
mone, cause the calcium concentrations in the 
blood scrum end urine It) rise, whereas phosphate 
concentrations rise in the urine and fall in the se- 
rum. Elimination of the glands causes a rapid fall 
in scrum calcium ion concentration and results in a 
condition of muscular tetany that may he fatal. In- 
travenous administration of calcium salts or para- 
thormone arrests th'' tetany. 

Embryology. Developmentally, the parathyroids 
of all vertebrates originate in the endodermal lin- 
ing of certain pharyngeal pouches. However, dif- 
ferences in details of the site of origin occur 
among the several vertebrate classes and are sum- 
marized in Table 1. 

The broader aspects of parathyroid development 
in the various classes are comparable and differ 
only in detail: as an example, that which occurs 
in man is given as representative. At 35 37 days of 
development, the endodermal cells that are destined 
to become the secreting cells of the gland enlarge, 
become less acidophilic, and aggregate into clumps 
of cells that constitute the glandular primordia. 
One primordium is established on the dorsolateral 
surface of each of the paired third and fourth 
pharyngeal pouches. Unlike the primordia of the 
fourth pouches, those of the third are intimately as- 
sociated with thymic primordia (thymu9 III). Para- 
thyroid III accompanies thymus III as the latter 
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migrates caudally. When the inferior border of the 
developing thyroid is reached, the parathyroid pri- 
mordium is released, while thymus III continues its 
migration. In consequence of this movement, para- 
thyroid III comes to lie inferior to parathyroid IV. 
Occasionally fragmentation of parathyroid 111 oc- 


Table 1. Comparative embryology of parathyroid glands 


Vertebrate class, 

order, und examples 

Location of parathyroid 
primordia 

Portion of 

Pharyngeal pouch* pouch 

Pisces 

Cyclosl omes 

Lamprey 

? 


Chondrichthyes 
Sharks, skates, 
and rays 

Not known to occur 


Osteichlhyes 

Perch, trout 

Not known to occur 


Amphibia 

Urodcles 

Salamanders 

11(1), 111, IV 

Ventral 

Anura 

Frogs, toads 

11(3), III, IV 

Ventral 

Reptilia 

Sauriens 

Lizards 

lit. III, ivt 

Ventral 

Serpent es 

Snakes 

ll(?). Ml, IV. Vt 

Ventral 

Clielonia 

Turtles 

111, IV 

Vent ral 

LoricHln 

Crocodiles 

111 

Ventral 

Aves 

(ialtitormes 

Fowl (chicken) 

Ml, IV, V(2) 

Ventral 

Olliers 

III. IV 

Ventral 

Mammalia 

Monol rentes 

Platypus 

II. Ml, IV 

Vent ral 

Marsupialia 

Opossum 

III. IV 

Dorsal 

Insert ivores 

M oIph 

III, IVO) 

Dorsal 

Ohiroptora 

Bats 

MI, TV 

Dorsal 

Primates 

Monkeys, apes, 
man 

Ml, IV 

Dorsal 

Rodent ia 

Lagomorpha 

(rabbits) 

Ml, TV 

Dorsal 

Muridae (nils, 
mice) 

Ml. 1 Vt 

Dorsul 

Cnviidae (guinea 
pig) 

Ml, IV 

Dorsal 

Carnivores 

Canidae (dogs) 

III, IV 

Dorsal 

Felidae (cats) 

Ml, IV 

Dorsal 

Perissodnctyla (horse) 

III, IV 

Dorsal 

Artiodactylu 

Suidae (swine) 

Ml, IVt 

Dorsal 

Bovidoe 

Sheep, goats 

III, IV 

Dorsal 

Cattle 

III, IV 

Dorsal 


* Numbers in parent henes indicate frequency of oc- 
currence: 1, frequent; 2, occasional; 3, seldom. 

t Parathyroid primordiuin is either not formed or under- 
goes involution shortly after formation. 


curs during migration, the fragments later devel- 
oping into isolated masse.s of functional tissue, ac- 
cessory parathyroids. For this reason it is often dif- 
ficult or may even be impossible to render an ani- 
mal entirely free of parathyroid tissue by surgical 
means. 

During the fourth to fifth months, chief cells ap- 
pear and a sinusoidal circulatory pattern is estah- 
Jished among the interconnecting cords of cells 
The onset of functional activity probably coin 
cides with the appearance of this histologic al pal- 
tern. Variation in size, number, and position of 
matured glands are known to occur, but complete 
absence is quite rare and is usually associated with 
other abnormalities of such severity as to ensure 
fetal or neonatal death. 

Anatomy. Parathyroid glands occur in all verte- 
brates with the exception of the fishes, although 
cells that appear to he homologs of parathvroid 
cells are found in cyclostomes at the dorsal and 
ventral ends of all pharyngeal pouches. Whether 
they function as parathyroid tissue is, however, un- 
known. Data relating to the details of the compara- 
tive anatomy of these glands are summarized in 'fa- 
ble 2. 

In man, there are typically four glands situated 
as shown in Fig. however, tluMv picul nunibei 
varies between three and six. with four appearing 
about 80% of the time, whereas the location \aiic- 
to the extent shown in Fig. 1£>. The extent of varia- 
tion in primates generally is greater than that ob- 
served in all other mammals. 

Macroseopically, the glands (or more properh. 
glandules) appear as oval, round, or irregular l\ 
shaped objects, generally having a smooth, highlv 
vascularized surface, although the latter max he 
slightly roughened (horse) or finely set rated (tat- 
tle, swine). Both size and weight are quite variable 
and appear to have no apparent correlation with 
total body weight. The color varies from yellow- 
ish-pink through brown-red to greyish-red or white, 
depending upon the proportion of fat cells to se- 
creting cells, and the amount of lipid contained in 
the latter. 

Histology. The histological structure of the par- 
athyroids is based upon nonsecretory supportive or 
stromal elements, and secreting or parenchymal 
elements. 

The glandules are enclosed in a smooth connec- 
tive tissue capsule from which trabeculae, bearing 
lymphatics, blood vessels, and nerves, emerge to 
penetrate the gland and to divide its substance 
into a roughly lobular pattern. The blood vessel* 
are connected to a rich capillary network, charac- 
teristic of the endocrine glands generally- that if 
entwined in reticular fibers found among the paren- 
chymal cells. In addition to these elements, fat cells 
also occur and increase in number with advancing 
age. 

Parenchymal cells are arranged in interconnect- 
ing cords and clumps of cells as well as in occa- 
sional follicular masses enclosing a gelatinous pm* 



tein material called colloid; the latter resembles 
thyroid colloid in appearance, but does not contain 
iodine and appears to have no comparable physio- 
logical activity. 

Table 2. Comparative anatomy of parathyroid glands 


\ertcbratc class. Number of glandules, 

order, and examples location, and relations* 
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There are two general types of parenchymal cell, 
the chief cell (also called the principal or chromo- 
phobe cell) and the oxyphil eell (eosinophil or 
acidophil). These cells are classified according to 


Vertebrate class. Number of glandules, 

order, and examples location, und relations* 


\inpliibia 

trodeles 

Salamanders 


\nura 

Frogs, toads 


lleplilia 
SmtrieiiM 
Li/, aids 

Serpentes 

Snakes 


( 'lielonia 
Turl les 

Lorieala 

( Toi'odiles 


\ves 

( i a Ili lonnes 

Fowl (chicken) 


Others 


Mammalia 

Monotrcines 

Platypus 


Marsupialia 

Ojiossum 


Insectivores 

Moles 

Chiropteru 

Hats 


2- 3 pairs of glandules separate from 
thyroid, ventral to thymus, lateral 
to arterial archest 

2-3 pairs of glandules lie laterally 
next to Kl; gill remnant is immo~ 
diately dorsal in frog, just ventral 
in loadf 


One pair of glandules, 111 only; 
usually attached to thymus 

2 pairs of glandules which may he 11 
and 111 or 111 und IV (probably 
latter); if so. 111 is near teinporo- 
rnuxillary joint next to bifurcation 
of CO ; IV lies between thymus Ml 
and IV 

2 pairs of glandules. 111 at cranial 
end, IV at caudal end of ihvmiis 


One pair of glandules. III only; next 
to thymus, near origin of collateral 
cervical artery 


2 pairs of glandules. III ut inferior 
pole of thyroid, IV next : 'i 111; 
when fused, connection m.»y he 
more or less tenuous! 

In birds other than fowl, there is 
wide variation in number and posi- 
tion; it is usually associated with 
thyroid or CC in some way 


3 pairs of glandules, II ut bifurca- 
tion of CC, 111 at dorsal end of 
thymus, IV on lateral surface of 
thyroid 

2 pairs of glandules. III medial of 
branching of C C, IV connected 
with or embedded in thymus IV; 
also found hetween the thyroid 
and CC 

One pair of glandules, Til iftw mid- 
dle CC 

2 pairs of glandules, HI (larger) on 
dorsal outer surface of thyroid, IV 
(smaller) on inner (tracheal) sur- 
face of thyroid 


Primates 

Monkeys, apes, 
mail 


Lagomorpha 

(rabbits) 


Muridae (rats, 
mice) 


Cuviidut 

(guinea pig) 


2 pairs of glandules: in monkeys and 
apes, extent of variation in number 
and position exceeds that observed 
in other mammals; generally, an 
external pair (111) related to ihy- 
inus; an internal pair buried in the 
thyroid 

2 pairs of glandules. III associated 
with thyroid, either at superior or 
inferior pole of lateral lobes, free or 
sunken into a depression on thy- 
loid; often more closely reduted to 
CO; IV ul middle of lateral lobe of 
thyroid; exceptionally at inferior 
pole. 

One pair of glandules, 111 only; usu- 
ally in cavity on lateral surface of 
thyroid: cavity usually more su- 
perficial in mouse than rat 

2 pairs of glandules, III usually re- 
moved from thyroid, sometimes 
vestigial IV is embedded in thy- 
roid 


Carnivores 

C.aniduc (dogs) 2 pairs of glandules. HI cm or in 
front of lateral cranial surface of 
thyroid; so ric times more or less 
embedded in surface; IV is smali, 
deeply buried in thyroid; position 
variable 


Pclidue (cats) 


Perissodnctyla 

(horse) 


Artiodactyla 
Suirlae (swine) 


Hovidae 

Sheep, goats 


Cattle 


2 pairs of glandules. 111 similar to 
dog; IV lies near middle of thyroid 
nearer to tracheul ihurt outer sur- 
face 

2 pairs of glandules. III near (within 
1 cm), on or partially embedded in 
upper medial bonier of thyroid; 
occasionally on tracheal surface; 
IV is entirely embedded in thyroid 

One pair of glandules. III only; usu- 
ally well removed from thyroid, 
either in thymus or with terminal 
branches of CC 

2 pairs of glandules. Ill near bifur- 
cation of CC; IV may be either 
free on surface of thyroid or deeply 
embedded 

2 pairs of glandules, 111 near bifur- 
cation of CC; IV usually lies on 
inner tracheal surface of thyroid 


* U f>vt tensive variation. Ill or IV used to designate glandules according to pharyngeal 

IV U> . »..«■ - ta-r ext.nl, -Uhl. h. nnbxUtK,. EJ k 

*» «-* « i”"” 1 " ,ore “ •— "-v- 
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recurrent nerve 
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28 
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Fig. 1. (a) Common positions of the human parathy- 

roid glands on the posterior aspect of the thyroid 
(from W. H. Hollinshead, Anatomy of the endocrine 
glands. The Surg. Clin. North Am., 32(4): IT 1 5—1 1 40, 
1952). (b) Composite diagram, showing the thyroid as 
a transparent structure, that demonstrates extent of 
positional variation of the parathyroids in 25 cadav- 


ers. Brackets and figures indicate total number of 
glandules found in each region. Parathyroid IV shown 
in outline, parathyroid III in solid black; glandules 
which could be either are shaded (from W. F. Hein- 
bach, Jr., A study of the number and location of the 
parathyroid glands in man, Anat. Record, 57(3):251- 
261, 1933). 


the affinity of their cytoplasm for acidic or basic 
biological stains. 

The chief cells, which represent the larger part 
of the parenchymal cell population, are small and 
possess a clear cytoplasm that is weakly to moder- 
ately acidophilic. A number of variants of the cell 
occur and it has been suggested that they represent 
phases in a cycle of secretory activity that is con- 
cerned with parathyroid hormone production. 

Oxyphil cells, however, make up only a small 
part of the parenchyma and have no apparent func- 
tion. They may, indeed, be only older, postsecretory 
stages of the chief cell. They are appreciably larger 
than chief cells and have a moderately to strongly 
acidophilic cytoplasm and small, dark-staining nu- 
clei. Oxyphils are usually found in clusters. 

Chief cells appear in parathyroids of all verte- 
brates. Oxyphil cells, however, appear in the hu- 
man only after the fourth to seventh year, and in 
the older macaque monkey and cattle. They have 
not been described in other forms. These observa- 
tions support the thesis that the chief cell is the 
true functional cell of the organ. [w.e.d.] 

PHYSIOLOGY 

The parathyroids were formerly regarded as ac- 
cessory thyroid glands, and in early studies on thy- 
roidectomy of cats and dogs, the parathyroids were 
also removed; the resulting nervous irritability, 
tetany, convulsions, and ultimate death were er- 
roneously attributed to thyroid deficiency. It is now 
known that the neuromuscular symptoms are due 
not to thyroid deficiency but to the absence of a 
parathyroid hormone. This hormone has not been 
obtained in homogeneous form, but it appears to 
be a protein. It is effective only when given paren- 
terally. 


Hypoparathyroidism. This condition is some- 
times observed clinically and may be produced cx 
perimentally by surgical ablation of the glands 
T|^*e severity of the symptoms varies widely with the 
species, age, reproductive status, and diet. 

The most prominent symptom of parathyroid de- 
ficiency is hyperirritability of the nervous system 
which accounts for the latent or manifest tetany. 
As the diffusible calcium in the plasma falls, the 
operated animals typically develop generalized con- 
vulsions, the tonic spasms eventually spreading to 
all the muscles. Death frequently results from 
spasm of the respiratory muscles. The symptoms 
may be relieved by the administration of Ca^ 
salts. In some species, particularly herbivores, par- 
athyroidectomy produces only mild symptoms and 
convulsive seizures may be absent unless the bio* 



Fig. 2. Histology of normal human parathyroid gk* n * 
C, chief ceils; O, oxyphil cells. (From J * R . GHn* 0 ^'' 
Normal histology of tho parathyroid glands, J • Fotho • 
and BaetorioL, 46(1 hi 87-222, 1939 ) 



chemical status is aggravated by pregnancy, fast- 
ing* low-calcium diets, or alkalosis. 

The main biochemical changes in parathyroid de- 
ficiency are low serum calcium levels, high serum 
phosphate, and reduced urinary elimination of both 
calcium and phosphate. The serum calcium nor- 
mally ranges from 9 to 11 mg%. From 50 to 70% 
of the serum calcium is ultrafiltrable and diffusi- 
ble; the remainder is bound to protein. After par- 
athyroidectomy, the total calcium falls to 5 7 mg%, 
and the diffusible calcium ranges from 0 to 2 mg%. 

Parathyroid deficiency may be ameliorated by 
feeding diets high in calcium and low in phos- 
phate, injecting parathyroid hormone, or adminis- 
tering vitamin D and related substances. Although 
vitamin D promotes the absorption of calcium from 
the intestine and facilitates the excretion of phos- 
phate by the kidneys, no relationship is known to 
exist between vitamin D and the hormone. Parathy- 
roid hormone has no effect in relieving vitamin D 
deficiency. 

Hyperparathyroidism. This condition occurs 
clinically and may he produced by giving parathy- 
roid extract. The biochemical changes are oppo- 
site to those observed in parathyroprivir subjects. 
The hormone induces a prompt increase in the rate 
of phosphate excretion and the serum phosphate 
begins to fall. The blood calcium rises more slowly, 
and after some lapse of time the renal elimination 
of calcium is increased. The administration of mod- 
erate amounts of hormone over long periods leads 
to a negative balance of calcium and phosphate, 
both minerals being mobilized from the bones. Con- 
sequently, the demineralized skeleton is easily frac- 
tured and bent. The high level of calcium in the 
body fluids leads to formation of kidney stones and 
metastatic calcium deposits in other soft tissues. 
The syndrome of hyperparathyroidism in labora- 
tory animals simulates the clinical condition called 
osteitis fibrosa cystica. 

Secretory regulation and action. Regulation of 
parathyroid secretion seems to operate on the prin- 
ciple of a feedback mechanism. Diminishing levels 
of serum calcium stimulate the parathyroids to in- 
crease their output of hormone which in turn ele- 
vates the blood calcium by mobilizing the calcium 
stores of the skeleton. No convincing evidence has 
been forthcoming for a postulated parathyrotropic 
Hormone from the anterior hypophysis. 

The site of action of the parathyroid hormone 
has not been finally settled. Three viewpoints have 
been proposed: the renal (phosphaturic) theory, 
the bone theory, and the citrate theory. 

Renal theory. The renal theory is based , on the 
folding that hypoparathyroid subjects respond to 
parathyroid hormone by a prompt urinary excre- 
tion of phosphate. By directly acting on the kidney, 
the hormone promotes the elimination of phos- 
phate, resulting in a lowering of serum phosphate, 
withdrawal of phosphorus from the skeleton, and 
mobilization of calcium, thus elevating the levels of 
8 arum calcium. 

Rone theory . The bone theory proposes that the 
primary effect of parathyroid hormone is stimula- 
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tion of osteoclastic activity of bone. In nephrectom- 
ized animals, parathyroid extracts continue to pro- 
duce their characteristic effects — elevation of serum 
calcium and bone resorption. When parathyroid 
grafts are placed in close proximity to a bone, 
they induce a localized resorption of bone sub- 
stance. The preponderance of evidence supports the 
view that the parathyroid glands function in cal- 
cium homeostasis through a primary effect of the 
hormone on bone. 

Citrate theory. According to this theory, the 
hormone causes an increase of the concentration of 
citrate ion in the serum which, in turn, exerts a 
powerful solubilizing action on hydroxy lapatite and 
on bone minerals. None of these theories has been 
established definitively. It appears likely that sev- 
eral or all of these mechanisms may be operative 
simultaneously. See Bonk; Digestive system; En- 
docrine system ; Vitamin D. [c.d.t.] 

Bibliography : L. Bolk et al. (eds.), Handbuch 
der vergleichendm Anatomie der W irbeltiere, vol. 
3, 1937; D. H. Copp, Calcium and phosphorus me- 
tabolism, Am. J. Med., 22(2) :275 -285, 1957; 
G. Pincus and K. V. Thimann (eds.). The Hor- 
mones , vol. 1, 1948, vol. 3, 1955; W. von Mol- 
lendorff, Handbuch der mikroskopischen Anatomie 
des Menschen, vol. 3, pt. 2, 1936; B. II. Willier, 
P. Weiss, and V. Hamburger (eds.) Analysis of 
Development , 1955. 

Paratyphoid fever 

An acute, infectious disease of man caused by 
paratyphoid bacilli. The grain-negative, rod-shaped 
bacilli frequently involved are Salmonella para- 
typhi A , S. paratyphi B , and S. typhi murium and, 
in some parts of the world, S. paratyphi C is also 
implicated. Those infections caused by s’. cholerac 
suis are distinguished by clinical severity and high 
mortality. The mortality due to infections by this 
organism is over 20%. In contrast, a mortality in 
the order of 3-5% is usually found with the in- 
fections caused by other Snimonellae. Paratyphoid 
fever is clinically indistinguishable from typhoid 
fever (see Typhoid fever). The disease is trans- 
mitted in a manner similar to typhoid fever, for 
example, by contamination of food and water with 
organisms from active cases or from carriers. For 
data on the serotypes of Salmonella , diagnosis, and 
epidemiology see Salmonella. »[a.j.w.] 

Bibliography : A. J. Weil and I. Saphra, Salm - 
onellae and Shigellae , 1953. 

Paratyphoid gastroenteritis 

The infection by the paratyphoid bacilli. Salm- 
onella , restricted to the gastrointestinal tract. Any 
of the numerous serotypes of Salmonella, may be 
the causative agent. However, 5. typhimurium is 
the one most frequently found. The infection is 
characterized by fever, diarrhea, vomiting, abdomi- 
nal pain, and sometimes prostration and dehydra- 
tion. The infection is spread by contamination of 
water and food by organisms from active cases or 
carriers of 5. typhimurium . See Bacteriology, 
medical; Epidemiology; Salmonella. [a.j.w.] 
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Parazoa 

A name proposed for a subkingdom of animals 
which includes the sponges. Erection of a separate 
subkingdom for the sponges implies that they origi- 
nated from protozoan ancestors independently of 
all other Metazoa. This theory is supported by the 
uniqueness of the sponge body plan and by peculi- 
arities of fertilization and development (see Porie- 
f.Ra). Much importance is given to the fact that 
during the development of sponges with paren- 
chymula larvae, the flagellated external cells of the 
larva will take up an internal position as choano- 
cytes after metamorphosis, while the epidermal and 
mesenchymal cells will arise from what was an 
internal mass of cells in the larva (.see Calcarea; 
Dkmospongiae ) . These facts suggest that cither 
the germ layers of sponges are reversed in com- 
parison with those of other Metazoa or the choa- 
nocytes cannot be homologized with the endoderm 
of other animals. Either interpretation supports the 
wide separation of sponges from all other Metazoa 
to form the subkingdom Parazoa or Enantiozoa. 
See Metazoa. 

Development. On the other hand, there are co- 
gent arguments in favor of the basic similarity of 
the development of sponges and other Metazoa. De- 
tailed studies of the embryology of Calcarea with 
amphiblastula larvae suggest an explanation for 
the reversal of the germ layers seen so strikingly in 
the development of a parenchymula. The egg cell 
of Sycon , for example, always lies beneath the 
layer of choanocytes of a flagellated chamber with 
its long axis parallel to that layer. The sperm 
enters from a carrier cell at the pole adjacent to 
the maternal choanocyte layer, and this pole is 
determined as ectoblastic. Three meridional cleav- 
ages are followed by an equatorial cleavage which 
separates two tiers of eight cells each. The tier in 
contact with the choanocyte layer will give rise to 
ectomesenchyme ; the other eight cells will furnish 


maternal choanocyte layer 



Fig. 1. Development of Sycon. (a) Fertilized egg. 
(b) Stomoblastula. (c) Blastula in process of eversion. 
id) Inverted blastula. (After Duboscq and Tuzet, 1937) 



Fig. 2. (a) Salping oeco infusionum, a choanoflagel- 

late with cytoplasmic filaments arising from the collar 
(after Griessmann, 1914). (b) Sphaeroeca volvox, a 
colonial planktonic choanoflagellate (from Hollande, 
1952, after Lauterborn , 1894). (c) Proterospongia 

haeckeli (after Kent, 1881). (d) Free-swimming aggre- 
gate of cells of Grantia compressor wjiich formed after 
dissociation of adult cells (after Tuzet, 1945) 

the choanocytes. Further divisions of the rhonno- 
cyjps lead to the formation of a hollow blushilu. 
with an opening to the outside between the erto- 
blastic cells, and the flagellated endnhlastic cell-, 
which are internal. The polarity of the embryo at 
this stage is identical to that of a hydro/oan 
planula, in the development of which the pole next 
to the blastosytle and hence near the source of 
food is ectoblastic. In Sycon , however, the blastula 
is inverted at this stage, so that the flagella of the 
endnhlastic cells are on the external surface, and 
this region of the larva is anterior as the amphi- 
blastula swims. The ectomesenchymal cells are 
now at the posterior pole. See Bi.astplation : 
Cleavage, embryonic; IIydkozoa. 

Gastrulation and larvae. The amphiblastula 
of Sycon , upon settling on its anterior end, gastru- 
lates by invagination of the flagellated hemisphere. 
After the blastopore closes, an osculum breaks 
through at the opposite, free end. Were it not for 
the fact that pores also develop in the body wall, 
such a simple attached olynthus would bear a 
striking resemblance to a planula developing into 
a polyp. 

The parenchymula larva may be interpreted a 1 * 
an amphiblastula with an accelerated development. 
No trace of the inversion of the surfaces is ft P' 
parent, except for the external position of the 
flagella. The ectomesenchymal cells develop preco- 
ciously at the posterior pole and eventually fill 
interior of the larva, displacing the hlastocoel e - 
Gastrulation by invagination is no longer possible, 
and instead the peripheral flagellated cells migrate 
internally to take up their places in the flagellate 
chambers. The* most accelerated development ,n 





sponges is seen in the parenchymulae of spongillids, 
in which choanocytes begin to differentiate from 
ihe internal mass of blastomeres while the larvae 
are still free-swimming. The external flagellated 
cell* are phagocytized by amebocytes after fixa- 
tion of the larva to the substrate, and thus take no 
part in choanocyte formation. See Gastrui.ation ; 
Invertebrate embryology; Phagocytosis. 

Thus, while it cannot be denied that a reversal 
ot the germ layers is a fact in many sponge paren- 
ihymulae, this process can be explained as a con- 
sequence of the inversion of the surfaces of the 
larva which brings the endoblastic cells into an 
anlerior position with their flagella directed out- 
ward. Clear evidence of this process is seen only 
in the prolonged development of the amphiblastula 
larvae of certain Calcarea among existing sponges. 

Phylogeny. The striking similarity in struc- 
tural details between the sponge choanocyte and 
/.onflagellates of the group called choanoflagellates 
or craspedornonadines has led most zoologists to 
look to this group of protozoans as being ancestral 
to the sponges. Choanoflagellates are hnlozoic and 
capture food by means of the collar. Protero - 
spo'igia (Fig. 2c). found in both fresh and marine 
waters, has choanocytelike cells embedded in a 
gelatinous mass in which ameboid cells wander. It 
allows a striking similarity to free-swimming aggre- 
gates of cells sometimes found in cultures of dis- 
smiated sponges (Fig. 2d). Choanorytes not only 
resemble choanoflagellates but also certain cells 
among other Metazoa. Some corals have flagel- 
lated cells with collars of cytoplasmic filaments, 
and rnollusks and vertebrates have microvilli on the 
eells making up ciliated epithelia. See Proto- 
masiigida. 

file phenomenon of inversion of the surfaces 
which occurs in the blastulae of certain calcareous 
sponges bears a striking resemblance to a similar 
process in the development of daughter colonics 
as well as sexually produced young in Volvox. 
However, a volvocine ancestry for the sponges is 
difficult to support on any other grounds. Volvox 
cells lack a collar, have two flagella, are photo- 
synthetic, and have postzygotic reduction divisions. 
Furthermore, the Volvocales are exclusively fresh- 
water organisms, whereas the earliest fossil 
sponges are found in marine strata. See Animal 
KINGDOM ; PoRIFERA FOSSILS. [W.D.U.] 

Parenchyma 

A ground tissue chiefly concerned with the manu- 
facture and storage of food. The primary functions 
°f plants, sueh as photosynthesis, assimilation, res- 
piration, storage, secretion, excretion — those as- 
^ciated with living protoplasm — proceed mainly 
* n parenchymal cells (see Plant physiology). 
Parenchyma is frequently found as a homogeneous 
tissue in stems, roots, leaves, and flower parts. 
Other tissues, such as sclerenchyma, xylem, and 
phloem, seem to be embedded in a matrix of pa- 
renchyma; hence is derived the use of the term 
Staund tissue with regard to parenchyma. The pa- 
renchymal cell is one of the most frequently occur- 
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Fig. 1. A group of cells from parenchyma of Aspara- 
gus root, illustrating regular arrangement of cells in 
a compact tissue. ( Photograph by R. I Hulbary) 

ling cell types in the plant kingdom. See Plant 
anatomy. 

Origin. Parenchymal cells are differentiated in 
the primary plant body (shoot, root) from apical 
giowing zones or meristems (.see Meristkm, api- 
cal). The ground meristem that initiates pith, cor- 
tex, and leaf rnesophyil is the seat of development 
of parenchyma. Tn the secondary plant body pa- 
renchymal cells are derived from the vascular cam- 
bium and cork cambium in the form of ray tissues, 
xylem and phloem parenchyma, and phelloderm 
(see Meristkm, lateral). 

Variations. Topical parenchyma occurs in pith 
and cortex of roots and stems as a relatively undif- 
ferentiated tissue composed of polyhedral cells that 
may be more or less compactly arranged and show 
little variation in size or shape (Fig. 1). The meso- 
phyll, that is, the tissue located between the upper 
and lower epidermis of leaves, is a specially dif- 
ferentiated parenchyma called ehlorenchyma be- 
cause its cells contain chlorophyll in distinct chlo- 
roplaslids (Figs. 2, 3). 

This chlorenchymatous tissue is the major locus 
of photosynthetic activity and consequently is one 
of the more important variants of parenchyma (see 



Fig. 2. A transverse section of a leaf of Tolmiea 
menziesii, showing mesophyll composed of chloren- 
chyma with prorrtlnent intercellular spaces. (Photo 
graph by R . 8. Wylie) 
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Fig. 3. A section of the leaf of O learia rami cut 
parallel to the surface. It shows mesophyll composed 
of chlorenchyma with prominent intercellular spaces. 
(Photograph by R. B. Wylie ) 


Photosynthesis). Specialized secretory paren- 
chymal cells are found lining resin ducts and other 
secretory structures (see Secretory structures, 
plant). 

Cell contents. Parenchymal cells include the 
protoplast, common to all living cells, usually with 
a large vacuole located in the center and the cyto- 
plasm and nucleus next to the cell wall. The kinds 
of inclusions are partly related to the position of 
the cell in the plant. Thus cells in leaf mesophyll 
always have chloroplasts. Cells in root cortex com- 
monly contain grains of storage starch. Cells in 
pith and cortex of stems contain starch grains and 
crystals, usually of calcium oxalate. Suhstanc.es in 
crystal form are usually interpreted as waste prod- 
ucts and are lost with leaf fall, shedding of hark, or 
decay of pith. Parenchyma in flower parts or fruits 
may have yellow or red plastids in the cytoplasm 
or purple or blue anthocyanin pigments in the 
vacuole ( see Anthocyanin). 

Cell walls. Parenchymal cells are typically thin 
and contain cellulose, hemicelluloses, and pectins 
(see Cellulose; Hemicellulose; Pectin). They 
may become thick, hard, and lignified as, for exam- 
ple, in wood parenchyma (see Cell walls in 
plants). 

Cell shape. The three-dimensional cell shape of 
parenchyma is frequently a function of cell ar- 
rangement. In a compact tissue, parenchymal cells 
are almost isodiametric and polyhedral with an 
average of approximately 14 sides in contact with 
14 other cells. In more loosely arranged tissues 
with many air spaces, the average number of con- 
tacts with adjoining cells is reduced. Parenchymal 
cells may deviate from the isodiametric shape. 
Those in the vascular tissues are often conspicu- 
ously elongated. Parenchymal cells in the meso- 
phyll and in other tissues with large intercellular 
spaces may he variously lobed. See Cell inclu- 
sions, NONCYTOPI.ASMIC; CELL NUCLEUS; CELL 
protoplast; Cortex, plant; Epidermis, plant; 
Flower (botany); Fruit (botany); Leaf (bot- 
any) ; Phloem; Pith; Root (botany) ; Scleren- 
chyma; Stem (botany); Xylem. [r.l.hu.] 

Paresis, general 

An inflammatory and degenerative disease of the 
brain caused by an infection with T reponema palli- 
dum . It is also called syphilitic meningoencephalitis 


(fee Syphilis). The disease is characterized by 
psychotic behavior with a profound and progressive 
intellectual and emotional deterioration and neu- 
rological changes. The disease, unless treated, takes 
a rapid downhill course and results in death. See 
Death; Psychosis. 

The symptoms consist of a profound impairment 
of abstract thinking and judgment. Patients become 
emotionally unstable, crude, and often excited. 
They develop silly, grandiose and expansive, or, 
more rarely, paranoid delusions (see Delusion). 
Most patients are euphoric, a few depressed. Their 
memory and ability to recall are markedly im- 
paired. Neurological signs are changes in the shape 
and reactions of ^he pupils such as reaction to ac- 
commodation or distance but no reaction to light 
(Argyll Robertson’s sign), disturbances of speech 
and writing, changes of deep tendon reflexes, 
changes in facial expression, and, particularly in 
the malignant forms, trophic (nutritional, digestive, 
and assimilative) changes. The* most common types 
of personality change are the simple euphoric de- 
terioration, the grandiose expansive types, and 
combinations with tabes dorsalis. Tabes dorsalis is a 
form of neurosyphilis in which there is a selective 
degeneration in the posterior roots of the spinal 
nerves and the posterior columns of the spinal cord. 

Diagnosis is usually based on thePneuropsychial- 
ric examination and confirmed by serological find- 
ings in blood and spinal fluid (see Serology ). Dif- 
ferential diagnosis against other organic reactions 
is simple; the differentiation from other syphilitic 
diseases of the central nervous system is more 
difficult. The postmortem pathology of the brain 
shows characteristic signs of luetic, inflammatory, 
and degenerative changes. See Inflammation: 
Pathology. 

With the control and treatment of syphilis in 
Western countries, general paresis is not an impor- 
tant disease. In primitive and nontropical countries 
where malaria does not occur, general paresis is 
still quite common. 

Treatment of general paresis was at one time 
inoculation with tertian or quartian malaria (see 
Malaria). This treatment, for which J. W. von 
Jauregg received the Nobel Prize, has been largely 
replaced by treatment with massive doses of peni- 
cillin (see Penicillin). Prevention consists of pre- 
vention of a syphilitic infection or, if an infection 
has occurred, in early and effective treatment of 
syphilis. See Psychosis. [f.c.r.J 

Bibliography : J. R. Ewalt, E. A. Strecker, and 
F. G. Ebaugh, Practical Clinical Psychiatry , 8th 
ed., 1957. 


Paresthesia 

One of several designations given to abnormally 
tense and disagreeable pain arising from apparently 
trivial stimulation. Other terms used to identify 
the same symptom are spontaneous pain, overre- 
action or overresponse, paradoxic pain, hyP cr j 
pathia, protopathic pain, dysesthesia, and centra 
pain. Indeed, there are more different names aval 
able than there are good descriptions of the pain- 



Whatever its designation, the circumstance lead- 
ing to such severe pain is usually sensory nerve 
injury. Upon recovery from the wound there may be 
left a skin area having anesthesia at its core but 
paresthesia in a zone lying between it and normal 
skin. If the injury is sufficiently circumscribed 
there may be no anesthesia, only the local inter- 
mediate zone. 

The ugly pain is not the result of hyperesthesia in 
the usual sense of that term (see Pain, deep). The 
threshold may even be raised considerably. How- 
ever, once pain is aroused it is abnormally strong, 
tends to persist after the removal of the stimulus, 
radiates into other areas, and has a diffuse lo- 
calization. Henry Head, a British neurologist, the 
first of many to perform the experiment of sever- 
ing a cutaneous nerve and following the regenera- 
tion of sensitivity in the affected region, referred to 
the pain of the intermediate zone as wicked pain. 

Recent histological evidence strongly suggests 
that protopathic pain (paresthesia) always results 
from a reduction of sensory nerve endings in the 
affected region. Where there is the normal overlap 
of terminations interdigitating from different fi- 
bers, pain from pinprick has a normal, more sub- 
dued character. See Pain, cutaneous. [f.a.c.] 

Bibliography \ K. G. Boring, Sensation and Per- 
ception in the History of Experimental Psychology , 
1942. 

Parietales 

A large order of the plant subclass Dicotyledoneae. 
Since there is little or no agreement as to natural 
relationships in this order, the Parietales are gen- 
erally regarded as an artificial a> -emblage, the 
families being variously distributed by many au- 
thors. A major characteristic of the group is pa- 
rietal placentation (ovules attached to the wail of 
the ovary). The order includes 23 families having 
334 genera and 6960 species. The majority of the 
families are tropical and subtropical shrubs and 
trees. Here belong a large number of both orna- 
mental and useful plants including tea, camellias, 
St. John’s wort, mangosteen (an important edible 
fruit of the tropics), tamarisk, ocotillo, rockn.*t, 
arnotto (source of a dye used to color foods), 
hydnocarpus (source of chaulmoogra oil used as a 
remedy for leprosy), passion flower, papaya (a 
highly prized fruit of the tropics), violets, and the 
begonias. See Tea; see also Dicotyledoneae; 
Embryophyta; Plant kingdom. [p.d.s.] 

Parity (quantum mechanics) 

A physical property of a wave function which spec- 
ifies the wave function’s behavior under simulta- 
neous reflection of all spatial coordinates of the 
w ave function through the origin, that is, when x 
is replaced by — x, y by — y 9 and z by — z. If the wave 
function \p satisfies 

ifr(x 9 y 9 z) - $(—x 9 —y 9 —z) 
it is said to have even parity. If* on the other hand, 
iHx,y,z) - —f(-x,-y 9 -z) 
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the wave function is said to have odd -parity. These 
two expressions can be combined in the form 

iK x t y 9 z ) = Pip(— x 9 — y,— z) 

where P = =fcl is a quantum number having only 
the two values -fl (designated as even parity) and 
— 1 (odd parity). The physical property defined by 
P is quantized and is called parity. More precisely, 
parity is defined as the eigenvalue of the operation 
of space inversion. Parity is a concept that has no 
meaning in classical particle physics, because it 
can be defined for a parti le only in terms of the 
Schrodinger wave function \p. 

Any eigenstate of a localized object, such as an 
atom or an atomic nucleus, has a definite parity. 
Corresponding to the fact that the wave function of 
a complex system is the product of the wave func- 
tion of the coordinates of the subsystems into which 
the system may be subdivided limes the internal 
wave functions of those subsystems, the parity of 
the system is the product of the parity of the wave 
function of the coordinates of the subsystems times 
the intrinsic parities of these subsystems. See Quan- 
tum MECHANICS. 

Conservation of parity means that if the wave 
function describing the initial state of a system 
has even (odd) parity, the wave function describ- 
ing the final state has even (odd) parity. Parity 
conservation is a symmetry law; see Symmetky 
laws (physics). It is now well established that 
parity is not conserved in any of the weak interac- 
tions (for example, f3 - decay in radioactivity). In 
all other interactions parity is conserved, and this 
fact has an important bearing on atomic transitions 
and nuclear reactions. In reactions in which par- 
ticles are created or destroyed, the effect of con- 
servation of parity depends upon the intrinsic par- 
ities of the particles. See Elementary particle. 

Since, according to quantum theory, a wave func- 
tion \l/(x,y>z,t) provides a complete description of 
a particle (see Quantum theory, nonrelativis- 
iic), every elementary particle has associated with 
it an intrinsic parity. Nuclear energy states are 
characterized by a definite parity (which may be 
different for different energy states of the same nu- 
cleus ) , and the conservation or nonconservation of 
parity has an important bearing on nuclear reac- 
tions. Operators representing dynamical variables 
may also be classified in terms of the parity con- 
cept, depending upon how they are affected by an 
inversion of their spatial coordinates. 

Parity conservation. The conservation of parity 
is a consequence of the inversion symmetry of space. 
To 9 how this formally, let (P be the parity operator 
which inverts space, that is, <P acting on a wave func- 
tion yields the wave function at the inverse point of 
space, Gty(r) * ^(— r); similarly, for an operator 
A f (PA^)^' 1 - A(— r). The statement that the 
world is symmetrical to inversion means that the 
Hamiltonian H after inversion is the same as -before, 
that is, (PH( P” 1 - H; and thus (PH — H<P •» [(?,//] — 
0. Since (P commutes with H y it is a constant of the 
motion. As for the,eigenvalues of (P, note that <P 2 — 1, 
from which it follows that the possible eigenvalues 
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of (P are +1 or —1. That is, an eigenfunction of (P 
satisfies (P^fr) ™ r) =* =M^±(r)> where the 
upper (lower) sign indicates an eigenfunction of 
positive (negative) parity, also known as even (odd) 
parity. 

Thus parity would be conserved if the statement 
of physical laws were independent of the handed- 
ness of one’s coordinate system. Of course, the fact 
that most people are right-handed is not a physi- 
cal law but an accident of evolution ; there is noth- 
ing in the laws of physics which favors a right- 
handed to a left-handed man. The same holds for 
optically active (stereochemical) organic com- 
pounds. However, the statement that the neutrino 
is left-handed is a physical law (see Neutrino). 

All the strong interactions between elementary 
particles (for example, nuclear forces) and the 
electromagnetic interactions are symmetrical to in- 
version, so that parity is conserved hy these inter- 
actions. As far as is known, only the /^-interactions 
(which involve neutrinos) and the other weak inter- 
actions are not symmetrical to inversion and do not 
conserve parity. The weak interactions contribute 
negligibly to all processes except the decays of ele- 
mentary particles (including /?- decay of nuclei), 
so that in all other processes parity is conserved. 

Orbital parity. Since parity is conserved in strong 
and electromagnetic interactions, it is termed a 
good quantum number, and an energy eigenstate 
(unless it is degenerate) must be an eigenstate of 
parity. The parity of a one-particle state of orbital 
angular momentum / is given by P = ( — ) 2 , that is, 
even (4-1) for s, d, . . . , states, and odd ( — 1) for 
p, , states. Thus the deuteron, whose state 

is a linear combination of 3 S\ and :i Di, has even par- 
ity; there cannot be any admixture of The or- 
bital parity of an n-particle system is the product 
of the parities of the n — \ relative orbital angular 
momentum states: P urh = ( — )*+•••+*«-!. Thus the 
parity of an atom is the product of the parities of 
the one-electron orbital wave function ; all con- 
figurations which mix must have the same parity. 
The Laporte rule of atomic spectroscopy, which 
states that an electric dipole transition can occur 
only between states of opposite parity, depends on 
the fact that the electric dipole radiation field has 
odd parity. 

Intrinsic parity. The intrinsic parities of the par- 
ticles composing a system must be multiplied by 
the orbital parity to yield the total parity. But the 
intrinsic parity of a conserved particle is irrelevant 
and can be omitted. For if the particle is conserved 
in a reaction, so is the contribution of its intrinsic 
parity to the total parity, so that its intrinsic parity 
is irrelevant to the balance of parity in the reac- 
tion. In fact, if a particle is conserved in all reac- 
tions, its intrinsic parity can never be determined. 
The photon is an unconserved particle; its in- 
trinsic parity is odd. The parity of the 7r°-meson 
(a pseudoscalar) is odd, so that to conserve parity 
it must be emitted by a nucleon into a P state. By 
charge independence, the charged 7r-meson must 
also be emitted in a P state ; it is natural to call the 
parity of the charged 7r-meson odd also, which 


amounts to defining the parity of the neutron and 
proton to be the same. An electron by itself is con- 
served, but an electron plus a positron can annihi- 
late. Thus the product of the parities of an electron 
and a positron must be well defined. According to 
the Dirac equation of relativistic quantum theory, 
the product of their parities is — 1. The same re- 
suit holds for any fermion particle-antiparticle 
pair. Thus the parity of positronium is — 1 timet 
its orbital parity, that is, — ( — ) l . 

Spin and momentum correlations. The symmetry of 
the strong and electromagnetic interactions with re- 
spect to inversion implies statements about possible 
correlations of momenta and spins of the particles 
emitted as a result of such reactions. The principle 
is that the probability of a configuration of momenta 
and spins must be a scalar, in order that it not change 
under inversion of the coordinate system. Thus in a 
reaction yielding three particles with momenta pi, 
P 2 , pa, the angular distribution might be of the 
form a -h ftpi • p 2 but not a + 6pi • p 2 X p», for 
under inversion the last term changes sign: 

Pi • P‘2 * P3 “ 3 ► 

(- Pi) • (- P 2 ) * (- Pa) = - Pl • P 2 X p 3 

This triple product is a pseudoscalar, and the de 
scription of the angular distribution would not 1»«* 
independent of the handedness of the coordinate 
system, because the coefficient b would appear to 
change sign. Orbital angular momentum L = r x p 
is a pseudovector, since under inversion h * f I-: 
th6 same must hold for spin angular momentum S 
Thus S • p is a pseudoscalar, and so such a term 
cannot occur in the angular distribution of a parity 
conserving process. This term, S • p, in an angular 
distribution, would correlate a particle’s spin with it> 
momentum, that is, would imply a polarization in the 
momentum direction, or longitudinal polarization, 
which is accordingly absent in strong and electro- 
magnetic reactions. Transverse polarizations, indi- 
cated by terms such as Si • pi x p 2 , are of course 
always possible. 

Parity nonconservation. One of the selection 
rules which follows from parity conservation i- 
the following. The same spin zero boson cannot de- 
cay both into two ir-mesons and three 7 r-mesons, be- 
cause these final states have opposite parities, even 
and odd respectively. But the positive A-meson i? 
observed to do just this: it has both the A»z 
K , rs decay modes, and its spin is zero as deduced 
from the distribution of momenta in the mode. 
Thus one concludes that parity is not conserved in 
this decay. In 1956, T. D. Lee and C. N. Yang made 
the bold hypothesis that parity also is not con- 
served in /3-decay. They reasoned that the magni- 
tude of the /8-decay coupling is about the same a* 
the coupling which leads to decay of the /C-meson. 
so these decay processes may be manifestations 0 
a single kind of coupling; and that there is a very 
natural way to introduce parity nonconservauon 
in /8-decay, namely by assuming a restriction 0,1 
the possible states of the neutrino (two-component 
theory). They pointed out that no j8-decay exp er, ‘ 
ment had ever looked for the implied spin-momen* 
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min correlations, which indicate parity nonconser- 
vation ; they urged that these correlations be 

sought. 

The first experiment to show parity nonconser- 
vation in /?-decay was done by Dr. T. Y. Wu in 
collaboration with the physicists at the National 
Bureau of Standards. Here the spins of the /3-active 
nuclei cobalt-60 were polarized with a magnetic 
field H at low temperature; the decay electrons 
were observed to be emitted preferentially in di- 
rections opposite to the direction of the Co G0 spin 
(see illustration). Thus they found a Sco * p«? cor- 



Betci decay from polarized cobalt-60 nuclei. When the 
spin axes of the cobalt nuclei are not polarized, the 
preferential emission of the electrons and antineutrinos 
in the directions shown is not detectable. 

relation; or in terms of macroscopic quantities, an 
II • p,, correlation. Later experiments have demon- 
strated the S c • p,. correlation, that is, the longitudi- 
nal polarization of the electron. The magnitude of 
these correlations shows that the parity-nonconserv- 
ing and parity-conserving parts of the [3- interaction 
are of equal size, substantiating the ; wo-component 
neutrino theory. 

It is now believed that parity conservation fails 
in all the weak decays, which includes all d* '.ays 
of the elementary particles (except the electro- 
magnetic decays 7r° — » 2y and 1° —> A + y). 

It was at first somewhat disconcerting to find 
parity not conserved, for that seemed to imply a 
handedness of space which would then not he the 
nnpty thing which (since the demise of the ether 
hypothesis) most physicists think it to be. Th.'i ,p . 
an ether would be needed to provide a standara of 
handedness at each point of space, to tell Co G0 , 
which direction to decay into. But this is not 
rp alJy the situation; the saving thing is that anti- 
Co™ decays in the opposite direction. Thus, after 
all. there is nothing intiinsically left-handed about 
Ihe world, just as there is nothing intrinsically 
positively charged about nuclei. What really exists 
here is a correlation between handedness arfd sign 
charge. See Selection rules (physics) . [c.j.c.l 
bibliography'. T. D. Lee, Weak interactions and 
nonconservation of parity. Science , 127(3298): 
569-573, 1958; T. D. Lee and C. N. Yang, Elemen- 
tary Particles and Weak Interactions , Brookhaven 
Lab. BNL 443(T-91), 1957; P. Morrison, 
Ihe overthrow of parity, Sci . American , 196(4) : 
^5 53, 1957; C. N. Yang, Law of parity conserva- 
tion and other symmetry laws, Science. 12713298) : 

565-569, 1958. 


Parkinson's disease 

A chronic, progressive disorder of the central 
nervous system, marked by slow movement and 
muscular rigidity, weakness, and tremor at rest. 
Parkinson’s disease may result from certain forms 
of encephalitis, poisoning, head injury, syphilis, 
strokes, or commonly, arteriosclerosis. In its pure 
form it is the result of local impaired circulation 
that produces permanent damage to specific nerve 
cell groups in the brain. Such damage gives a 
typical clinical picture. The patient is wide-eyed, 
staring, and has a inasklike face. He walks with 
short shuffling steps, the body bent forward and the 
arms held stiffly at the sides. Tremor is marked 
when a limb is at rest and may become so pro- 
nounced that involuntary “pill-rolling'’ movements 
of the fingers and thumb appear. The tremor usually 
disappears upon movement, to be replaced by a 
cogwheel type of motion. Unless other brain areas 
have been affected by the preci pi tilting agent, no 
mental changes arc seen. Excess salivation, fixation 
of the eyes, and speech impairment occur fre- 
quently. Motor power is diminished but sensation 
is unimpaired. See Central nkhvous system; 
Syphilis. 

The disorder is slowly progressive and leads to 
increasing incapacity. Treatment has been largely 
s> mptumatir and directed toward the relief of pain 
and cramps and the development of the best mental 
and occupational situation possible under the cir- 
cumstances. Since 1956, however, new develop- 
ments in neurosurgery and chemotherapy have 
produced dramatic results in certain cases. 

Relief of major symptoms has been obtained by 
producing lesions in certain brain centers, notably 
in the globus pallidus, one of the basal ganglia. The 
use of electrically induced lesions, as well as those 
resulting from ultrasonic vibrations and chemical 
injection, are being explored in selected eases with 
encouraging results. [e.G.ST.] 

Parrot 

Any of many birds of the family Psittacidae, order 
Psittaciformes, a group which also includes the 
parakeets and macaws. They are mostly tropical or 
subtropical. The thick-billed parrot, Rhynchop - 
sitta pachyrhyncha , of the pine forests of northern 
Mexico, is sometimes seen in Arizona. 

Man> of the parrots are brightly colored birds, 
and they are caged as pets both because of their 
coloring and for the ability of some to talk; the 
best talkers are seldom brilliantly colored. Parrots 
are expert climbers, having two toes forward and 
two back, but are clumsy walkers. Their food is 
seeds, nuts, and fruits. They usually nest in holes 
in trees. See Lovebird; Psittaciformes. * [j.d.b.] 

Parsec 

A unit of measure of astronomical distances. One 
parsec is equivalent to 3.084 X 10 13 kilometers, or 
1.916 X 10 13 miles. There are 3.26 light years in 
one parsec. The parsec is defined as the distance at 
which the semimajor axis of Earth’s orbit around 
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the Sun (1 astronomical unit) subtends 1 second of 
arc. Thus, because the angle is small 


1 astronomical unit 
1 parsec 


1 second 


1 

206,265 


A parsec is then 206,265 astronomical units; its 
accuracy depends on the precision with which the 
distance from Earth to Sun is measured. At a dis- 
tance of 1 parsec, the parallax is 1 second of arc. 
See Parallax (astronomy). The nearest stars are 
about 1 parsec away; the farthest known galaxy 
is several billion parsecs. [j.l.gh.] 


Parsley 

A biennial ( Petroselinum crispum) of European 
origin belonging to the plant order Umbellales. 
Parsley is grown for its foliage and is used to 
garnish and flavor foods. It contains large quanti- 
ties of vitamins A and C and has been grown for the 
past 2000 years or more. Two types, plain-leafed 
and curled, are grown for their foliage; Hamburg 
parsley (P. crispum var. tuberosum ), also called 
turnip-rooted parsley, is grown for its edible pars- 
niplike root. Propagation is by seed. Harvesting 
begins 70-80 days after planting for foliage varie- 
ties, and 90 days after planting for Hamburg 
parsley. See Umbellales; Vegetable growing. 

Lh.J.C.] 


Parsnip 

A hardy biennial ( Pastinaca sativa) of Mediterra- 
nean origin belonging to the plant order Urnbella- 
les. The parsnip is grown for its thickened taproot 
and is used primarily as a cooked vegetable. Prop- 
agation is by seed; cultural practices are similar 
to those used for carrot, except that a longer grow- 
ing season is required. Parsnip seed retains its 
viability only 1-2 years. Harvesting begins in late 
fall or early winter, usually 100-125 days after 
planting. Exposure of mature roots to low tempera- 
tures, not necessarily freezing, improves quality by 
favoring conversion of starch to sugar. See Carrot; 
Umbellales; Vegetable growing. [h.j.c.] 


Parthenogenesis 

A special type of sexual reproduction in which an 
egg develops without entrance of a sperm. It is 
common among rotifers, plant lice or aphids, 
thrips, in many ants, bees, wasps, and some crusta- 
ceans. Males are unknown in certain thrips and 
rotifers. Queen honey bees produce drones, or 
males, by parthenogenesis but also lay fertilized 
eggs that yield females, the workers, and queens. 
Aphids have successive generations of parthenoge- 
netic females in spring and' summer, then produce 
both sexes by parthenogenesis. These later mate; 
the females lay fertilized eggs that hatch in spring 
as females, and parthenogenesis begins. See Ho- 
moptera; Hymenoptera; Rotifera. [t.i.s.] 

Partial differentiation 

A mathematical operation performed on functions 
of more than one variable. In this article only two 
or three variables are considered; however, the 


principles apply to functions of n variables, f or 
any positive integer n > 1. If z - /(*,y), the par- 
tial derivative dz/dx is defined as the derivative of 
f{x,y) with respect to x , y being regarded as fixed. 
That is. 


fk = i. A* + h > y) -f (x,y) 
dx ™ h 


Another notation for dz/dx is f\{x 9 y). The other 
first partial derivative is dz/dy , also written fzixj). 
For values at particular points the notation is 



- /iM) 


In the case of a function of three variables, j(x t y,z) % 
the expression is 


V 

dz 


Mx,y,z) 


The second derivatives of f(x,y) are 


- y x (g) M*,r) - l (%) 

MM -iO,) 

It can happen that /, 2 (x,y ) -/= f 2 \ {x,y ) , bul this 
will not happen in common practice especially with 
elementary functions. If fu fz, fv>* /21 are defined 
in a neighborhood of («,/>) and if / 12 , f<>\ are con- 
tinuous at then fvz{a*b) = /21 (aj)). There 

ate more delicate theorems relating to this matter. 

Differentials. The notions of a differential, and of 
the differentiability of a function, are fundamental 
in the theory of partial differentiation. For / ( r,y I 
to be differentiable is not the same as the require- 
ment that /1 (x,y) and fz^x.y) shall both exist; hut 
it is a more inclusive requirement. The geometric 
meaning of / being differentiable at ( a,b ) is that 
the surface defined by z = f(x,y) has a tangent 
plane not parallel to the z axis when x = a % y ~ b. 
In analytic terms the condition is that if 


then 


€ = /(a + h, b + k) — f(a 9 b) — /1 ( a 9 b)h 

-h<a.b)k 

€ 


(A,*)S(0.0) \h\ + \k\ 


- 0 


When / is differentiable at ( a 9 b ) the expression 
fi (a 9 b) dx -j- izietyb) dy is called the differential 
of f at ( a,b ) with independent increments dx and 
dy . It is a linear function of dx and dy 9 and among 
all linear functions A dx + B dy 9 it is the best ap- 
proximation (in a definite sense of the word) to the 
expression 

f(a + dx 9 b + dy) — f(a,b) 

In the usual notation z « f(x 9 y) 9 one writes the 
differential, evaluated at ( x 9 y) 9 as 


*-£*+** 

Here dx and dy are independent variables and dz 
is a dependent variable. 
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A sufficient condition that f be differentiable at 
(a,b) is that the partial derivatives f u h be defined 
at all points near and continuous at (a, b). 

The chain rule. The prime importance of the dif- 
ferentiability concept lies in the fact that the dif- 
ferentiability property is needed in proving the 
chain rule for functions of several variables. This 
rule asserts that a differentiable function ot a dif- 
ferentiable function is differentiable, and the rule 
tells how to compute partial derivatives of the 
composite function. For example, if x = 
y- #($,£)» where / and g are differentiable, and 
if 2 = F(x,y), where F is differentiable, then the 
composite function is C (s,t) - F[f(s,t)*g(sj) ]. 
and its differential is 


p “ G(t) and on the right p « F(x,y f z t t). In dx/dt 9 
dy/dt , dz/dt 9 the point (x,y,z) is the position of the 
particle being followed. Here the variables of the 
first class are x, y, z, t , and there is just one varia- 
ble of the second class, namely f. The role of t also 
is different on the left and on the right in the 
equation. 

Taylor developments. There is a Taylor’s for- 
mula with remainder and a Taylor’s series for func- 
tions of several variables. The easiest way to deal 
with these things is to think of them as being re- 
duced hack to the case of one variable by a device. 
If one wants to express f(a-\-h,b + k) as a 
formula proceeding b> terms of various degrees in 
h and /r, consider 


dF J dF J 
ax + — ay 
ay 


dx 


where dx and dy , instead of being independent, are 
given by 


g(t) = i(a -r th, b 4- tk) 

develop g[t) in powers of t and then set t = 1 . The 
chain rule is needed to compute the derivatives 
of g. 'The general formula is 


dx = d /ds + -/dt dy = d f , Is 4- ~f dt 
as at as dt 

where ds and dt are independent. Then z = G(sj) 
i« differentiable as a function of s and t, and 

dG _ dF df dFdg dG __ dF df dF dg 

ds dx ds dy ds dt dx dt ^ dy dt 

These equations, expressing the formal part of the 
chain rule, are often written in the form 


dz dz dx dz dy dz dz dx dz dy 

ds dx ds dy ds dt dv dt dy dt 

At one occurrence, the status of x and v is that of 

independent variables, as in z = F(x,y), where they 
are called variables of the first class. But x, y also 
occur as dependent variables, depending o.o the in- 
dependent variables 5, 1 1 which are called var«ables 
of the second class. 

The chain rule is valid for situations where there 
are any number of variables of the first class, and, 
quite independently, any number (the same or dif- 
ferent) of the second class. 

A typical use of the chain rule occurs when 
transformations are made on the variables ,n a 
problem. For example, one may switch from rec- 
tangular to polar coordinates. Then derivatives 
with respect to x. y, or both, must be converted into 
expressions involving derivatives with respect to 
r and 9. Transformations of variables are quite ex- 
tensively used in studying partial differential equa- 
tions. 

Another interesting instance of the chain rule oc- 
curs in the so-called “particle-differentiation” in 
the flow of fluids. If p = F(x,y,z,/) is the density at 
( x >y,z ) in the fluid at time t , and if in a given 
Motion one follows a certain selected particle, de- 
noting the density of the fluid at this particle by 
p C(t), then 


C'» 


dp dpdx dpdy dp dz dp 

dt ~ fadt + dy dt * dz dt dt 


Here p has two different meanings; on the left 



Here a symbolic notation with rather evident mean- 
ing is used on the right. 

Implicit functions. Suppose F(x,y,z) is a func- 
tion of three variables whose domain of definition 
is a certain collection of points (x,y,z) in space of 
three dimensions. As a general rule it will not be 
the case that the locus of points for which 
F{x,y,z) = 0 is the graph of an equation z =* 
/(x,y), where f is a single-valued function of two 
variables. But it may happen that, if (x 0 ,yo,zo) is 
a point of the locus F (x,y,z) = 0, there is a neigh- 
borhood of (xo,>o,zo), consisting of all points inside 
a certain rectangular box centered at (xo,yn,Zo), 
such that the part of the locus F[x,y,z) ~ 0 inside 
this box is the graph of a function z = /(x,y). There 
is a standard “implicit function theorem” which 
covers this situation. It states: suppose F and its 
first partial derivatives Fu Fz, F 3 are continuous 
throughout some specified neighborhood N of 
(xo,yo«zo). Suppose also that F(x 0 ,yo,zo) = 0 and 
t z (xo,yo,Zo ) 9^0. Then there exist certain positive 
constants a, b, c and a function / of x and y meet- 
ing all the following conditions. Let B denote the 
boxlike region composed of all ( x,y,z ) such that 
|x-x 0 | < a, |y-yo| < b y |z-z 0 | < r, and let R denote 
the rectangle in the xy plane composed of gll (x,y) 
such that |x-xo| < a, |y-y 0 | < b . The region B is 
contained in N ; the function / is defined in R , and 
the graph of z = /(x,y) is composed of precisely 
all the points in B at which F(x,y,z) * 0; / is con- 
tinuous and has continuous first partial derivatives 
in R, given by 




F\{x,y,z) 

Ft(x,y,z) 


Mx,y) 


Fj(x,y,z) 
F t(x,y,z) 


where * = f(x,y). 

This theorem has two kinds of generalizations: 
one of the type in which F is a function of n vari- 
ables and f is a function of n-1 variables, and die 
other of the tyjie in which the locus F(x,yj) m 0 
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is replaced by a locus defined by k equations in n 
variables (n > k) 9 while the equation z = /(x,y) is 
replaced by k equations involving k functions of n-k 
variables. Sample: F(x 9 y 9 z 9 u 9 v) = 0, G(x,y 9 z 9 u 9 v) = 
0, u » /(x,y,z), v * g(x,y 9 z). Implicit function 
theorems of this second type are proved by mathe- 
matical induction with respect to k . The conditions 
in these theorems involve what are called jacobian 
determinants. 

Jacobians. If F \ , . . . , Fu are k functions of 
*i, . . . , zjc, the determinant 


dF i 

dF\ 

dF i 

dz x 

dz 2 

dz k 

dF* 


dFt 

dz\ 


dzk 

dFk 


dF\ 

dzi 


dzk 


is called the jacobian of F i, . . . , Fk with respect 
to zu . . . , Zk , and denoted by 

j = 

d(z u . . . 9 z k ) 

Notice that the subscripts on the F s are for distin- 
guishing different functions, and do not indicate 
partial derivatives. 

The general implicit function theorem for a sys- 
tem of equations 

F\{xi 9 . 9 x t9 Z\ 9 . . . ,Zfc) = 0, . . . , 

Fk(x Jtr.Zl Zk) = 0 

guarantees a local solution of the form 


of more than two dimensions. For example, in the 
passage from rectangular coordinates x 9 y, z to 
spherical polar coordinates r, 0 9 <f> 9 by the equ a . 
tions x *» r sin <f> cos 0, y * r sin ^ sin 0, z « r 
cos </>, the jacobian 0(x,y,z)/d(r,0,0) has the value 
— r 2 sin <f > , and dx dy dz is replaced by r 2 sin dr 
dd d<f> in triple integrals. 

If the equations u - /(x,y), v ■ g(x,y) define 
a one-to-one mapping from the xy plane to the uv 
plane (in restricted regions), then 

d(u 9 v) _ r d(x 9 y) l - 1 

5(*,y) Ld(u,t;)J 

Functional dependence. If/ (x,y) andg(x,y) are 
functionally dependent in a region R of the xy 
plane, then [d( f 9 g) /d(x 9 y) ] = 0 in that region. An 
example of functional dependence would be this: 
g(x,y) - [/(x,y)] 2 + sin T/(x,y)l. In general, / 
and g are called functionally dependent in R if 
there is some function F of u and v such that 
F[/(x,y),g(x,y)] = 0 at all points of /?, and vet 
F(u,v) is not zero throughout any two-dimensional 
portion of the uv plane. Conversely, if [d(f,g)‘- 
d(x,y)] = 0 at all points (x, y) in a neighborhood 
of (x 0 ,yo). then usually / and g are functionally 
dependent in some (perhaps smaller) neighbor 
hood of the point. 

Homogeneous functions. One fcalls a function 
F(x i, . . . ,Xfc) positively homogeneous of de- 
gree n if F(tx i, . . . 9 txk) = t n F(x xi ( ) for 

all t > 0 and for all (*i, • • • ,*fc) in the domain 
of -'definition of F. The index n need not be an in 
teger. If F is differentiable and positively homoge- 
neous of degree n 9 the Euler relation 


*1 =“ h(x U . . . *Xr ) • - ■ Zk = fk{x Xr) 

near a set of values x\ = a z,- = bj for which F\ = 
• • • = Fk = 0 and J ¥* 0. This is on the assump- 
tion that the Fs have continuous first partial deriv- 
atives. The derivatives of the /s are given by the 
formulas 


Vi _Jjp 

dx v J 

where Ji P is what J becomes when its ith column is 
replaced by BF\ /dx P9 . . . , dFk /dx p . 

If u *= /(x,y), v = g(x 9 y) defines a one-to-one 
mapping of a region R\ of the xy plane onto a re- 
gion R 2 of the uv plane, and if it is known that / 
and g have continuous partial derivatives and the 
jacobian / * [b(f 9 g) /d(x 9 y) ] is never zero in Ru 
then a simple closed curve C i in Ai maps onto a 
simple closed curve C 2 in R 2 and, as a point P\ 
goes counterclockwise around Ci, its image P 2 goes 
counterclockwise or clockwise around C 2 accord- 
ing as / > 0 or J < 0. Also, if A\ and A 2 are the 
areas enclosed by Ci and C 2 respectively, there is 
some point inside C\ such that A 2 /A\ is the value 
of |/| at that point. If a double integral with re- 
spect to u and v 9 over the region R 29 is converted 
into a double integral with respect to x and y over 
the region Hi, du dv is replaced by \J\dx dy . These 
results generalize to the case of mappings in space 


dF , 

X\ 7T h 

oxi 


+ Xk 


dF 

dx k 


nF(x i. 


fXk) 


holds. Conversely, if F is differentiable in an open 
region which contains (tx i, . . . 9 tXk) for all t > 
0, provided it contains (*i, . . . ,**), then the va- 
lidity of Euler’s relation in the region implies that 
F is positively homogeneous of degree n. 

Lagrange's method in extremal problems. If 

F(x,y,z) is a differentiable function of three inde- 
pendent variables in an open region R of (x,r,z)- 
space, and if F reaches a relative maximum or 
minimum value at a point of R 9 then necessarily 
{BF/dx) - ( dF/dy ) « ( dF/dz ) - 0 there. Suffi- 
cient conditions, and tests for discrimination be 
tween maximum and minimum values, are some- 
times stated in terms of second partial derivatives. 
Lagrange’s method is concerned with the situation 
in which x 9 y, z are not independent, but are re- 
stricted by a side-condition G(x 9 y 9 z) * 0, where G 
is a specified function. Example: What is the maxi- 
mum value of x 2 y 2 z 2 subject to the restriction 
(*725) + (y716) + (z79) - 1 - 0? On the as- 
sumption that F and G have continuous first partia 
derivatives and that one never has G - G\ ** Gz = 
Gs ■ 0 at one point, the Lagrange procedure is t0 
set u ■ F + AC, where A is a parameter. Then, 
among all the values of F attained for (x 9 y>z) s “ c . 
that G(x 9 y 9 z) - 0, if there is a maximum or mini* 



mum value, it will occur for an (x,y,z) point which 
satisfies the equations F { -f A G; = 0 (i = 1, 2, 3) 
and G - 0, for a certain value of A. These four 
equations can in theory be solved for x , y, z, A, 
and the extreme value can be located. The method 
extends to other numbers of variables and to more 
than one side condition. See Calculus, differen- 
tial and integral; Determinant; Differentia- 
tion; Operator theory; Parametric equation. 

[a.e.t.] 

Bibliography : T. M. Apostol, Mathematical 
Analysis , 1957; R. Courant, Differential and In- 
tegral Calculus , 2 vols., 1936 1937; P. Franklin, 
A Treatise on Advanced Calculus , 1940; A. E. Tay- 
lor, Advanced Calculus , 1955. 

Partial tone 

A simple sinusoidal component of a complex tone. 
It may be part of a complex physical oscillation; 
alternatively, a partial tone (or partial) is a com- 
ponent of a sound sensation, distinguished as a sim- 
ple tone that cannot be further analyzed by the ear 
and that contributes to the timbre of the complex 
sound. See Tone (music and acoustics) ; see also 
Hearing. 

The physical sound from a violin string, for ex- 
ample, is usually composed of a number of par- 
tials. Each of these partials of the air-borne sound 
results from vibration in a number of equal parts 
that takes place at the same time the string vi- 
brates as a whole. Such characteristic vibrations by 
aliquot parts are also called partials; they are 
components of the complex motion of the string. 
Each such characteristic vibration pattern can also 
occur individually, however. Thus A seems prefer- 
able to call these characteristic motions modes of 
vibration rather than partials, to make it clea^ that 
they can exist independently without being paits of 
a complex motion. See Mode or vibration; Vibra- 
tion. 

If a string is bowed steadily, the frequencies of 
the partials of the resulting complex tone will be 
integral multiples of the lowest (fundamental) fre- 
quency, and the partials may properly be called 
harmonics. See Harmonic (periodic phenomena). 
If, however, the same string is struck or plucked 
and then allowed to vibrate freely, the frequencies 
of the partials in the air-borne sound and the fre- 
quencies of the corresponding modes of vibration 
are, in general, no longer exactly in the ratios of 
integers, and the partials and modes of vibration 
are inharmonic. 

When a violinist produces a tone by touching a 
string lightly at its center while the string is 
bowed, both the sound in air and the vibration of 
the string are called harmonics; this can be mis- 
leading because it is now known that the frequency 
Is not necessarily exactly twice that of the open 
string nor exactly equal to the frequency of the 
harmonic partial in the complex sound that results 
from steady bowing of the open string. 

It is understandable on historical grounds how 
the terms partial, mode of vibration, harmonic, and 
overtone came to be used rather interchangeably. 
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The purposes of musical science would be better 
served, however, by certain distinctions that could 
be attained by restricting the word harmonic to ex- 
act integral ratios of frequency, using mode of vi- 
bration as the name for the characteristic vibra- 
tion, employing the word partial only to refer to a 
component of a complex sound, and avoiding en- 
tirely the use of the word overtone. See Musical 
acoustics. [r.w.y.] 

Bibliography : H. L. F. Helmholtz. On the Sensa- 
tions of Tone , A. J. Ellis, trans., 1875; R. W. 
Young, Modes, nodes, an i antinodes. Am. J. Phy$. % 
20:177 183, 1952. 

Particle 

In classical mechanics, the term particle refers to a 
body having finite mass but negligible extension 
A particle has inertia and possesses gravitational 
properties. Because of its negligible extension, 
forces acting on a particle cannot cause rotational 
acceleration; therefore, the motion of a particle is 
regarded as one of pure translation. An extended 
body is composed of particles. The translational 
motion of an extended body is equivalent to that of 
a single particle located at the center of mass of the 
body and having a mass equal to that of the entire 
body. See Rigid body; Rigid-body dynamics. 

The term particle is also used in physics as a 
synonym for “elementary particle.” See Elemen- 
tary particle. [d.wi.] 

Particle accelerator 

A device which accelerate? electrically charged 
atomic or subatomic particles to high energies. The 
particles can be electrons, protons, or ions such as 
deuterons, a-particles, and heavier ions. 

Particle accelerators were conceived primarily 
as research tools in nuclear and particle physics. 
In this respect, they supplement by artificial radia- 
tions the natural sources available from radio- 
activity in the low-energy region and cosmic rays 
at high energies. Cosmic ravr. are the only source of 
radiation in the extremely high-energy region; 
however, in the region where cosmic-ray and ac- 
celerator energies overlap, the advantages of in- 
tensity, collimation, and control make accelerators 
in general the preferred source of particles for 
research, except when problems of the origin and 
nature of cosmic radiation are an objective of the 
work. See Cosmic rays. 

Accelerators capable of high intensity also have 
direct technical usefulness. Van de Graaff genera- 
tors, pulse transformer sets, cyclotrons, and elec- 
tron linear accelerators are used to produce high 
volume rates of radiation for polymerization of 
plastics, particularly in thin films, sterilization of 
food, and radiation-effect studies, such as radiation 
damage measurements of interest to reactor de- 
signers. The cyclotron is used extensively as a 
producer of neutron-deficient isotopes that cannot 
be produced by reactor activation. Electrostatic 
generators, betatrons, and electron linear accelera- 
tors are useful «as sources of x-rays of high pene- 
trating power. X-ray and electron beams from Van 
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de Graaff generators and electron linear accelera- 
tors, and the external proton beams of synchro- 
cyclotrons are used as radiation sources for 
localized cancer therapy. See Irradiation, iso- 
topic; Radioisotope production. 

Classification. The principles of operation of par- 
ticle accelerators fall into two general classes, 
electrostatic accelerators and accelerators employ- 
ing time-varying electric or magnetic fields. Elec- 
trostatic accelerators give the particle its energy 
by letting the particle travel through an evacuated 
tube containing the ion or electron source on one 
end and the target at the other; the source and 
target are maintained at a difference of electric 
potential by various means. The maximum energy 
which can be attained is limited by the techniques 
available in producing and insulating an electro- 
static voltage. This limitation does not apply to 
accelerators employing fields which vary with time. 
The action of time-varying fields falls into two 
fundamental classes: (1) devices such as the 
cyclotron, which utilize means of having the par- 
ticle traverse a time-varying potential difference 
many times; and (2) devices using nonstatic elec- 
tric fields for acceleration, that is. electric fields 
associated with changing magnetic fields. Devices 
of the first kind are based on the principle that, in 
contrast to motion in a constant field, the energy 
gain of a charged particle having described a 
closed orbit in an electrostatic (that is, derivable 
from a scalar potential) but time-varying field is 
not zero. Acceleration of this type is also called 
transit-time acceleration since the existence of an 
energy gain in a static field is made possible by 
the time lags due to finite particle speeds. Devices 
of the second type make use of Faraday’s law, the 
relation which gives the total energy gain of a 
charge describing a closed orbit in terms of the 
time rate of change of the magnetic flux through 
the orbit. .See Faraday’s law of induction. 

Accelerators can also be classified as circular or 
linear. Circular machines employ an electromagnet 
which produces a magnetic guide-field to bend the 
particle orbits into circles or circular arcs joined 
by straight sections. The guide-field is in general 
separate from the fields involved in the accelera- 
tion. Linear accelerators accelerate particles in 
nearly straight-line orbits; formally this term in- 
cludes the electrostatic accelerators, although it is 
rarely so used. 

It is customary to measure the energy of the 
particles accelerated in units of electron volts 
(ev) ; millions of electron volt9 (10 fi ev = 1 Mev), 
or billions (10” ev « 1 Bev, or 1 GeV in Europe). 
A particle is defined to have a kinetic energy of T 
electron volts if it has the same energy as a particle 
carrying one electronic charge which has been 
accelerated in an electrostatic accelerator operat- 
ing at a voltage V * T. See Electron volt. 

All practical accelerators designed through 1961 
have employed the basic principles outlined: ac- 
celeration of individual charged particles in ex- 
ternally produced large-scale electromagnetic 
fields. Suggestions have frequently been made to 


design an accelerator based on cooperative action 
of many atomic particles upon one (for example 
inducing many particles in a discharge to com- 
municate their energy to one member), but these 
ideas have not yet led to practical designs. Thev 
are attractive in principle since they would free 
accelerator design from limitations imposed by the 
properties of materials, such as the saturation of 
iron in the case of magnetic fields and the vacuum 
breakdown limit in the case of electric fields. 

Characteristics. In addition to the basic distinc- 
tions of operating principles, particle accelerators 
differ in terms of many parameters affecting their 
usefulness for various purposes. The important 
accelerator characteristics are: kind of parliclt* 
accelerated, particle energy, beam intensity (num- 
ber of particles accelerated per second), dutv cvclt* 
(fraction of the lime the beam is available in case 
the machine is pulsed) and pulse length and repeti- 
tion rate, beam geometry (configuration of the 
primary beam and of charged and neutral second- 
ary beams as to accessibility, angular divergence, 
and beam diameter), beam energy spectrum and 
beam purity, and ease and range of control of 
energy and intensity. All the accelerators described 
in this article differ in these operating character- 
istics. Tt is for this reason that partiide accelerators 
have been constructed in such a wide variet\ of 
designs; the various applications demand different 
characteristics. 

Table 1 lists the more common types of accelcra 
tors and the characteristics important to their use. 
The energy and intensity ranges and other param- 
eters given are approximate ranges of values at- 
tained with existing machines or design parameters 
of planned devices. They are not intended to rrpre 
sent fundamental limits of performance of each 
machine, although, as will he evident from the more 
detailed discussion of each machine, some of the 
attained values are close to the practical maxima. 


ELECTROSTATIC ACCELERATORS 

All electrostatic accelerators employ an evacu- 
ated discharge tube which can be a continuous 
insulator, but more commonly is a series of metallic 
electrodes spaced by insulators. Such a discharge 
tube, and in particular the gaps between the elec- 
trodes, will have a focusing action known as elec- 
trostatic focusing resulting from an electrostatic 
lens, or more precisely, second-order electrostatic 
focusing. The action can be illustrated by con- 
sidering a gap between cylindrical electrodes 
(Fig. 1). Consider a charged particle traveling 
from a to b; let the direction of the fields be such 
that the particle is accelerated. At A % the particle 
will receive an impulse toward the axis, while when 
crossing a line of force at B it will receive an im- 
pulse away from the axis. If the particle velocity 
were constant, the total impulse received would be 
exactly zero. However, because of the acceleration* 
the particle spends less time in the diverging fi^d 
region than in the converging field region. a nd 
hence, a net focusing impulse resplts. Note that 
this impulse depends quadratically on the field 
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Accelerator type 

Particle 

accelerated 

Energy 

range 

Beam current 
(uveruge; peak) 

Duly 

cycle 

Energy 

spectrum* 

Ream 

geometry 

Development 
status (1961 ) 

Electrostatic accelerators 

Cockcrof t-W alton 

p, d, a, e 

4 Mev 

1 mu, 1 ma 

Continuous 

-0.01 % 

Small focal spot 

4- Mev 

genera tor 

Impulse generator 

p . d, a. e 

2 Mev 

Small; 10 nta 

Small 

-1% 

Fairly large focal 

operating 

2- Mev 

Van dc (iranff generator 

p, </, a, e 

10 Mev 

1 ma; 10 ma 

Continuous 

-0.01 % 

H|H>t 

Small focal spot 

operating 
8.5-Mov oper- 

Henonunt and pulse-truiiB- 

P, « 

2 Mev 

100 mu; 1 ninp 

<>a 

Broad 

Fairly large focal 

ating; 10-Mev 
design 
(tandem) 
2-Mev 

fornier sets 






spot 

operating 


Time-varying-field accelerators 


Circular magnetic types (radio-frequency resonance accelerators) 


( '.yclotror 

p, d, a. 

25 Mev (d) 

250 mu ; 250 ma 

Continuous 

-1% 

Internal target or 

22-Mev (d) 

heavy ion 





external heam of 
fair colliiiiation at 

operating 








lower intensity; 
external neu- 








trons 


Synchrocyclotron 

p. d, a 

000 Mev 

1 mu; 100 mu 

<10 * 

0.1% 

Internal target or 

720- Mev 







external heum of 
fair mllimution at 
lower intensity ; 
external neu- 
trons; external 
meson 1 warns 

operating 

1', lert roii synchrotron 

e 

2 Bev 

Very Hirnill to 

<10 « 

0 1 % 

External x-ray 

1 1-Bev 




5/m. depends 
on duly cycle 



beam 

operating 

Proton hyiiehrotron 

P 

1 12 Bev 

0.05 mu, depends 

<10 ’ 

0.1 % 

Internal lurgote; 

10 Bev 



ou duty cycle 



external beam of 
fair collirnntion at 
lower intensity, 
external neu- 
trons. external 
secondary- 
particle beams 

operating 



Alternat ing-grudient 

P, e 

10 0 Bev 

0 05 mu Ip), 

<io* 

0.1 % 

(p) internal tar- 

30- Bev oper- 

synchrotron 


(p), 0 5 7 

1 m» (c;. de- 



gets; external 

ating (p); 


Bev (e) 

pends Oil 



beum of fair colli- 

70 Bev design 



d.ity cycle 



inution at lower 

(p); 6-Bev 







intensity, exter- 

construction 







nal neutrons; 
external sccond- 
nry-p«rticle 
beams; (p) exter- 
nal y-ray heam; 
external electron 
beam proposed 

(e) 

Fixed-field, alternating- 

P, e 

To 25 Bev 

0 1 ma, de- 

<io-* 

0.1% 

Internal targets 

Model and de- 

gradient synchrotron 


pends on duty 

i. u *!■ 



and external soc- 
ondary-purlicle 

sign studies 







beams; possibility 
of colliding beams 


Circular magnetic type (induction accelerator) 






Betatron 


10-500 Mev 

0.1 ms; 10 pa 

io -* 

0.05% 

External x-ray 

340- Mb v 





beam; external 

operating 


electron beam of 
excellent colli- 
motion of lower 
intensity 

Unear accelerators 


Heavy-particle linear 
accelerator 


p, d, a. To 1 Bev 

heavy ion 


10 mb; 1 io-» 


Electron linear accelerator 


6 Mev to 60 mb; 200 ma 10~* 
45 Bev 


* Spread in aoarnr of team eapremad a. a percents of total energy of team ; 
• tpread in energy of 0.01 Mev. 


0.5% 


< 2 % 


Well-collimatcd 
and well-focused 
external beam 


W ell-collimated 
and well-focused 
external beam 


70-Mev (p) 
operating; 
high-energy 
design (p); 10 
Mev /nucleon 
(heavy -ion) 
l -Bev operat- 
ing; 4-Bev 
oonstruotion ; 
45-Bev design 


means for a 1-Mev beam 


that is, 1 % for the cyclotron 
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Fig. 1. Focusing action of an electrostatic lens. Api is 
the inward momentum acquired in the first half of the 
lens and &p 2 is the outward momentum in the second 
half (assuming the field to be accelerating). Focusing 
action results since Api > A p 2 due to the shorter time 
spent by the particle in the second half of the lens. 


(hence the name, second-order focusing) : the field 
produces the radial forces and also the velocity 
change which gives the net action. The reader can 
go through the argument for a decelerating lens 
and find that the focusing action is still converging. 
It is fairly easy to write a differential equation for 
the orbits or use graphical methods; an approxi- 
mate formula for the focal length / of a lens, such 
as the one shown, for a particle of kinetic energy 
T and charge e in an electric field E(z) is 


1 

/ 




0 ) 


For additional information, see Electrostatic 
i.ens; see also Electron motion in vacuum. 

In practice, only the first few gaps of an ac- 
celerator column have a major lens effect; their 
adjustment is critical, since it is desirable that the 
beam be neither underfocused (radially expand- 
ing) nor overfocused (crossing over in the column, 
leading to excessive final angular divergence). The 
important types of electrostatic accelerators are 
discussed in detail in separate articles; see Cock- 
croft-Walton accelerator; Resonance trans- 
former; Van df. Graaff generator. 


CIRCULAR ACCELERATORS 

Particle orbits. Circular accelerators utilize a 
magnetic field of induction B to bend charged- 
particle orbits and confine the extent of particle 
motion (see Induction, magnetic; Magnetic 
field). It is known from electromagnetic theory 
that a magnetic field exerts a force on a moving 
charge perpendicular to the direction of the field 
and to the particle velocity; as the result of this 
force, the orbit of a particle carrying Z electronic 
charges e has a radius of curvature r given by 

1/r = BZe/cp ± (2 a) 

(Gaussian, cgs units; omit the factor c if inks 
units are used), or in units frequently used in 
particle physics, 

1/r 3Q0BZ/cp ± (26) 

where B is in gauss, cp in electron volts, and r in 
centimeters. Here p ± is the component of the par- 


ticle momentum p perpendicular to the magnetic 
field lines. Equations ( 2 a) and (26) are correct 
for particles moving at relativistic velocities, p ro . 
vided the relativistic equations 

cp * pymec 2 ( 3 ) 

E=ymac 2 (l 

7 - a - e 2 r m r, 

» - »/' ((>) 

E 2 - (cp) 2 + (mac 2 ) 2 (/) 

are used to relate the mechanical quantities m„ == 
rest mass, c = velocity of light, E = total energ\ 
(including rest energy), v = particle velocity. In a 
uniform magnetic field, a particle will thus de 
scribe a helix <fcf radius given by Eqs. (2a) and 
(26) and pitch given by the initial conditions 
(Fig. 2). See Relativistic electrodyn amk ^ 
Relativistic mechanics; Relativity. 

Weak focusing. A uniform magnetic field will, 
in general, not confine the particles after the\ 
execute a few turns. A guide-field which falls off 
radially in magnitude (Fig. 3) will produce <i 
restoring force which causes the orbits to oscillate 
about the midplane of the magnetic field. From 
Eqs. (2a) and (3), it is found that the time T and 
the corresponding angular frequency 


u)c — 2-ir/T • (fit 



Fig. 2. Motion in a uniform magnetic field of induc- 
tion fi. The orbit is a helix of parameters as given by 
Eqs. (2a) and (2b). 


--OXIS 



Fig. 3. Motion in a magnetic field of circular *y mrn ® 
try with radial fall-off. 



to describe a complete circular orbit are given by 

ji _ 2irr 2irymQC 
v BZe 


and 


U)c 


BZe 1 

; = — co 0 

ymoc y 


(9) 

(10) 


The quantity (*c is known as the cyclotron fre- 
quency and is characterized by the fact that for 
particle velocities v < < c (that is, y ^ 1 ) , 


oic wo = BZe/nioc ( 11 ) 


which is a quantity independent of the particle 
energy at a given value of the field. 

It is customary to represent the radial fall-off of 
the field by an index n defined by 


rp dB 
Bp dr 


02 ) 


where r () and Bp are the values of the orbit radius 
r and the induction B about which the particles 
oscillate. 

It can he shown that, as the result of the 2 -axis 
restoring action (as shown in Fig. 3) and the 
geometry of the orbits in their plane, the particles 
will oscillate about the equilibrium orbit, where 
the frequencies for small oscillations are given by 


Particle accelerator S7S 

focusing is an example) is often called strong 
focusing; it is characterized by the fact that the 
frequencies <*>* and w r can become much larger than 
the cyclotron frequency in contrast to the weak- 
focusing case expressed by Eqs. (13) and (14). 
This causes certain complications: if or u> r coin- 
cides with harmonics of energy of the main 
orbital motion can be fed into the radial and axial 
oscillations leading to instability; hence, such in- 
tegral relations must be avoided or be passed very 
rapidly in the case of time-varying fields. 

Cyclotron resonance ; phase stability. Equation 
(11) shows that in a constant magnetic field and 
for non relativistic motion (v << r), the time to 
complete a circular orbit is independent of particle 
energy. Hence, if an alternating voltage of angular 
frequency *** coo is applied across a radial gap 
located in the magnetic field, the particles will 
cross this gap always at the same phase of the 


image 



fii- = o)f'\/n (13) 

mg the field lines, and by 

a) f - (1 -nV'Kic (14) 

perpendicular to the field lines, respectively. These 
frequencies are known as the betatron frequencies, 
and the oscillations as betatron oscillations. As the 
r esult of the radial oscillation, the center of the 
orbit will precess about the center of sym netry 
with a frequency 



Fig. 4. Model of strong focusing: a combination of a 
converging and a diverging lens yields a net converg- 
ing system; n > > 1 is converging for axial motion and 
diverging for radial oscillations; n << — 1 is diverg- 
ing for axial motion and converging for radial motion. 


<,>„ = 1 — (1 — n) (15) 

Strong focusing. When n becomes larger than 
unity in a magnetic field of circular symmetry, the 
radial motion becomes unstable; that is, the par- 
ticles spiral out. Hence, in the weak-focusing sys- 
tem. n is restricted to the interval 0 < n < 1. ‘ gen- 
erally, other considerations narrow the permissible 
range of n further. If n >> 1, the particles are 
vertically very stable and horizontally unstable: if 
n < < — 1, they are vertically unstable and hori- 
zontally very stable. It is known that lenses of 
equal converging and diverging strength, hut sepa- 
rated by a small distance, form a converging com- 
bination regardless of which lens comes first 
(Fig. 4). Hence, if n alternates between large 
positive and negative values, that is, if the radial 
field gradient is reversed as a function of angle 
around the orbit, a net focusing action can result 
both radially and along the field lines. This is 
known as alternating-gradient (AG) focusing. 
There are additional restrictions on the frequency 
°f alternation of gradient and on n which must be 
ntet if stability is to result; these restrictions are 
loo complex to discuss here. Focusing obtained by 
alternating focusing and defocusing (of which AG 



Fig. 5. Principle of the cyclotron. The ions are formed 
in the ion source and are drawn out by one ojf the D's. 
The particles are bent into circular orbits; the period 
of the orbit is equal to the period (27r/ct>p) of the ap- 
plied D voltage.' The particle will thus cross the gap 
between the D's at constant phase. 
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alternating voltage (Fig. 5) ; if a particle is started 
at a phase suitable for acceleration, it will spiral 
out to the field boundaries as its energy increases. 
This is the principle of the cyclotron. The oscillator 
driving the electrodes (D’s) must be adjusted to 
the frequency a>r, given by Eq. (11) ; <oc is defined 
only by the kind of ion to be accelerated and the 
magnetic field. 

The cyclotron-resonance concept is only approxi- 
mate for two reasons: (a) the relativistic factor y 
in Eq. (3) representing the mass increase has been 
ignored, and (6) to obtain axial focusing, a small 
n-value is required so that the field B in Eqs. (2a) 
and (2b) is not constant, but falls off with r. Both 
of these effects throw the particles out of step with 
the accelerating voltage in the same direction. Thus, 
the ordinary cyclotron is limited in the number of 
turns during which acceleration can occur, and 
hence the required D voltage becomes very high at 
large energies. 

What happens to a particle not exactly in step 
with the frequency of the accelerating system in 
the general case when these approximate assump- 
tions are not made? Consider a given radius at 
which the magnetic field is given and where the D’s 
are excited at a given frequency. Consider a par- 
ticle which crosses the gap in Fig. 5 at such a phase 
that it is accelerated, but let the field be decreasing 
during the time of passage. Assume that this par- 
ticle has a momentum less than that required by 
Eq. (11) for the conditions in question. This means 
that it will move to a smaller radius, and hence 
(for n > 0) to a stronger field. This effect, com- 
bined with the relativistic factor y in Eq. (11), will 
make <»r too large; hence, the next time around, 
the particle will arrive earlier and will thus gain 
more energy when passing the gap. Thus, the par- 
ticle whose energy was too low for the conditions of 
D frequency and magnetic field at a given radius 
will gain extra energy, and vice versa. The particle 
energy will, in thi9 way, oscillate about the correct 
energy. This condition is known as phase stability, 
and in the case of circular accelerators (but not 
for linear accelerators), occurs for those particles 
which cross the accelerating gap at a time when 
the accelerating field is decreasing (Fig. 6). The 
phase stability action will lock the particles into 
orbits such that their energy ymoc 2 and radius r are 
defined in terms of the applied frequency cur of the 
accelerating system and of the magnetic field B (or, 
coo = BZe/moc). Specifically, o >c and o>o define r 
and y by the relations, derived from Eqs. (2a), 
(26), and (11), 

r / 1 1 \t/*' 

( 16 ) 

C \0)c Wo / 

“ d » - b + (t)T - S ,I7) 

It follows that it is possible to accelerate the par- 
ticle by changing either the frequency a>c or the 
magnetic induction B slowly (adiabatically), pro- 
vided the radio- frequency (rf) power is sufficient 
to provide the increasing energy per turn. This is 


Table 2. Programming of parameters of various types 
of circular accelerators 



Frequency 
of acoeler- 

Magnetic 



ating 

guide-field. 


Accelerator 

system, cue 

G>o 

Radius, r 

Synchrocyclotron * 
Electron synchro- 

Decreasing 

Constant 

Increasing 

tron, v * c 

Proton synchrotron 

Constant 

Increasing 

Constant 

(including AGS) 

Increasing 

Increasing 

Constant 

Ordinary cyclotron 

Constant 

Constant 

Increasing 


• Sometimes referred to as synchrophasotron in the Rus- 
sian literature. 


accelerating particle of energy lower than 



synchronous phase 

Fig. 6. Principle of phase stability in circular accelera- 
tors. The diagram shows the accelerating voltage as a 
function of time. A particle of correct energy and ra- 
dius fn the magnetic field to be in cyclotron resonance 
will cross the accelerating gap at a phase angle ^ 
(synchronous phase) as shown; this phase is defined 
such that cos <ps is the ratio of energy gain per turn 
required by the accelerating program divided by the 
maximum energy gain possible. Particles of energy 
below resonance energy will tend to move toward 
phases of higher energy gain and vice versa; this ac- 
tion results in phase stability. 

the action of the various types of “synchro-” ma- 
chines, as shown in Table 2. If one of the parame- 
ters is changed at a certain rate, then the particle 
whose energy exactly keeps step with the change 
will ride at the synchronous phase angle <ps shown 
in Fig. 6; the other particles will execute phase 
oscillations about In general, the amplitudes 
of the phase and betatron oscillations will decrease 
with increasing particle energy. 

Fixed-field cyclotron. Most fixed-field cyclotrons 
accelerate deuterons (D + ), a-paiticles (He ++ h an ^ 
molecular hydrogen ions (H 2 + ), since these have 
nearly the same charge-to-mass ratio, and thus, 
nearly the same cyclotron frequency. Fixed-field 
cyclotrons have been built with magnet pole diame- 
ters up to 90 in., giving energies of 30 Mev to deu- 
terons, 60 Mev to a-particles, and 15 Mev to pro- 
tons (half the energy of the H 2 + ion). The magnet 
is usually a structure containing the two circular 
poles, two coils close to the poles, and two mag- 
netic return circuits. The accelerating structure 
(D’s) is contained in a vacuum chamber inside the 
poles. As mentioned before, it is necessary to op- 
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erate the D’s at very high voltages to achieve the 
acceleration in relatively few turns; this requires 
very large rf power sources (100 kw or more for 
the larger cyclotrons) and also makes the support 
of the D-structure a difficult problem, since insula- 
tors become hot through rl losses. In most cyclo- 
trons, the D’s are supported on “D-stems” which 
are electrically a quarter-wavelength long when 
considered as transmission lines with capacitative 
loading to represent the D’s (Fig. 7). This permits 
the D-stems to be grounded on the end away from 
the D. The high-powered oscillator couples power 
at the region of high rf magnetic field near the 
shorted end. The oscillator can be independently 
tuned, or (more commonly) the resonance fre- 
quency of the D-structure itself can be the fre- 
quency-defining element. The ion source consists 
generally of an arc discharge along the axis of 
the cyclotron from pole to pole; gas is fed into the 
in c to supply the ions; the vacuum tank is pumped 
at high speed to maintain an adequate vacuum (see 
Kig.8). 


vacuum tank 



Fig- 7. Schematic representation of cyclotron D-struc- 
ture. The entire structure constitutes a network remnant 
at the frequency a> r . 


Synchrocyclotron. As is seen from Table 2, the 
svnchrocyclotron employs the phase-stability prin- 
ciple, and uses a programmed frequency of the rf 
system to guide the particles to higher energy and 
larger radii. Since the motion is stable, it is re- 
missible to have the particles execute very many 
turns, and thus, relatively low D voltages are re- 
quired; in fact, the D-voltage level is determined 
by the need to draw the ions out of the source and 
the desired time program of the beam. The oscil- 
lator is frequency-modulated either by a rotating 
condenser or by an electrically driven tuning fork. 

The synchrocyclotron resembles the ordinary 
cyclotron in appearance, but because of the lower 
D-voltage requirement, the magnet gap is gener- 
ally smaller in proportion. Usually, only one D 
Is used; the opposite electrode is a grounded 
dummy D. 

The beam of the synchrocyclotron is pulsed in 
accordance with the time cycle of the frequency 
modulation; hence, its average beam current is 
touch lower than that of the ordinary cyclotron. 
The beam can strike an internal target placed at 
a suitable radius, or the beam can be extracted. 



Fig. 8. The 90-in. cyclotron at the University of Cali- 
fornia Radiation Laboratory, Livermore. This is an un- 
usual design employing a C-shaped magnet and per- 
mitting a variable energy. (University of California ) 

The most successful extraction method consists of 
exciting large-amplitude radial oscillations in 
the beam by a number of magnetic irregularities 
placed at suitable angular positions in the magnet; 
these oscillations increase the turn spacing to such 
an extent that a large fraction of the beam can be 
caught in a magnetic shield which “pipes” the 
particles out of the magnet (see Fig. 9). 

Electron synchrotron. As is shown in Table 2, 
the elec tron synchrotron makes use of the phase- 
stability piinciple; the particle energy follows an 
increasing magnetic field at a constant accelerating 
frequency. 

Electrons attain a velocity close to that of light 
at very moderate energies; the radius of the orbits 
will change only by about 2% as the particle is ac- 
celerated from 2 Mev to very high energies. Hence, 
contrary to the design for cyclotron magnets, the 
magnet can be in the form of a ring to produce a 
magnetic field only in an annular volume. The cost 
and weight of a magnet are related to the magnetic 



Fig. 9. View of the vacuum tank and upper magnet 
coil of the 1 84-in. synchrocyclotron of the University of 
California Radiation Laboratory, Berkeley. Pumps are 
in the foreground; target-handling equipment is at the 
lower left and the rf oscillator housing is at the right- 
hand edge. Note the magnet return yoke and the 
shielding at the tpp of the picture. ( University of Cali- 
fornia ) 
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field volume; hence, an accelerator of the synchro- 
tron type requires a much smaller magnet than a 
machine requiring a magnet with a core extending 
to the center. 

The variability of field required in the electron 
synchrotron is obtained by exciting the magnet 
from a source of alternating voltage. Since the en- 
ergy stored in the magnetic field of the magnet is 
much larger than the energy dissipated as heat in 
the windings per accelerating cycle, economy re- 
quires that this energy be stored in a condenser 
bank between cycles. This can be achieved either 
by using the magnet and condenser bank as a par- 
allel-tuned circuit across the power line or, if op- 
eration at a lower repetition rate is desired for rea- 
son of heat dissipation or economy, by switching 
the energy from the condenser bank to the magnet 
and back by high-power switching tubes such as 
ignitrons. 

The synchrotron magnet must produce a field 
variable from tens of oersteds to more than 10,000 
oersteds. The low-field part of the cycle gives diffi- 
culties on three scores: the effect of remanent fields, 
the effect of eddy-current fields, and the effect of 
static charges built up on the insulating walls of 
the “doughnut” which constitutes the vacuum 
chamber. Kemanent field effects are minimized by 
careful randomization of the steel used in the poles 
and. occasionally, by circuit arrangements which 


demagnetize the iron between pulses. Eddy-current 
effects must be avoided by lamination of the iron 
(lamination sizes similar to those in conventional 
power transformers are used in most electron syn- 
chrotrons), and by manufacturing the vacuum 
chamber of insulating or very-low-conductivity ma- 
terials (see Eddy current). Static charge effects 
are avoided by coating the inside of the chamber 
with a high-resistance (but conducting) material. 
In addition to these precautions, synchrotrons re- 
quire a set of correcting coils which must be ad- 
justed to correct the orbits at low magnetic field. 

Since it is necessary to minimize the radial ex- 
cursion of the beam, the synchrotron action must 
start at energies #f 2 Mev or higher. Electron in- 
jection above this voltage can be done with an ex- 
ternal electrostatic generator or electron linear 
accelerator and a pulsed electric inflector. If in- 
jection is made via an internal electron gun, the 
injection voltage is usually lower; in that case, the 
synchrotron’s magnetic circuit is arranged so that 
the machine operates as a betatron until the neces- 
sary energy is reached. 

The rf field to provide the necessary energy gain 
per turn and to make up the energy lost by the 
electrons because of their radiation in the circular 
orbit (the so-called synchrotron radiation) is usu- 
ally provided by a gap in the rf ?avity which is 
built into the doughnut chamber or installed in 



Fig. 10. The electron synchrotron of the California and targets. This machine has reached 1.1-Bev energy 

Institute of Technology. Note the straight sections con- ( California Institute of Technology > 

taining pumping manifolds, the accelerating system. 
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straight sections of the machine. The classical en- 
ergy loss per turn due to radiation from an electron 
moving in a circle of radius r is given by 

(4tt/ 3) (r 0 /r)y»m 0 c 2 (18) 

where r 0 = 2.81 X 10“™ cm is the classical electron 
radius, and the other symbols are the same as those 
previously defined. This loss (varying as the cube 
of the energy if the magnetic field is held con- 
stant) becomes the limiting factor to the energv 
attainable with the electron synchrotron (and much 
sooner with the betatron) : for a 5-Bev accelerator, 
the energy loss is about 5 Mev/turn. In addition, 
further complications arise at high energies be- 
cause of the quantum nature of the emitted radia- 
tion ; these further increase the required accelerat- 
ing voltage. The radiation loss plus the required 
energ) gain per turn defines the minimum accel- 
erating voltage; in general, the minimum is ex- 
ceeded and thus the particle ‘"rides’' at a phase an- 
gle defined by the magnetic field program and the 
energy of the rf system. 

The output of electron synchrotrons is the x-ray 
beam produced by letting the electron strike an 
internal target. Schemes to extract the electron 
beam itself have been worked out, but not yet put 
into practice (see Fig. 10). 

Proton synchrotron. In the electron synchrotron, 
it is possible to accelerate highly relativistic 
(y > > 1) electrons at nearly constant radius us- 
ing a fixed accelerating frequency since the orbit al 
velocity is nearly constant. I bis is not possible for 
protons, since their velocity does not approach r 
for energies short of several billioi. electron volts 
(Bev). In order to realize the savings made pos- 
sible by the use of a ring magnet — that is, in order 
to accelerate at constant orbit radius- -Eqs. *16) 
and (17) show that both B (and hence o»o) and me 
must be changed together in order to keep r con- 
stant, and at the same time, increase the momentum. 
Figure 11 shows a plot of the required frequency 
(plotted as torr/c) as a function of the magnetic 
field (plotted as u>o r/c) required to keep the radius 
constant. This is the principle of the proton syn- 
chrotron. In other respects, operation is identical to 
that of the electron synchrotron with the exception 
that radiation losses are totally negligible. 

There are, however, many additional practical 
differences. Proton synchrotrons usually operate 
at a lower rate of rise of magnetic field, and hence, 
the magnet lamination can be thicker without ex- 
cessive eddy-current effects. Also, the vacuum 
chamber can be fabricated of thin stainles's steel 
or other low-conductivity metal. Injection is accom- 
plished by a separate electrostatic accelerator or 
proton linear accelerator and a pulsed electric in- 
flection system. Proton synchrotrons have been con- 
structed in the form of four quadrants separated 
hy straight sections. The inflection electrodes, the 
tf accelerating cavities, and other apparatus are 
located in the field-free straight sections. Figure 
12 shows a typical arrangement. 

The rf system and its control present special 
Problems since the accelerating cavity (or elec- 



Fig. 1 1 . Plot of particle velocity /3 (in units of the 
velocity of light c) against particle momentum f3y (in 
units of rest energy divided by r). The particle velocity 
is a measure of the required frequency o>c of the ac- 
celerating system, and the momentum i» a measure of 
the magnetic field. The curve thus represents the re- 
quired program of magnetic field and frequency. 

trode) must be modulated over a wide frequency 
runge in accordance with the program shown in 
Fig. 11. To give the accelerating structure enough 
band width to handle the frequenry range would re- 
quire excessive power. The best solution appears 
to be to resonate the structure with an inductance 
loaded with a ferrite or other permeable material; 
the ferrite is saturated by a control winding which 
changes its permeability, and thus, the frequency 
of the circuit, in ac cordance with the desired pro- 
gram. 

Figure 13 shows the proton synchrotron (called 
Bevatron ) at the University of California Radiation 
Laboratory. The proton synchrotron at Brook- 
haven National Laboratory is called Cosinotron. 

Alternating-gradient synchrotron. As discussed 
previously, it is possible to achieve both radial and 
axial stability in a circular accelerator by rapidly 



Fig. 12. Schematic diagram of the principal compo- 
nents of a proton synchrotron. Note the various possi- 
bilities of external neutral beams, charged beams, and 
extracted primary beams. 
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Fig. 13. The 6-Bev proton synchroton (Bevatron) of the ton linear accelerator injector is shown at the lower 
University of California Radiation Laboratory, Berkeley. right. ( University of California) 

All four quadrants of the magnet are visible; the pro- , 



Fig. 14. Aerial view of the 30-Bev alternating- 
gradient proton synchrotron at Brookhaven National 
Laboratory during the final phase of construction. The 
concrete housing of the guide-field magnet is exposed 
in this view but has since been covered by an earth 


shield. The lineaf accelerator injector is at the lower 
right corner. The target building, in which primary 
and secondary beams are used, is at the left. (Broo 
haven National Laboratory ) 
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alternating the sign of the radial gradient. Proton 
and electron accelerators based on this strong- fo- 
cusing principle are called alternating-gradient 
synchrotrons (AGS). They differ from the conven- 
tional (weak- focusing) machines in several essen- 
tial respects: (1) The radial and vertical particle 
excursions are considerably smaller because of the 
stronger focusing forces involved; this results in 
considerable reduction in magnet gap and, there- 
fore, magnet size and cost. (2) Very severe me- 
chanical tolerances must be met in order to avoid 
resonances, that is, integral relations belween beta- 
tron and rotation frequencies. (3) Phase stability 
considerations are profoundly modified. 

Some comments on the last point are given here. 
The earlier discussion of phase stability was based 
on the fact that the period of traversing an orbit 
increases with increase in particle momentum. De- 
tailed analysis of AGS orbits indicates that this is 
in fact so only at low particle energies if high field 
gradients are used in the AGS; at higher energy, 
the period decreases with increasing particle mo- 
mentum. This implies that the region of phase sta- 
bility will shift from the part of the sine-wave volt- 
age across the accelerating gap, decreasing in 
time, to a region increasing in time at a specific 
transition energy. At this energy, phase stability 
will disappear briefly. To recapture the particles, 
a shift in phase of the rf voltage is required. Suc- 
cessful passage of particles through this “phase 
transition” region has been achieved in an elec- 
tron model and in the alternating-gradient synchro- 
tron of the European Council for Nuclear Research 
(CERN) , Geneva, which is now operating at 29 Bev. 
A similar machine has been completed at Brook- 
haven National Laboratory and has reached 31 
Bev (Fig. 14) ; this is the highest energy reached 
by a particle accelerator to date. 

Betatron. The betatron (or magnetic-induction 
accelerator) is a circular electron accelerator in 
which a magnet with radial gradient provides the 
guide-field, but in which the energy is given to the 
particles through a time-varying magnetic flux link- 
ing the orbits. The action can be considered to be 
that of a transformer in which the primary winding 
is composed of ordinary wire turns while the sec- 
ondary is the electron beam. 

A certain condition must be met if the particle 
orbit radius r is to be constant while the flux (f> 
and the magnetic induction B at the orbit are 
changing at rates and B. The energy gain per 
turn is given by e0, according to Faraday’s law. 
Hence, 

4 « (me 2 y) (2 tt t/v) - 2tt r(dp/dt) = 2tt r 2 eB 

(19) 

by differentiating the appropriate relativistic equa- 
tions. Equation (19) shows that the flux through 
the orbit must change at twice the rate as the prod- 
uct of orbit area times the flux density at the orbit. 
This is known as the betatron condition. Note that 
Eq. (19), which determines the radius at which the 



Fig. 15. Schematic diagram of the basic components 
of a betatron. The energy is given to the particle 
through the time-varying flux linking the orbit pro- 
duced in the flux core. The orbit is bent and focused 
by the guide-field. The orbit field and the central flux 
are programmed together to obey the betatron condi- 
tion of maintaining a constant orbit radius. 

particles circulate, refers only to the time rates of 
the field and the flux; economy can be realized by 
letting the flux range from negative to positive 
values while the guide-field excursion is unilateral. 
This is called flux-biased operation. Figure 15 is a 
schematic diagram of the betatron with a separate 
guide-field and flux drive. 

Electron inaction into a betatron is usually by 
an electron gun at the edge of the vacuum chamber. 
The current obtainable depends critically on the 
ability of the electrons to avoid hitting the injector 
on the initial turns until the increasing field con- 
tracts the orbit. The output beam is usually the 
x-ray beam produced when the electrons strike a 
target; however, ejection of an external electron 
beam has been accomplished for the lower-energy 
betatrons by a “peeler,” which is a carefully shaped 
magnetic shield which permits the electrons in spe- 
cific orbits to escape from the field. 

Equation (19) does not allow for radiation loss; 
hence, the practical limit of the betatron is set 
when it becomes impossible to program <f> to a rate 
sufficient to compensate for the radiation loss. This 
limit is near 500 Mev (see Fig. 16) . 

Fixed-field accelerators. With the exception of 
the ordinary cyclotron, all the circular (magnetic) 
accelerators described employ time- varying fields 
with the consequent need of laminated construction 
and large external equipment for storage of the 
magnetic energy during the operating cycles; the 
cyclotron, however, is limited by its lack of phase 
stability and need for very high rf voltage^ to main- 
tain synchronism to high energies. Attempts to 
overcome these problems have gone in two direc- 
tions : ( 1 ) to design a field in which cyclotron res- 
onance at a fixed orbital frequency and radial and 
axial focusing can be maintained simultaneously 
at all radii; and (2) to design fixed-field machines 
using alternating-gradient focusing with phase- 
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Fig. 16. The 300-Mev betatron of the University of magnetic return for the flux core. The guide-field struc- 

lllinois. It is the highest-energy betatron built as of ture is the smaller dark-colored circular structure. (Uni- 

1961. The big external iron yoke (light-colored) is the versify of Illinois ) 


stable operation and variable frequency where the 
frequency program controls the radial position of 
the orbit. 

The first method has been realized in the Thomas 
cyclotron which operates like an ordinary cyclo- 
tron, but employs a magnetic field variable in azi- 
muth in such a way that stability is obtained. This 
machine offers the possibility of stable operation 
to near 1 Bev at very high intensity with continuous 
beam, but is quite expensive to construct. Another 
machine in this class is the so-called microtron for 
electrons, which has been constructed to several- 
Mev energy. The microtron employs a magnetic 
field such that the time of successive revolutions of 
the particles increases by exactly 1 cycle of the 
accelerating rf voltage; synchronism is thus main- 
tained. 

The second method is the basis of the so-called 
fixed-field, alternating-gradient (FFAG) machines. 
These are still in the development stages; several 
models have been operated successfully. 

FFAG machines have been designed and tested 
in model form in several configurations. A promis- 
ing version is the spiral-ridge design; a 40-Mev 
electron model is shown in Fig. 17. The accelerat- 
ing cavities are frequency-modulated so that 
successive phase-stable “buckets” of particles are 
“lifted” to high energy. Several buckets can be 
present in the accelerator at one time; this is the 
principal reason why high average currents are 
obtainable in the FFAG. 

A version of the FFAG has been designed in 
which particles of the same sign can circulate in 
opposite directions in the machine. This is of 
potential value in the study of the reaction prod- 
ucts of “colliding beams.” 

It can easily be shown that reaction rates be- 
tween beams of usual intensities are impractically 
low if each particle group interacts only once. If, 


on the other hand, particle beams are permitted to 
circulate repeatedly through one another at their 
orbital frequency, useful reaction nUes can result. 
Energies available for a particle reaction are 
greatly increased if two beams collide so that the 
center of mass of the reaction remains at rest in 
the laboratory. If a particle of initial energy A’i 
(where K v includes the rest energy mic-) strikes a 
particle of rest mass ran at rest, then the total 
energy available for a reaction is given by 

E nn = [ (mic 2 ) 2 -f (miC 2 ) 2 + 2 (m 2 C‘)Eiy /:i (20) 

The total available energy is here identified with 
the energies of the reacting particles, including 
their rest energy, available in that reference frarm 
(usually called the center-of-mass frame) in which 
the total momentum of the reacting particles is 
zero. For highly energetic particles ( E\ rn\f‘ 
and Ex » m^c 2 ) , Eq. (20) becomes simply 

Ecm= \2(m^)E x y^ 

which increases only with the square root of E\- lb 
on the other hand, two particles moving in opposite 
directions, each having energy E i, collide, then 
evidently 

E cm = 2 Ex (22) 

Thus, in terms of available energy, two colliding 
500-Mev electron beams are equivalent to a 1000- 
Bev electron beam striking an electron (rest en- 
ergy m 2 c 2 = 0.51 Mev) at rest. The energetk 
advantage of the colliding-beams principle is evi- 
dent. The experimental arrangements suitable for 
observation of colliding-beam events are, however, 
very limited. For this reasftn, the principle has 
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Fig. 17. Spiral-ridge electron model of an FFAG ac- 
celerator. This model is used in testing orbit dynamics 
to form the design basis for a large proton machine. 
(Midwest Universities Research Association ) 

not been advanced to practical realization except 
in the case of storage rings (see below) . 

LINEAR ACCELERATORS 

Principles Of operation. Linear accelerators ac- 
celerate particles in a straight line by means of 
suitable rf fields. Since a given field location is 
traversed only once, such fields must be produced 
along the entire particle orbit; hence, very high 
field strengths are necessary, and this implies vei y 
high rf power levels. 

Possible synchronism between particles and field 
is attained by either of two methods: traveling- 
wave acceleration, wherein a wave with an acceler- 
ating field component is produced whose phase 
velocity is equal to the particle velocity; or stand- 
ing-wave acceleration, wherein a standing-wave pat- 
tern is produced which would alternately accelerate 
and decelerate the particles. A set of drift tubes is 
introduced into the field to shield the particles from 
the field when the field direction is decelerating. 

Particle energies . The energy T to which a par- 
ticle can be accelerated in a structure of length 
L fed by rf power sources operating at a wave- 
length A and feeding in a power P is given by 

T m K (PL) 1 * 9 *.- 1 ' 4 (23) 

where K is a constant depending only slightly on 
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the structure chosen and also on whether a stand- 
ing-wave or traveling-wave structure is used ; hence 
length and power are equally instrumental in at- 
taining high energies. Short wavelengths are ad- 
vantageous from the point of view of power econ- 
omy, but factors opposing this view are (1) in 
principle, higher power levels are available from 
microwave tubes at longer wavelengths and 
higher powers can be dissipated in the accelerator ; 
(2) the tolerances of the mechanical structure are 
easier to meet at longer wavelengths; (3) higher 
currents can be accelerated at longer wavelengths. 
In practice, the wavelengths used are 3-30 cm for 
electron accelerators, 100 -200 cm for proton accel- 
erators, and 500-1000 cm for heavy-ion accelera- 
tors. The high power levels involved require that 
linear accelerators be operated as pulsed rather 
than as continuously operated machines; note that 
this requirement is imposed by practical and eco- 
nomic considerations rather than by fundamental 
principles of operation, as in the case of the phase- 
stable circular machines. 

Orbit dynamics. The focusing action and phase 
stability of linear accelerators in the absence of 
external lenses that could be placed around the 
machine will now be discussed. Consider a region 
in space where the accelerating field lines increase 
in time as the particle crosses the region (Fig. 18) ; 
assume that no lines end inside the beam. It is clear 
that there will be a net defocusing action since, 
in an increasing field, the transverse momentum im- 
parted at B is greater than that imparted at A. 
However, the action is phase-stable, since a parti- 
cle arriving late will receive a larger acceleration 
and will catch up on the next cycle. If the particle 
crosses during a decreasing part, the conclusions 
are reversed. Thus, focusing and phase stability 
in a linear accelerator are incompatible. This can 
be proved by formal mathematical methods; the 
only approximation is that the second-order focus- 
ing dominant in electrostatic accelerators, but very 
small here, is neglected. This incom patability of 
focusing and phase stability appears to be a serious 
obstacle to the operation of a linear accelerator, 
but it can be circumvented in various designs as 
follows: (1) A very short accelerator can be op- 
erated even though unstable. (2) Charge can be in- 



Fig. 18. Phase focusing in the linear accelerator in 
the absence of grids. If the field is increasing during 
particle transit across an accelerating gap, the de- 
focusing momentum imparted at B will be greater than 
the focusing momentum at A . The action is thus defo- 
cusing but is phase-stable. 
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Fig. 19. Electric field configuration in the standing- 
wave proton accelerator employing a cavity resonant 
in the TM 01 mode. Drift tubes are shown placed to 
shield the particles when the phase is decelerating. The 
length of the drift tubes is designed such that the par- 
ticles cross each gap at approximately the same phase. 


eluded in the beam to terminate the lines in Fig 
18 inside the beam, thus producing a convergent 
action even at phase-stable transit phases; this 
charge can be induced on grids placed in the field. 
(3) As the particle velocity approaches c, the ap. 
parent incompatibility becomes irrelevant because, 
for relativistic velocities, the action of the radial 
electric time-varying field is almost canceled by the 
accompanying time-varying magnetic field, and 
also, because the velocity is almost invariable, so 
that the particles are in neutral equilibrium both 
longitudinally and transversely. (4) External mag- 
netic (either solenoidal or strong-focusing) or elec- 
trostatic lenses can be used. See Magnetic lens. 

Proton and ityi accelerators. Existing proton 
and heavy-ion linear accelerators are of the stand- 
ing-wave type. The wave pattern is set up in a 
cavity with an electric field configuration as shown 
in Fig. 19. The areas around the beam repre- 
sent metallic drift tubes; no field is present in- 
side the tubes. The distance between tube center 



Fig. 20. Inside view of the cavity of the heavy-ion ture and the rf coupling loops on the edge of t 

linear accelerator at the University of California Radi- tank. (University of Californio) 

ation Laboratory, Berkeley. Note the drift-tube struc- 



Fig. 21. Electric field configuration in a traveling- 
wave electron linear accelerator. The wave guide 
shown is loaded by four disks per wavelength (other 
spacingS are possible) to obtain a phase velocity to 
match the speed of the particle. 

lines is vk/c % where A is the exciting wavelength 
and v the mean particle velocity between the cen- 
ter lines. If this condition is fulfilled, the particles 
will cross each gap at the same phase, and phase- 
stable acceleration will result. Focusing is ob- 
tained by grids at the entrance of each tube or, in 
all recent designs, by lenses built into the tubes. 
The cavity and drift tubes must he constructed to 
make the structure resonant for the mode shown 
(.sec Cavity huson ator ) . The resultant cavity is 
excited by external oscillators or amplifiers. Several 
cavities of the type shown can be coupled together 
and excited in synchronism. Ions are injected into 
the accelerator bv an electrostatic machine; the 
beam emerges at the output end, and can he directed 
to the experimental targets with suitable magnetic 
arrangements ( see Fig. 20 ) . 

Electron accelerators. Almost all electron linear 
accelerators are of the traveling-wave type. The 
wave is produced in a loaded wave guide, which is 
a wave guide excited in the TM mode (having a 
longitudinal electric field component) and loaded 
by disks or other means to produce the correct 
phase velocity to match the particle. An unWded 
or uniform wave guide is not suitable, sim e the 
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phase velocity in such a guide exceeds the velocity 
of light. .See Phase velocity; Wave guide. 

A typical field configuration is shown in Fig. 21 ; 
the field pattern should be visualized as translating 
along the axis with a velocity equal to that of the 
electron shown. The electron velocities approach c 
very rapidly; hence, except for the first few feet of 
the machine, all radial forces can be neglected. 
This means that the momentum component trans- 
verse to the axis remains constant, and since the 
longitudinal component increases continuously, the 
angle of divergence of th ■ beam decreases continu- 
ously; for uniform energy gain per unit length, this 
corresponds to a beam angle varying as the inverse 
of the distance along the machine and to a beam 
radius increasing logarithmically. A set of very 
small external magnetic lenses can change this 
beam diameter increase to a decrease. 

The accelerator wave guide must he constructed 
to very close tolerances to control the phase veloc- 
ity to the required accuracy, since there is no 
phase stability once the energy has become several 
times the rest energy of the electron. 

Particles are injected from an electron gun 
which can easily inject electrons at a velocity of 
*■---* c/2. The first accelerator section can he a spe- 
cial “hunching” device to concentrate the particles 
near the crest of the traveling wave of the succeed- 
ing sections. 

The energy possibilities of the electron linear ac- 
celerator are not limited by fundamental considera- 
tions, since electrons accelerated in a straight line 
do not lose energy by radiation by an appreciable 
amount. Since the operating frequency is in the mi- 
crowave region, the possible performance of the ac- 
celerators is closely tied to the available power 
sources. Some of the earlier machines were pow- 
ered hv magnetron oscillators; present machines 



Fig. 22. The Stanford University Mark III electron This accelerator has reached 1 Bev. ( Stanford Uni - 
linear accelerator with shielding removed. Nets th# versify) 
wave-guide feeds which transmit the microwove power. 
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are powered by klystron amplifiers driven from a 
common master oscillator (see Microwave tube). 
At Stanford University 1 Bev has been reached 
with this type of machine (Fig. 22) ; a 4-Bev 
machine is under construction in the U.S.S.R. ; and 
a 45-Bev accelerator is under design at Stanford. 

Storage rings. Storage rings are annular 
vacuum chambers in which particles can be stored, 
without acceleration, by a magnetic guide field of 
suitable focusing properties. Such rings add to the 
usefulness of particle accelerators in two ways: 
first, they effectively stretch the duty cycle (see 
Table 1) of the machine injecting particles into 
the ring; and, secondly, if two rings are joined to 
have a common intersecting region, or if particles 
can circulate in opposite directions, the collid- 
ing-beams principle, with its energy improve- 
ment shown by Eq. (22) versus Eq. (20). can be 
applied. 

Storage rings are more economical than collid- 
ing-beam accelerators since they are fixed-field de- 
vices and require only a small aperture. Injection 
into a storage ring must be made through pulsed 
magnetic or electric devices, since injection into 
static fields is not possible. For electron (but not 
for proton) storage rings, accelerating cavities arc 
required to make up for radiation losses. 

| W. K. H. J’ANOl SKYl 
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Particle detector 

A device used to indicate the presence of fast- 
moving charged atomic or nuclear particles. When 
such a particle passes through a particle detector, 
it creates an electrical disturbance in the detector 
which can be observed and recorded. Particle de- 
tectors are used in research in nuclear and atomic 
physics and to detect cosmic rays. They are impor- 
tant in exploration for radioactive minerals, since 
they detect the particles emitted from radioactive 
substances. 

Kinds Of detectors. Many different types of par- 
ticle detectors are available. For detailed informa- 
tion, see Bubble chamber; Cerenkov radiation; 
Cloud chamber; Crystal counter; Geiger- 
Muller counter; Ionization chamber; Junc- 
tion detector; Scintillation counter; Scintil- 
lation detector, liquid; Spark chamber; Spark 
counter. For information on specific methods of 
detection, see Beta rays; Gamma rays; Neutron. 

Another type of particle detector is the photo- 
graphic emulsion. Fast charged particles passing 
through silver bromide grains in photographic 
emulsion leave the grains developable. Radioactive 
materials absorbed in tissue or bone reveal their 


distribution if the substance is placed in contact 
with a photographic plate, giving an autoradio- 
graph; for details, see Autoradiography. High- 
energy charged particles leave trails of develop- 
able grains which may be followed through the 
emulsion if they are observed in a high-power mi- 
croscope. Nuclear emulsion plates are important 
particle detectors for research in high-energy nu- 
clear physics. See Photography. 

The particles detected may be electrons, pro- 
tons, a-particles (or other atomic nuclei), and var- 
ious types of mesons. They must be moving fast 
enough to penetrate the walls of the detector and 
still have enough energy to produce the electrical 
disturbance. The particles must be charged; neu 
tral particles produce no electrical disturbance di- 
rectly. Neutrons, photons, and other neutral parti- 
cles may only be detected if they create or set free 
charged particles which can then he observed with 
a particle detector. 

Particle detectors generally consist of a sensi- 
tive element such as a Geiger-Miiller (or Geiger) 
counter or a scintillator together with amplifier?- 
to increase the intensity of the signal created when 
a particle passes through so that it will operate a 
mechanical register or an electrical meter. When 
cloud chambers or bubble chambers are used as 
particle detectors, the tracks of fast fharged parti- 
ides passing through the chamber are made visible 
and are photographed. 

Information provided. In addition to providing 
the Hfasic information concerning the presence of a 
fast-moving charged particle, particle detectors 
may provide much more detailed information. De- 
pending on the detector used, information may he 
obtained on: 

1. Number traversing detector per second (count- 
ing rate) 

2. Precise time when particle traversed detector 

3. Precise position of particle 

4. Energy lost by particle 

5. Lifetime of radioactive particle 

6. Momentum of particle 

7. Velocity of particle 

Often different particle detectors are used to- 
gether to obtain information. For example, Geiger- 
Miiller counters are used in conjunction with 
cloud chambers to provide counter-controlled pho- 
tographs of particle tracks. 

Detector characteristics. The characteristics of 
particle detectors which are important in deter- 
mining the type of detector to be used in a given 
application are speed, proportionality, and the 
amount of data desired. 

Speed. The maximum counting rate of a particle 
detector is determined by the length of the electri- 
cal signal created and the time required for the de- 
tector to recover, from a given impulse (the so- 
called dead time). Scintillation counters have the 
highest speed. The signal may be 10“ 9 sec long and 
the dead time zero. Geiger counters are not so fast, 
with a dead time of about 10~ 4 sec. Most cloud 



chambers have a dead time of more than 1 min. 
Other particle detectors have speeds intermediate 
between these extremes. 

Proportionality . When the magnitude of the 
electrical signal is proportional to the energy loss 
by the particle in the detector, the counter is said 
to be proportional in its characteristics. Scintilla- 
tion counters are proportional, but Geiger-Miiller 
counters are not. 

Measurements possible. Cloud chambers and 
bubble chambers, although inconvenient to use, can 
give much more detailed information than other 
detectors about the particles which pass through 
them. If a chamber is placed in a magnetic fHd, 
the momentum of the particle may be determined 
from the curvature of the track. Measurements of 
velocity may also be obtained from cloud-cham- 
ber and bubble-chamber tracks. Sec Low-i.kvei. 

COUNTING. [ W. U. I'KETTEK | 
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Particle properties 

Particles are solids or liquids in a subdivided state. 
Because of this subdivision, particles exhibit many 
special characteristics which are negligible in the 
bulk material. A powder is a bulk assemblage of 
fine. dry. solid particles. A dispersoid i« a suspen- 
sion of particles in a fluid. An aerosol is a suspen- 
sion of particles, either liquid or solid, in a ga«: 
the term usual I v refers to a dilute suspension of 
fine particles. Correspondingly, a hydrosol is a 
suspension of particles in a liquid. 

Particle size. The characteristics of particles 
are primarily related to their size, although other 
factors, such as shape, density, and composition, 
may also be important. Size is generally expressed 
in terms of some representative average, or effec- 
tive dimension of the particle. The most widely 
used unit of particle size is the micron, defined as 
1 '1000 mm (1/25,400 in.) and given the symbol p. 
Another common method is to designate the screen 
mesh that has an aperture corresponding X f the 
particle size. The screen mesh usually refers to the 
number of screen openings per unit length or area; 
several screen standards are in general use. the two 
most common in the United States being the U.S. 
Standard and the Tyler Standard screen scales. 

Natural and synthetic particles rarely consist of 
particles of only one size; a range of particle size 
is usually encountered. Thus, to describe a particu- 
late material, it i 9 necessary to specify not only 
the size and shape of individual particles but also 
the relative amounts of each size. This is known as 
a size distribution, obtained by means of a particle 
size analysis. A wide variety of particle size analy- 
sis methods is available. It should be noted that 
most methods of size analysis do not measure par- 
ticle size. Instead, they measure some other proper- 
ties of the particles which are then converted to an 
apparent or effective size by means of analytical or 
empirical relationships. 
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Mechanical dispersoids are formed by comminu- 
tion, decrepitation, or disintegration of larger 
masses of material, as by grinding of solids or 
spraying of liquids, and usually involve a wide 
particle-size distribution. Condensed dispersoids 
are formed by condensation of the vapor phase or 
as the product of a vapor-phase reaction and are 
usually very fine, and often relatively uniform in 
size. Condensed dispersoids and fine mechanical 
dispersoids generally tend to flocculate or agglom- 
erate; this action forms loose clusters of larger 
parfit le size. 

Particle concentration. The concentration of 
particles in a dispersoid is often expressed in terms 
of grains per cubic foot of gas. where 7000 
grains ~ 1 lb. In air pollution work, concentrations 
are sometimes expressed as grains per cubic meter 
(1 g'm' l = 0.436 grains/ft 3 ). Process dust con- 
centrations normally range from 0.01 to 100 
grain/ft 3 , with 1-10 grain/ft 3 being common in 
process ventilation work. In air-conditioning ap- 
plications, concentrations of particulate matter 
will generally range from 0.1 to 10 grains/1000 ft 3 . 
In operations such as pneumatic conveying, the 
concentrations will range from 0.1 to 50 lb solid/lb 
gas (about 50 20,000 grain/ft'*). In fluidized-solid 
systems, concentrations will frequently exceed 
1000 lb solid /lb gas. 

Figure I shows a listing of particle sizes of com- 
mon materials and related items, as well as methods 
of size analysis. Figure 2 shows a summary of con- 
centrations of particulates suspended in air. 

Particle mechanics. A particle moving in a fluid 
encounters a frictional resistance 

F r = C D A p p-£ 

where F, is the resisting force in dynes; Cp is the 
dimensionless drag coefficient; A r is the area of 
the particle projected in a plane normal to the 
direction of motion in cm 2 ; p is the fluid density 
in g/cnr ; and //, is the velocity of the particle rela- 
tive tc* the fluid in cm /sec. The drag coefficient Cp 
is a function of the particle shape, the proximity of 
hounding surfaces, and the. Reynolds number 
/V u ,.( = DpUrP-'p, where ,D P is the particle diameter 
or other representative dimension in cm; and p 
is the fluid viscosity in poises) . Drag coefficient data 
are available for a wide variety of particle shapes. 

If a particle suspended in a fluid is acted upon by 
a force, it will accelerate to a terminal velocity, at 
which the resisting force due to fluid friction just 
balances the applied force. If a particle falls under 
the action of gravity, this velocity is known as the 
terminal gravitational settling velocity 

lit — y/2gr,Mp(pp — p) /pppApCp 

where u t is the settling velocity in cm/sec; gL is 
the acceleration due to gravity, 980.7 cm 2 / sec; M p 
is the particle mass in grams; p p is particle density 
in g/cm 3 ; and other terms are as previously de- 
fined. 
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For spherical particles present in dilute concen- 
tration, Cp is approximately constant at 0.44 for 
Wh«> 500. For < 1, Cp is equal to 24 -/TVr*, 
and the resisting force is given by 

F r “ $7T fAllrl} p 

which is known as Stokes’ law. Corresponding to 
this, the terminal gravitational settling velocity is 

u t = gLD p 2 {f) p — p)/18/x 


commonly known as Stokes’ law of settling, which 
is usually applicable for particles smaller than r>0 
jjl diameter. 

When the particle size approaches the magnitude 
of the mean free path of the molecules of the 
suspending fluid, the frictional resistance to motion 
becomes less than (and the settling velocity be- 
comes greater than) that indicated by the above 
equations. To correct for this molecular slip flow 
effect, the resistance to motion calculated from the 
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Fig. 1. Characteristics of particles and particle dispersoids. ( Stanford Resegrch institute) 
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Fig. 2. Concentration of particulates in the atmos- 
phere. (From M. W. First and P. Drinker, Archives of 


Ind. Hyg. and Occupat. Medicine, 5:387—388 , 1952, 
by permission American Medical Association) 


above equations mibl lit* divided In a factor 
commonly known as the Stokcs-Cunningham eor- 
rertion factor, given by 

k, n = 1 \ k mt ( A '/),,) 

where k m , is a dimensionless constant and A is the 
mean free path of the fluid molecule'- in cm. Tin; 
value k, nv has been shown experimentally to lie 
between 1.3 and 2.3 for different gases, particle 
sizes, and materials. Rased on the data c H. A. 
Millikan 

k m , - 1.644 -4- O.S52e 

where A is based on simple kinetic theory (A — 
3/i. 'pD, and the mean molecular speed r is given 
in cm /sec. by 

v = V8RT7~M 

where R is the gas constant, 8.31 X 10' ergs/(°C) 
(g mole); T is the absolute temperature in °K; 
and M is the molecular weight of the gas m g /g- 
inole. For particles in gases at atmospheric pres- 
sure. the Stokes-Cunningham factor becomes sig- 
nificant for particles smaller than 1 /a. At high 
altitude or low pressure, this factor cai\ become 
extremely large. 

Particles suspended in a fluid partake of the 
molecular motion of the suspending fluid and hence 
acquire diffusional characteristics analogous to 
those of the fluid molecules. This random zigzag 
motion of the particles, commonly known as 
Brownian motion, is obvious under the microscope 
for particles smaller than 1 /». The average dis- 
placement of a particle in time t is given by 

A s = V4Z>^7tt 


where A.s is the average linear displacement along 
a given axis, regardless of sign, in cm; T), is the 
diffusion coefficient for the particle in cnr/sec; 
and t is the time in sec. The Einstein equation for 
the diffusion - oefficient D v for spherical particles 
is 

ii = k,„RT/:\TriiN A n v 

where V i i* Avogadro’s number. 6.023 X 10-’ 1 mole- 
cules g mole; and other terms are as previously 
defined. This diffusion coefficient may also be used 
to estimate the migration rate of particles when 
a concentration gradient exists. 

Figure 1 shows settling velocities and diffusion 
coefficients with particles of various sizes in air 
and water. .Sec Alrosol; Air filter; Colloid; 
Dust and mist collection; Fluidization of 

SOLIDS; SlZK REDUCTION. fc.E.L.] 
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Partridge 

A name applied to many of the quaiUike birds of 
the family Pbasianidae, including the American 
quails, Old World partridges, and the francolins. 
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Alectoris rufa, the red-legged partridge. (Eric Hos- 
ting, National Audubon Society ) 


Partridges are primarily a Northern Hemisphere 
group, although they are represented elsewhere. 
The name partridge is generally associated in the 
United States with two introduced species, the 
Hungarian partridge, Perdix perdix 9 and the chu- 
kar partridge, Alectoris graeca. The former is now 
well established in the southern Canadian plains 
and in parts of the northern United States. The 
chukar has been successfully introduced on the 
talus slopes of the western United States. See Gal- 
liformes ; Quail. [j.d.b.] 

Pascal's law 

A law of physics which states that a confined fluid 
transmits externally applied pressure uniformly in 
all directions. Blaise Pascal, using the mercury- 
column barometer of Evangelista Torricelli, dem- 
onstrated the decrease in atmospheric pressure 
with increasing height and determined that atmos- 
pheric force at a point exerted equal pressure in 
all directions. More exactly, in a static fluid, force 
is transmitted at the velocity of sound throughout 
the fluid. The force acts normal to any surface. The 
natural phenomenon is the basis of the pneumatic 
tire, balloon, hydraulic jack, and related devices. 
See Aerostat; Hydrostatics. [k.ar.; r.s.r.] 

Paschen-Back effect 

An effect on spectral lines obtained when the light 
source is placed in a very strong magnetic field, 
first explained by F. Paschen and E. Back in 1921. 
In such a field the anomalous Zeeman effect, which 
is obtained with weaker fields, changes over to what 
is, in a first approximation, the normal Zeeman ef- 
fect ( see Zeeman effect). The term “very strong 
field" is a relative one, since the field strength re- 
quired depends on the particular lines being in- 
vestigated. It must be strong enough to produce a 
magnetic splitting that is large compared to the 
separation of the components of the multiples See 
Atomic structure and spectra. 


The illustration shows, as an example, the 
Paschen-Back effect of the red line 2s 2 S — 2p 2 P 
of lithium. The natural separation of this doublet 
is very small, only 0.175 A, so that in the field of 
44,200 oersteds for which the diagram is drawn the 
normal Zeeman splitting of 0.929 A greatly exceeds 
it. The Paschen-Back effect is therefore practically 
complete, and the resulting pattern is nearly a nor- 
mal triplet. There is still, however, a residual split- 
ting, which theory gives as two-thirds of the field- 
free separation. The weak field patterns shown in 
the figure require a field of only about 1800 
oersteds and correspond to the anomalous patterns 
obtained in the Zeeman effect. 

Theory explains, the transformation from the 
Zeeman to the Paschen-Back effect as due to the 
uncoupling of the orbital and spin vectors L and 
S by the magnetic field. Whereas in a weak field 
these vectors are coupled magnetically to form a 
resultant /, a sufficiently strong field causes them 
to precess independently about the field direction. 
The correlation of the energy levels between weak 
and strong fields follows from the principle that 
the magnetic field is incapable of changing the 
angular momentum component along the field; that 
is, the magnetic quantum number M of a level re- 
mains constant for all field strengths. A further rule 
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Zeeman and Paschen-Back effects of the red lithium 
doublet. 

is that two levels having the same value of M 
( which in the strong field equals Ml -f Ms ) do not 
cross each other. These rules lead to the correla- 
tion of lines shown in the figure. Certain lines fade 
out during the transition, as is indicated by the 
change from a solid to a dotted line, and these 
are the ones for which the direction of polariza- 
tion would be altered. [f.a.j ] 

Passeriformes 

The order of perching birds, containing about 5300 
species, or more than half of the living species of 
birds. It comprises two major divisions, a some- 
what more primitive group of 3 suborders, the Ec- 
rylaimi, Tyranni, and Menurae, collectively known 
as suboscines; and the large suborder Passeres or 
Oscines, the songbirds. Separation of the oscines 
from the suboscines is based chifefiy on. the struc- 
ture of the syrinx and its attached muscles. The 
Menurae are confined to Australia; the Eurylaim 1 
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are African and Indo-Malaysian. South and Cen- 
tral America are the principal habitat of the Ty- 
ranni, only 3 of the 13 families being absent from 
that region. The largest family of the Tyranni, and 
the only one extending north of the United States- 
Mexican border region, is the Tyrannidae. the ty- 
rant flycatchers. A few flycatchers and many 
cotingas (Cotingidae) and manakins (Pipridae) 
are highly colorful, but in most Tyranni. including 
such families as the wondcreepers (Dendrorolapti- 
dae), ovenbirds (Furnariidae), and ant thrushes 
(Kormicariidae), browns, grays, and black pre- 
dominate in the plumage. 

Taxonomy. The division of the Osoines into fami- 
lies and the relationships among groups of families 
continue to receive much attention from ornithol- 
ogists. Some families, such as the larks (Alaudi- 
dae) and swallows (Hirundinidae) . are well 
marked and present few problems. 13ut among most 
of the Oscines, family lines are difficult to draw, 
and relationships of many genera are still uncer- 
tain. 

Because of uncertainties of their classification, 
the Oscines have been divided by recent authors 
into 36-53 families. Some major groups, each of 
probable monophyletic origin, mav be mentioned. 

Phytogeny and distribution. One of the largest 
groups of Oscines. predominantly Old World, has 
been called the primitive insect eaters. Within this 
complex are some families which have evolved en- 
tirely or predominantly in the New World, includ- 
ing the wrens ( Troglodvtidac) and mockingbirds 
(Mirnidae). In both Old and New WWld are such 
families as the thrushes (Turdidac) . dippers (Uin- 
< lidae ) , and pipits ( Motacillidae j . The predomi- 
nantly Old World component of this large group 
is particularly hard to divide satisfactorily It in- 
cludes such birds as the Old WWld flycatchers, 
warblers, monarehs, babblers, and others. 

Although the neotropical passeriform avifauna 
is dominated by the suhoscines. there is also a New 
World radiation of interrelated oscine groups, also 
difficult to divide into families. Included are such 
birds as the vireos, wood warblers, honey creepers, 
tanagers, troupials, cardinal grosbeaks, and tm- 
berizine finches. 

Smaller groups of families include one typified 
by the nearly world-wide titmouse-nuthatch group, 
u complex of Australian endemics, a group of pre- 
dominantly tropical Old World nectar feeders, a 
group of shrikelike birds, and a large Old World 
group including such hirds as the starlings, weav- 
ers, waxbills. and possibly the siskins. Sw Ayes. 

\ K.C.P. 1 

Passive radar 

A technique for surveillance, mapping, navigation, 
and guidance that employs the reception of micro- 
wave-frequency energy radiated by warm bodies, or 
reflected from other sources. It is similar in princi- 
ple to infrared systems used for the same purposes. 
^ er Infrared radiation ; Microwave. 

Passive radar has some similarity to both passive 
•nfrared systems and active (radiating) radar sys- 


tems. Like infrared systems, passive radar emits no 
energy of its own. and therefore does not give away 
its position or existence. Because they employ no 
transmitter, passive radar systems are smaller, 
lighter, and less complex than active radar. How- 
ever, an infrared system is smaller, lighter, and less 
complex than passive radar. The antenna of a pas- 
sive radar system is comparable to that of an active 
radar at the same operating frequency; it is larger 
than that of an infrared system, which operates at 
higher frequencies. Target resolution is inferior to 
that ot active radar and infrared systems. However, 
the ability to discriminate between different targets 
and backgrounds can be belter tliun either uctive 
radar or infrared. 

Every object at a temperature above absolute 
zero radiates electromagnetic energy. Most of it is 
in the infrared region, hut small amounts are emit- 
ted throughout the spectrum (.see Heat radiation ) 
The amount of iadiation is determined by the ub- 
soliPe temperature and cmissivitv/ff the radiating 
body; emissivity is defined as the ratio of the ob- 
ject’s radiation to that of an equivalent black body 
at the same absolute temperature. .See Emissivity. 

In addition, objects reflect microwave energy 
from the sky and other sources. The total radiation 
received at a receiving antenna is. therefore, the 
sum of the radiation emitted directly as a result of 
the object’s temperature and the energy reflected 
into the antenna’s beam from the sky and other 
sources. The amount of reflected energy depends on 
the reflectivity «»f the body; this provides another 
way of discriminating between two objects at the 
same temperature. See Reflection (electromag- 
netic RADIATION ) . 

The a hi I it v ol a passive radar to discriminate 
between different objects depends primarily on 
( I ) the apparent temperature differential between 
the objects (this takes into account emissivity and 
reflectivity). (2) the grazing angle between the? an- 
tenna beam and the object, (3) antenna polariza- 
tion, (4) antenna beam width, and (5) the mini- 
mum detectable signal level of the receiver. The 
grazing angle, or angle of incidence, is a factor 
when viewing smooth objects, such as bodies of 
water. Polarization is most pronounced at small 
grazing angles. The effect of polarization varies 
with the object, providing an additional method of 
discriminating between objects at the same temper- 
ature. See Radar. fp.j.K.] 

Pasteurization 

The application of mild heat, for a specified time, 
to a liquid food or beverage to enhance its keeping 
properties and to destroy any harmful microor- 
ganisms present. For milk, the times and.. tempera- 
tures employed are based upon the thermal toler- 
ance of Mycobacterium tuberculosis , one of the 
most heat-resistant of nonsporeforming pathogens. 
A temperature of either 143° F (61.7°C) for 30 min 
or of 161°F (71.7°C) for 15 sec is employed. Vege- 
tative cells of most bacteria are killed by the heat 
treatment, but endoaporea are unaffected. See Malt 
beverage; Milk; Wine. 
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Pasteurization originated with Louis Pasteur in 
the 1860s, who demonstrated that spoilage of wine 
and beer could be prevented by heating these 
beverages to approximately 135°F (57.2°C) for a 
few minutes. [c.f.n.J 

Patent 

Common designation for letters patent, which is a 
certificate of grant by a government of an exclusive 
right with respect to an invention for a limited pe- 
riod of time. The exclusive right grunted by a pat- 
ent is the statutory right to make, use, and sell. Por- 
tions of those rights deriving naturally from it 
may be granted separately, as: the rights to use, to 
make, to have made, to lease, and so forth. Any vio- 
lation of this exclusive right is an infringement. 

An essential substantive condition which must he 
satisfied before a patent will be granted is the pres- 
ence of patentable invention or discovery. To he 
patentable, an invention or discovery must relate 
to a prescribed category of contribution, such as: 
process, machine, manufacture, composition of 
matter, plant, or design. In the United States, 
there are different classes of patents for different 
members of these categories. 

Mechanical patents. Mechanical patents, which 
include electrical and electronic patents, are the 
most familiar; they each have a term beginning 
upon issue and ending 17 years thereafter. This 17- 
year class of patent is granted (or issued) for an 
inventive improvement in a process, manufacture, 
machine, or composition of matter. A process may, 
for example, he a method of inducing or promoting 
a chemical reaction or of producing a desired phys- 
ical result (differential specific gravity ore separa- 
tion by flotation). “Manufacture” means any arti- 
cle of manufacture, and includes such diverse items 
as waveguides, transistors, fishing reels, hammers, 
buttons, and corks. “Machines” has its broadest 
conventional meaning, and “composition of mat- 
ter” includes anything from drugs to alloys. This 
class of patent affords protection for the principle 
of the invention or a range of equivalents for do- 
ing substantially the same thing in substantially the 
same wav. Thus, mere changes in form, material, 
inversion, or rearrangement will not avoid infringe- 
ment of the mechanical patent. A straightforward 
substitution of one active device for another, as a 
transistor for an electronic valve, is not such a 
change as to avoid infringement of a mechanical 
patent. 

Design patent. This class of patent is granted 
for any new. original, and ornamental design for an 
article of manufacture. To the extent that shape is 
determined hv functional, rather than ornamental 
considerations, it is not proper subject matter for 
a design patent. Unlike the mechanical patent, the 
design patent may he avoided by a change in pro- 
portions or shape, although the essential function 
may he retained. The design patent is issued for 
different periods, depending upon the desires of 
the applicant for patent and the fee paid by him. 
These terms are 3^, 7, or 14 years. 


Plant patents. This class of patent is granted to 
one who discovers and asexually reproduces any 
distinct and new variety of plant other than a tuber- 
propagated plant. The right of exclusion extends 
only to the asexual propagation of such a plant. 
The term of the plant patent is 17 years from the 
date of issue by the Patent Office. 

Procedure. The discussion in this and the bal- 
ance of this article is limited to the mechanical pat- 
ents, because problems arising with this class of 
patent have been most thoroughly explored through 
litigation and because the determinations are ap- 
plied by extension of reasoning to the other classes 
of patents in developing their properties and lim- 
itations. to the Extent they are not expressly dis- 
posed of by statute. Letters patent are granted 
upon the making of written application to the Pat- 
ent Office. The essential parts of this application 
are: (1) petition (request that the patent he 
granted ) : (2) drawing showing one or more repre- 
sentative embodiments of the invention whenevei 
description of the invention would he aided by its 
presence; (3 a) specification (written desciiption 
of the invention and the manner and process of 
making and using it in such full, clear, concise, and 
exact terms as to enable any person skilled in the 
art to which it pertains, or with ^liich it is most 
nearly connected, to make and use it. and setting 
forth the best mode contemplated by the inventoi 
for carrying out his invention, and the most impor- 
tant element): (36) the claims, which define the 
scope of the limited term monopoly granted to the 
patentee; (4) an oath in which the applicant 
swears that he is the original and first inventor and 
that the invention was not known or used by other* 
in this country or patented or described in a printed 
publication in this or a foreign country before hi* 
invention or discovery thereof, or patented or de- 
scribed in a printed publication in this or a for- 
eign country or in public use or on sale in this 
country more than one year prior to the date of 
his application; and (5) the prescribed filing fee. 
Owing to the complexities and history of judicial 
decisions which have developed particular mean- 
ings and limitations for these requirements, it is 
customary to retain an attorney who has been ap- 
proved or registered by the Patent Office following 
examination of his qualifications for the purpose of 
preparing the application and pursuing it through 
the Patent Office. 

Upon receipt of the application, it is examined 
at the Patent Office by an examiner, who, if conflict 
exists between the language of the claims and the 
earlier work of others, points this out in a letter of 
rejection, specifying the particulars of the basis for 
rejection. If no conflict is found, the examiner 
sends the applicant a notice of allowance. In ex- 
amining the application for the existence of con- 
flicts which would exist if the claims were broad 
enough to include such earlier work, the examiner 
consults previous patents and publications. Within 
six months following the date when the Patent Of- 
fice mails the rejection, the applicant or his attor- 
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ney must respond, either by showing that the rela- 
tionship between the claims and the earlier work of 
others (prior art) cited by the examiner involves 
no conflict, or amending the claims to avoid the 
conflict. This process is repeated until the examiner 
is satisfied that the applicant is not claiming some- 
thing which is the invention of another, at which 
time the notice of allowance is sent to the appli- 
cant. The patent is issued upon the payment of the 
issue fee. The entire process customarily requires 
from two to five years. 

If the examiner and applicant do not ultimately 
agree upon a proper scope for the claims, the ex- 
aminer may make a final rejection, which is then 
subject to review, if desired by the applicant, by a 
Board of Appeals and. as a further resort, the 
Court of Customs and Patent Appeals. 

Invention. Patents are granted for new inven- 
tions or discoveries. Discoveries do not include 
such things as the laws of nature, but do embrace 
processes, machines, manufactured items, and ma- 
terials applying such newly discovered laws or 
properties. The necessary attribute of patentable 
invention is novelty, but it is not a sufficient attri- 
bute. Invention has never been positively defined, but 
a number of negative tests are now well recognized. 
To all of these general negative rules, however, 
there are exceptions whenever something unoh- 
vious. not to he anticipated by mere extrapolation, 
results. Some of the things which generally do not 
constitute invention are: change in proportions, 
change in materials, inversion of parts, substitution 
of known equivalents, and unification and multipli- 
cation of parts, and purified 1 nov\n substance*, 
though there may be invention in t he process of 
purification. 

It is generally considered that there are two dis- 
cernible steps in invention. The first is thinking of 
it, the second is constructing it. The first is termed 
conception. The second is called reduction to prac- 
tice. 

Conception. The formation in the mind of the in- 
ventor of a definite and permanent idea of the com- 
plete and operative invention as it is thereafter to 
he applied in practice is conception. It is not 
merely a perception of what is done, or considered 
desirable to do, but going beyond this, how it is to 
be done, in terms of a currently realizable instru- 
mentality or group of instrumentalities. Because 
conception is a mental act. there must be some 
external, verifying manifestation in the form of 
impartation to another, if the act is to be estab- 
lished in later controversy over priority* of inven- 
tion. Although oral transmission is adequate in the- 
ory, the perishability of the human memory favors 
the unchanging written word, dated, signed by the 
inventor, and witnessed by the corroborating party. 
It is this which makes the keeping of written rec- 
ords by the inventor in the course of his work so 
important, for a failure to have this verified exter- 
nal manifestation of his conception may cost him 
his patent if the date becomes important and is 
challenged. Because the record is not a proof, but 


only a document capable of proof, it is important 
that the recording be in some permanent form in 
which undetectable alteration is practically impos- 
sible. otherwise the weight of the proof will be di- 
minished. Predating of the document is damaging, 
although a record, made a few days later, of a pre- 
viously observed event, is valuable, if appearing on 
its face as such. The parties involved in a record of 
conception will be tested for verity by cross exami- 
nation. should the dates ever be challenged. Fre- 
quently, the moment of conception is clear only in 
retrospect, when there is a long sequence of experi- 
mental effort directed to attaining the desired re- 
sult. There is no dramatic thunderclap ushering in 
the birth of most inventions, hence the desirability 
of keeping current dated and witnessed records of 
all work. Such records tend further to corroborate 
the conception by providing a clue to the entry 
thought train, and revealing the completeness of 
understanding by the skill with whic h its principles 
are later applied. 

Conception alone does not give the inventor any 
vested right in the invention. 

Reduction to practice. Two forms of reduction to 
practice are recognized: actual, or constructive. 
The filing of a patent application which does not 
become abandoned is a constructive reduction to 
practice. 

Actual reduction to practice requires that the in- 
vention be carried out in a physical embodiment 
demonstrating its practicability. In a process or 
method, this is sufficiently done when the steps are 
actually carried out to produce the desired result. 
Tn a machine or article of manufacture, it is re- 
quired that there be a construction showing every 
essential feature of the claimed invention. Practi- 
cality is demonstrated by operating the apparatus 
under the conditions which it is anticipated will be 
encountered in actual service. For example, the 
testing of an automobile hot water heater using 
water from the hot water tap has been held not an 
actual reduction to practice because some condi- 
tions might occur in a motor vehicle which would 
not be observed in a stationary installation with a 
heat source of relatively unlimited capacity. Mate- 
rials are reduced to practice when they are pro- 
duced, unless utility is not self-evident as, for ex- 
ample, in the case of drug compounds, where it is 
required to establish that the drug is useful, for the 
purpose stated, not merely harmless. To he effec- 
tive, the reduction to practice must he by the in- 
ventor, or by one acting as his agent, or one who 
has acquired rights from hint. 

A reduction to practice which results from dili- 
gent efforts following conception of the inven- 
tion gives a vested right in the invention, unless 
followed by an abandonment. If there is a gap in 
such diligence, then the effective date of the right 
to assert ownership of the invention is only that 
date which can he connected by a continuous train 
of diligence with the reduction to practice. Like 
conception, reduction to practice must be corrobo- 
rated by a third party witness, and it is advisable 



592 


Patent 


to have a contemporary written record of what was 
done and what was observed, accompanied by the 
date of the observations, to refresh the recollection 
of the witnesses. The witness must have sufficiently 
acquainted himself with the internal details of any 
apparatus to be able later to establish the identity 
between what was demonstrated and what is sought 
later to be patented. The diligence required is that 
which is reasonable under all the circumstances, 
but must be directed to the reduction to practice 
of the invention, and to collateral factors. The 
safest course is to make every effort to reduce to 
practice consistent with the inventor’s physical, in- 
tellectual, and financial capacity. For example, if 
reduction to practice would be clearly within the 
inventor’s financial means, alternative attempts to 
secure financing could not constitute diligence. 

Interferences. When two or more persons are 
claiming substantially the same invention, a con- 
test to determine priority between the two is in- 
stituted by the Patent Office. This proceeding is 
termed an interference. That party who can carry 
his reduction to practice back to the earliest date 
toward and including conception by a continuous 
train of diligence will prevail in the interference 
and be awarded the patent, providing those acts 
have been in the United States. If any or all of the 
acts were performed outside the United States, the 
inventor is limited to the date of his first efforts in 
the United States. Exception is made for foreign 
inventors when they have first filed a corresponding 
application for patent in a foreign country which 
is a signatory to the International Convention. In 
such instance, he will he credited with a date cor- 
responding to his first foreign filing date if the filing 
in the United States occurs within a year of that 
date and if he promptly and duly requests this. 

An applicant may provoke an interference with 
an issued patent which claims an invention that he 
believes should rightly belong to him. This is done 
within 12 months of issue by filing in the Patent 
Office, as part of a supporting pending or newly 
filed application for patent, all of the claims which 
it is sought to contest, and requesting the declara- 
tion of an interference. 

Following declaration of an interference, the 
parties are called upon to file preliminary state- 
ments under oath setting forth pertinent data 
surrounding the genesis of the invention and its 
disclosure to others. When these preliminary state- 
ments have been received and approved by the 
Patent Office, the applicant is notified of the 
setting of a period of time during which motions 
may he filed. During this time, access to the ad- 
versary’s application is permitted, marking one of 
the few times that the secrecy with which the 
Patent Office surrounds each patent application is 
penetrated. During the motion period, various re- 
quests for termination of the interference, known 
as motions, may be presented and set for hearing. 
When an issued patent is involved, there may be 
no motion for dissolution of the interference upon 
the ground that the claim or claims in issue is or 


are unpatentable. After the motions are disposed 
of, times for taking the testimony are set, during 
which the parties may take sworn statements from 
their witnesses before duly qualified officers, which 
are then filed with the Patent Office, accompanied 
by any proper exhibits, and used as the basis for 
the presentation of written arguments, followed In 
an oral hearing, if the applicant requests. The bur- 
den of proof in the interference is on the party who 
was last to file his application in the Patent Office, 
and he accordingly has the right to open and close 
the written and oral presentations. If the junior 
party does not take testimony during the time 
allotted to him, then the interference is terminated 
in favor of the senior party without any testimony 
being taken by him. 

The conduct of an interference proceeding is an 
arduous and complex matter, being fraught with 
more technicalities than any other phase of patent 
law. 

Inventor. Only a natural person may be an in- 
ventor. as distinguished from a corporation. Inven- 
tors may he either sole or joint. 

Assignment. Patents and applications for pat- 
ents have the general attributes of personal prop- 
erty, and interests in them are assignable 1 by in- 
strument in writing. Such assignment^ will he re- 
eorded by the Patent Office upon filing of a request 
accompanied by copy of the assignment and pay- 
ment of the proper fee. To be good against subse- 
quent ^purchasers without notice, the assignment 
must he recorded within three months from its 
date, or before the date when such subsequent 
transfer of rights was made. 

Witnesses. Corroboration witnesses, as required 
in connection with the establishment of conception 
and reduction to practice, must be someone other 
than the inventor. No joint inventor can serve as a 
corroborating witness for another joint inventor in 
connection with the invention which they have 
jointly made. Beyond this, the rules normally gov- 
erning witnesses apply, according to which the wit- 
ness must he qualified intellectually and by training 
to recognize and to understand the areas in which 
he testifies. 

Enforcement. Enforcement of patents is 
through the Federal Judicial System, action being 
initiated in the Federal Judicial District where the 
defendant resides, or where the defendant has 
committed the alleged act of infringement and has 
a regular and established place of business. Dam- 
ages may be awarded, and an injunction granted, 
prohibiting further infringement by the defendant. 
If damages are awarded, there can be recovery for 
a period not longer than six years preceding (he 
filing of the complaint. 

When the infringer is the United States Govern- 
ment, or a supplier of the U.S. Government operat- 
ing with the authorization and consent of the 
Government, the suit must be filed against the 
Government in the United States Court of Claims 

A patent may become unenforceable through im- 
proper use, for example, use as a part of an act 



in violation of the antitrust law, or to force the 
purchase of unpatenlcd parts, materials, or sup- 
plies as a condition of securing a license under 
the patent. 

Although no exclusionary rights arise from the 
filing of an application for patent, the using and 
selling of goods produced before the issue of the 
patent may be enjoined, or damages therefore re- 
covered, after the issue of the patent. Under the 
six-year statute of limitations, an action may he 
maintained on a patent up to six years after its 
expiration, the accounting being limited in such 
instance to damages for infringing activities within 
the six-year period. 

Licenses. Licenses to operate under a patent 
may he granted, either nonexclusive or exclusive, 
and may he in writing oi may arise as a necessary 
implication of other aetinns of the patentee. Except 
for an exclusive license, licenses are not ordinarily 
recorded by the Patent Office. 

Foreign filing. A United States patent is void, 
if the United States inventor should file an applica- 
tion for the same invention in any country foreign 
to the United States before six months from the 
date when he filed in the United States, unless 
license to do so he first obtained from the Com- 
missioner of Patents. Because the United States is a 
signatory party to the International Convention, ap- 
plications filed in foreign countries within 12 
months of the date when the parent case is filed 
in the United States are accorded an effective 
filing date which is the same as the date of filing 
in the United States. The procedural details of 
foreign filing vary from country to country and 
from time to time. Generally speaking, the privilege 
of securing protection for siiheomhinations (sepa- 
rately useful portions of a larger system) i « much 
more restricted in foreign countries than in the 
United States. 

Nuclear and atomic energy. Patents may not 
he issued for inventions or discoveries useful solely 
in the utilization of special nuclear material or 
atomic energy in an atomic weapon, nor does any 
patent confer rights upon the patentee with respect 
to such uses. As a substitute for the patent incen- 
tive for disclosure in this field, there is a mandatory 
provision in the law that requires anyone making 
an invention or discovery useful in the production 
of special nuclear material or atomic energy, in the 
utilization of such special nuclear materials in the 
production of an atomic weapon, or in the utiliza- 
tion of atomic energy in an atomic weapon, to re- 
port such invention promptly to the Atomic Energy 
Commission, unless it is earlier described in an 
application for patent. Awards may then be re- 
quested from the Patent Compensation Board of 
the Atomic Energy Commission as a substitute for 
the incentive of the patent system. 

Aeronautics and astronautics. No patent may 
be issued for an invention having significant utility 
in the field of aeronautics or space unless there be 
filed with the Commissioner of Patents a sworn 
statement of the facts surrounding the making of 
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the invention and establishing that it was done with- 
out any relation to any contract with the National 
Aeronautics and Space Administration. This is sub- 
ject to waiver by the Administrator, but in the event 
of waiver he is required by law to retain a license 
for the United States and foreign governments. 

Marking. A patented product may carry a no- 
tice of this fact, including the patent number. The 
affixation of such notice is of advantage in estab- 
lishing notice of infringement and fixing the period 
for which damages may be collected. By statute, 
false marking is a criminal offense. The marking 
“Patent Pending” or “Patent applied for” gives no 
substantive rights, hut may give rise to sanction 
under the above mentioned statute if without foun- 
dation in fact. 

Foreign patents. The principles guiding most 
foreign patent systems are essentially the same as 
those underlying the United States system: the 
granting of a carefully defined monopoly for a 
limited term of vears in return for a laying open 
of the invention through letters patent. There are 
some differences in the classes and terms of patent, 
and in ihe nature of subject matter which may be 
patented. Most significant departures are the meas- 
uring of the term, in most instances, from the 
filing date, the imposition of annual taxes increas- 
ing each year of the life of the patent, and com- 
pulsory licensing. [g.v.k. ] 

Pathogen 

Any agent capable of causing disease. The term 
pathogen is usually restricted to living agents 
which include viruses, rickettsia, bacteria, fungi, 
yeasts, protozoa, helminths, and certain insect lar- 
val stages. 

Pathogenicity is the ability of an organism to en- 
ter u host and cause disease. The degree of patho- 
genicity. that is. the comparative ability to cause 
disease, is known as virulence. The terms patho- 
gen ic and nonpathogenic refer to the relative viru- 
lence of the organism or its ability to cause disease 
under certain conditions. This ability depends not 
only upon the properties of the organism but also 
upon the ability of the host to defend itself (its 
immunity) and prevent injury. The concept of 
pathogenicity and virulence has no meaning with- 
out reference to a specific host. For example, gono- 
coccus is capable of causing gonorrhea in man 
hut not in lower animals. See Bacteria; Fungi; 
Germ; Immunity; Mycology, medical; Myiasis; 
Parasitology, medical; Plant disease; Plant 
virus; Protozoa; Rickettsioses; Virulence; 
Virus. [d.n.l.] 

Pathogen (soil) 

Any microbe in the soil that causes disease in man, 
animals, and plants. While a majority of these or- 
ganisms live in the soil for only a short period of 
time, a few, such as Bacillus anthracis, can survive 
for considerable periods. 

Human and animal pathogens. Soil is unsuited 
for the survival of the great majority of microor- 
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ganisms causing disease in humans and animals. 
With few exceptions, microbes pathogenic for man 
or animals are not indigenous to soil. Many disease 
organisms find their way into soil in the excreta 
of their hosts or their remains or reach the soil 
through contaminated dust or surface waters, in 
most cases they find soil an uncongenial habitat and 
are able to remain viable for only short periods. 
The soil is not a serious source of epidemics of 
infectious diseases. 

Most disease-producing bacteria find soil defi- 
cient in the special nutrients to which they have 
become adapted as parasites and are thus unable 
to compete successfully with the normal soil micro- 
organisms in utilizing the available food. Further- 
more, the antagonistic action exerted by many 
species of soil bacteria, actinomycetes, and fungi is 
a factor in the inhibition and eventual elimina- 
tion of most pathogens. Survival is shorter in acid 
and alkaline soils than in more neutral soils, in 
loarn or clay soils than in sandy soils, and in 
warmer than in cooler soils. In sterilized soil, de- 
void of natural antagonists, pathogens remain vi- 
able longer than in natural soils. 

Bacteria causing typhoid and paratyphoid fevers, 
dysentery and cholera, as well as many other path- 
ogens, such as those responsible for pneumonia, 
plague, and streptococcal and staphylococcal in- 
fections, survive for only brief periods, measured 
in days. Typhoid bacteria have been found to dis- 
appear within a week after being added to soil. 
Tubercle bacteria persist somewhat longer. The 
bovine strain of Mycobacterium tuberculosis , pres- 
ent in cow feces on pasture land, has been found 
to survive for periods varying from 2 months in 
summer to 5 months in winter. See Bacteriology, 
medical. 

Certain sporeforining pathogens remain viable 
for long periods in soil or persist indefinitely. The 
anthrax organism, in ureas where the disease is 
prevalent, contaminates ground used by infected 
animals and may remain alive for 12 years or more 
to reinfect animals, particularly cattle and sheep 
feeding on such ground. Anaerobic spore formers, 
such as those causing tetanus and gas gangrene, 
are widely distributed in soils. The concentration 
of spores is not high and individual samples may 
not reveal the organisms. The same holds for 
Clostridium botulinum which, though not respon- 
sible for an infection, is able to produce a power- 
ful toxin when allowed to grow in foods. Anaerobic 
pathogenic sporeformers occur more commonly in 
virgin than in cultivated soils. 

Plant pathogens. The soil also harbors organ- 
isms that cause plant diseases. Bacteria are re- 
sponsible for such diseases as soft rots of vegeta- 
bles and certain leaf spots and galls. Other dis- 
eases, such as potato scab, are caused by actino- 
mycetes. Fungi comprise the most destructive plant 
pathogens and cause a variety of diseases, includ- 
ing root rots of cereals and other crops, various 
wilts, blights, and mildews. The pathogenic fungi 
may be divided broadly into either root-inhabiting 


fungi, the specialized parasites which disappear 
rapidly in the absence of the host plant, or faculta- 
tive parasites which are able to survive as sapro- 
phytes in soil. Certain nematodes may cause dam- 
age to the roots of many crops, not only by injur- 
ing (he root tissue, but by facilitating infection by 
other parasites. The ability of soil-borne microor- 
ganisms to cause infection is influenced by such 
factors as soil texture, reaction, moisture, temper- 
ature, fertilizer treatment, and crop sequence. See 
Plant disease; Soil microbiology. [a.g.l.J 

Pathology 

The study of the causes, alterations, and mecha- 
nisms related to disease. In the broad sense, pathol- 
ogy includes the study of both plant and animal 
diseases. Human pathology is the more restricted, 
medically applicable field which derives its subject 
matter from whatever area is likely to produce 
useful information. 

Cellular and histologic pathology approach dis- 
ease at the microscopic level whereas gross pathol- 
ogy deals with the visible alterations seen in tissues 
and organs. Clinical pathology gathers method*- 
and principles from chemistry, microbiology, and 
other disciplines for use at the bedside or in the 
hospital laboratory as diagnostic aids. 

As medicine has expanded, corresponding field** 
of pathology have developed into subspecialties, 
such as surgical pathology and neuropatholog\. 
Experimental pathology attempts to study disease 
mechanisms under controlled conditions often 
utilizing highly technical methods. General pathol- 
ogy covers all of these areas, although in less de- 
tail, and serves in medical education as the mean- 
of introducing the subject of disease to medical 
students. 

Disease. The term disease has many meaning**. 
To most people it represents a fairly specific se- 
quence of changes characteristic of measles, at 
thritis, and other illnesses. To the pathologist, 
disease is a concept, not a thing. It represents the 
reaction of the body to stimuli which tend to alter 
either structure or function. The results of such 
alteration is really the illness, be it specific nr 
vague in nature. The cause of the reaction is often 
less clear but involves the stimulus, or etiologit 
agent, and then a complex series of reactions be- 
tween the original stimulus and the besieged tis- 
sues. Several outcomes are possible. The stimulus 
may be overcome without causing any change in 
structure or function, that is. no illness ensues. The 
stimulus may cause a reaction which temporarily 
produces altered form of function which is then 
followed by a successful return to normal. A re- 
action may develop in which there is an unsuccess- 
ful or only partially successful outcome so that 
abnormalities in form or function occur. Depend- 
ing on the location and severity of these change*, 
they may produce results which range from in- 
significant to those incompatible with life. 

Tissue reaction. As is well known, the same 
stimulus may precipitate a different series of re- 



actions in various tissues or organs. No two persons 
react in identical ways to the same stimuli; this 
principle, while permitting broad patterns to be 
drawn for the typical case, explains some of the 
inherent difficulties in diagnosis and elucidation of 
mechanisms of alterations. Finally, many other 
factors may influence the situation, such as those 
of heredity, environment, age, and sex. 

Despite the apparent complexity of alteration in 
form or function, it is believed that these changes 
are brought about by basically simple mechanisms 
which must be found. The basis for this belief lies 
in ihe fact that a certain cell or tissue, because of 
its inherent nature, can react to injury in onlv a 
limited number of ways. In general, the more 
specialized the tissue, as for example that of the 
nervous system, the less the range of reactivity. 
However, each major category of tissue (nervous, 
muscle, epithelial, and connective) has certain 
characteristics and capabilities of reaction. Some 
combinations of these cells react actively by pro- 
liferation, others react by changing or adapting in 
some way, and still others degenerate or die. 

Because of the interdependence of various tis- 
sues, ieaction in one part of the body may often 
cause secondary changes elsewhere. The integra- 
tive and coordinating functions of the nervous sys- 
tem and the fluid communication system of the 
blood and lymphatic systems enhance the possibil- 
ity of secondary effects on distant tissues. 

Etiologic agents. Fur a long time after R. Vir- 
chow and L. Pasteur, the principal emphasis was 
placed on the study of etiologic agents, especially 
the microorganisms. Bacteria, spirochetes, fungi, 
parasites, rickettsia, and viruses continue to he 
objects of intensive investigation regarding their 
relationship to illness. In addition, nonliving 
agents may cause alterations of tissue. Common 
examples include radiant energy, such as heat, 
x-ray. ultraviolet, and other ravs. and also physical 
forces or chemical substances. For the most part, 
these are extrinsic agents, that is, external. Far 
more subtle are the intrinsic stimuli, or lack of 
stimuli, which cause defects in development and 
metabolism. 

Classification of changes. Certain broad cate- 
gories of alteration may be mentioned. Congenital 
defects and errors in development ari'-e from a 
host of extrinsic and intrinsic factors such as 
heredity, maternal diseases, embryonic inadequa- 
cies, and intrauterine diseases. 

Inflammations are reactions to injury character- 
ized by edema, congestion, exudation, and various 
types of proliferation of cells. These may he seen 
in response to stimulation by many etiologic agents, 
such as microorganisms, those of sensitivity reac- 
tions, and physical or chemical injury. Such inflam- 
mations may he quite specific, as in tuberculosis, 
or may he nonspecific, that is, without features 
that indicate the agent, as in the common cold and 
related conditions. 

The disorders marked by neoplasia, the develop- 
ment of new growths, are of great medical im- 
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portance. Malignancies are neoplasias in which 
growth is uncontrolled. If treatment is not effec- 
tive, malignancies eventually will cause death. The 
other, more common category of neoplasias is that 
of benign growths. These consist of increased num- 
bers of essentially normal cells which do not 
spread, or metastasize, and which do not directly 
cause death, although their physical presence in a 
vital structure may produce fatal results. There is 
a small group of neoplasias which are borderline 
between malignancies and benign tumors. 

Many pathologic processes are marked by de- 
generative changes in organs or tissues, the causes 
of which may he unknown or only suspected, as in 
the case of arteriosclerosis. Sometimes these de- 
generative changes are related to hereditary fac- 
tors or to specific agents to which a cell has no 
effective response. 

Faulty metabolism and nutritional defects often 
produce changes in form or func tion which are 
quite specific, as for example in gout and the vita- 
min deficiencies. In many cases, the actual cause of 
such derangements is obscure and these can only 
he grouped on the basis of the broad type of 
mechanism displayed. 

Many disorders defy classification in even a 
heterogeneous list as given above, either because 
they show characteristics of different alterations, 
or because the etiology is unknown, the alterations 
are subtle, and ihe mechanisms are obscure. 

Areas of investigation. In summary, pathology 
considers the fu* tors which are known or suspected 
to he related to alterations of form or function. It 
attempts to produce or implicate an etiologic agent 
and finally seeks to delineate the mechanisms in- 
volved in producing sequential changes in the body. 

Present-day pathologic investigation covers all 
fields of medicine and related sciences. Intensive 
efforts are being made to work from the illness to 
the suhmicroscopic changes in molecular relation- 
al^ >s i hat must ultimately produce the disorders 
which are seen microscopically, grossly. and clini- 
< ally. Perhaps eventually the abstract concept of 
disease can he related to electrophysical changes 
in basic cellular components, because all form and 
function finally depends upon atomic aggregations 
and energy exchanges. ' .See Bacteriology, medi- 
cal ; Clinical pathology; Disease; Gerontol- 
ogy; Mycology, medical; Oncology; Parasi- 
tology; Plant disease. [e.g.st.] 

Pauropoda 

A class, and perhaps the most obscure group, of 
the Myriapoda. They are pale creatures, no longer 
than a millimeter or twro, inhabiting damp situa- 
tions in leaf litter, under bark, stones and dv?bris, in 
liumus and similar detritus. Their size and retiring 
habits suggest rarity; this, however, has been re- 
futed by recent studies that show them to occur in 
huge numbers in suitable habitats. Apparently very 
widely distributed as a class, they have been un- 
discovered only in deserts and in the arctic and 
antarctic regions. Like millipedes, they are progo- 
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Pauropoda, Pauropus silvaticus Tiegs, fully extended 
adult. Greatly enlarged. ( After O. W. Tiegs, from R. E. 
Snodgrass, A Textbook of Arthropod Anatomy, Cornell 
Univ. Press, 1952) 

neate, have one pair of maxillae, and their trunk 
segments display a certain degree of amalgama- 
tion manifest in the tendency to form diplotergites, 
but not diplosegments. Their peculiar bifurcate an- 
tennae and adult complement of 12 trunk segments 
with 9 pairs of functional legs are distinctive 
within the myriapod complex. All pauropods lack 
eyes, spiracles, tracheae, and a circulatory system. 

What they eat and how they live is virtually un- 
known. They probably subsist largely or entirely 
upon decaying plant and animal matter; some may 
consume microscopic animals. Studies based upon 
a few forms reveal an anamorphic ontogeny similar 
to that of diplopods. The young pauropod hatches 
with three pairs of legs, then molts successively un- 
til the adult complement of nine is attained. 

The class currently consists of 2 families with 
less than 10 genera; there are probably fewer than 
60 species known. .See Manmbiii.ata ; M yriapoda. 

| K.E.C.l 

Pavement 

An artificial surface laid over the ground to facili- 
tate travel. In this article only road pavements will 
be discussed. The engineering involved is closely 
similar to that for airport surfacing, another ma- 
jor type of pavement. A pavement’s ability to sup- 
port loads depends primarily upon the magnitude 
of the load, how often it is applied, the support- 
ing power of the soil underneath, and the type and 
thickness of the pavement structure. Before he can 
calculate the necessary thickness of a pavement, 
the engineer must know the volume, type, and 
weight of the traffic (the traffic load) and the physi- 
cal characteristics of the underlying soil. 

Traffic load. Traffic data can readily be ob- 
tained. Traffic is counted to learn the total volume 
and the proportion of heavy vehicles. I.oadometer 
scales are placed next to the road and trucks are 
weighed, front and rear wheels separately. Traffic 
trends are studied. Such data provide a basis for 
estimating the total volume of traffic to be carried 
on a pavement during its service life. They also 
permit an estimate of the magnitude and frequency 
of the expected load. See Traffic engineering. 

Base and surface courses of pavements are de- 
signed to withstand many applications of load 
over a prolonged period, in some cases up to 30 
years. In structural design it is also necessary to 
give consideration to the direction of traffic. For 
example, hauling from a mine to a nearby railroad 


siding may result in a high percentage of heavily 
loaded trucks on the in-bound lanes and a low per- 
centage on the return lanes. 

In general, the larger the volume of heavy vehi- 
cles on a highway, the greater the structural capac- 
ity required in the pavement. But equally as im- 
portant as the volume of heavy vehicles are the 
magnitude of the applied loads and the conditions 
that will influence the effect of those loads on the 
pavement. Under the action of vehicular traffic, the 
surface of a pavement is subjected to a series of 
highly concentrated forces applied through the 
wheels of the vehicle. These forces exert ail influ- 
ence throughout the depth of the pavement. 

The applied loadfc vary considerably, depending 
upon the number and spacing of the wheels of each 
vehicle, the gross weight of the vehicle, and the 
distribution of that weight among the axles. Two 
vehicles of the same gross weight may thus diffn 
widely in the wheel loads applied to the highway. 
A relatively small truck may cause a load of higher 
unit stress than a larger vehicle with larger lire*- 
and more axles. Consideration of the actual wheel 
loads has become increasingly important with tin* 
large increase in the volume of heavy vehicles on 
most highways. 

All highways, regardless of their Resign, have 
some limit to their ability to support the frequent 
application of a heavy load. A large number of load 
applications can be supported by a given pavement 
if theyload does not exceed a particular magni- 
tude, out once this magnitude is exceeded, distress 
and failure of the pavement becomes increasing! \ 
evident. The ability of the pavement to support tin* 
load is also influenced by weather. Definite load 
limitations are imposed by law on many highway. 
Further limitations are often imposed on specific 
highways of lighter design, especially during such 
conditions as spring freezing and thawing. 

In the preceding discussion wheel loads have 
been treated as static loads. For adequate design 
analysis the effects of dynamic loads must be eval- 
uated. The vertical force exerted on the pavement 
by a moving wheel may be considered to be the 
sum of the static weight of the wheel and the im- 
pact or dynamic force from the wheel’s movement 
over irregularities in the pavement surface. The 
static load will be a constant factor except as the 
movement of the vehicle along the highway swavs 
or oscillates the load. 

An exceedingly variable factor, the dynamic 
force generated by a moving wheel depends upon 
(1 ) the magnitude of the static wheel load, (2) the 
operating speed of the vehicle, (3) the type, size, 
and cushioning properties of the tire equipment, 
and (4) the smoothness of the pavement. An in- 
crease in static wheel load or pavement roughne^- 
a decrease in the cushioning qualities of the tires 
and, within limits, an increase in vehicle speed all 
result in increased dynamic forces. 

The importance of the foregoing variables and 
factors has long been recognized by design engi - 
neers. The difficulty has been to express the data »n 
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terms that could be rationally applied to design 
formula and then correlated with the performance 
of foundation soils and materials used to construct 
the pavement. The problem has not been given a 
rigorous mathematical solution but rather has de- 
pended largely upon field observations under ac- 
tual operating conditions. 

Several methods of load evaluation have been 
developed and used by various highwav agencies 
and organizations. All of the methods are more or 
less empirical in approach and thus are subject to 
revision and adjustment when field observations in- 
dicate changing conditions of traffic, climate, or 
soil performance. No universal method of load 
evaluation has been developed so far and indeed 
cannot he until a method is devised that can he 
readily adjusted when other factors influencing the 
performance of a pavement structure change. 

Methods of evaluation now in use include (1 ) nu- 
merical count method, in which the number of vehi- 
cles using a particular highway is actually counted 
and the weight of various vehicles listed as light, 
medium, heavy, and extra heavy: (2) wheel load 
method, in which factors based upon the actual 
weight of the wheel load are used: ( M ) load fre- 
quency method, in which the wheel load weights 
are combined with the volumetric count of the com- 
mercial vehicles; and (4) equivalent wheel load 
method, in which destruc tive effects of the actual 
wheel loads being applied to a pavement are ex- 
pressed in terms of a standard wheel load. 

Evaluation of subgrade. Factors that must he 
considered in evaluating the ability of the under- 
hing soil or subgrade to support the pavement in- 
clude type of soil, such as loam or c lay; gradation 
and variation in particle size; strength or hearing 
value: modulus of deformation; and swell t.r vol- 
ume change charac teristics and related properties. 

Measurement of the supporting power of the sub- 
grade presents numerous difficulties. Tests some- 
times used include the plate bearing test, the direct 
shear method, the triaxial compression test, and 
the bearing ratio procedure. See Soil mechanics. 

Some soil types are unsuitable for supporting 
pavements because they have low hearing values 
or undergo changes in volume with variation in 
moisture content. For example, it is desirable to 
excavate peat and muck along the road and replace 
it with soil of higher bearing value. 

Rigid and flexible pavements. Once the grad- 
ing operation has been completed and the suhgrade 
compacted, construction of the pavement can be- 
gin. Pavements are either flexible or rigid. Flexible 
pavements have less resistance to bending than do 
rigid pavements. Both types can he designed to 
withstand heavy traffic. Selection of the type of 
pavement will depend, among other things, upon 
(1) estimated construction costs, (2) experience 
of the highway agency doing the work with each of 
the two types, (3) availability of contractors ex- 
perienced in building each type, (4) anticipated 
yearly maintenance costs, and (5) experience of 
the owner in maintenance of each type. 


Flexible pavements . Flexible paving mixtures 
are composed of aggregate (sand, gravel, or 
crushed stone) and bituminous material. The lat- 
ter consists of asphalt products, which are obtained 
from natural asphalt products or are produced 
from petroleum; and tar products, which are se- 
cured in the manufacture of gas or coke from bi- 
tuminous coal or in the manufacture of carburetted 
water-gas from petroleum distillates. Structural 
strength of a bituminous pavement is almost wholly 
dependent upon the aggregate, which constitutes a 
high percentage of the volume of the mixture and 
forms the structure that carries the wheel load 
stresses to the base layers. The bituminous mate- 
rial cements the aggregate particles into a com- 
pact mass with enough plasticity to absorb shock 
and jar: it also fills the voids in the aggregate, wa- 
terproofing the pavement. 

Among the many types of bituminous surface 
used are surface treatments, penetration mac- 
adams, road mixes, and plant mixes, as well as vari- 
ations of these. 

With surface treatment a liquid bituminous ma- 
terial is applied over a previously prepared aggre- 
gate base. 

In building penetration-macadam pavement, a 
base, usually of crushed stone or gravel, is con- 
structed in layers and firmly compai ted by rolling. 
Often during the rolling, water is applied to make 
what is termed a water-hound base, or macadam. 
Then, the keyed and wedged fragments in the up- 
per portion of the base are bonded in place by 
working alternate applications of bituminous mate- 
rial and choke stone into the surface voids. 

With road-mix designs a base is constructed, 
and a layer of aggregate and bituminous material, 
mixed on the road with a motor grader, is then uni- 
fornilv spread and compacted with rollers. 

When a plant-mix design is used, construction of 
a base is also necessary, but the aggregate and bi- 
tuminous materials are mixed at a central plant, 
trucked to the job, and then spread or placed with 
» paving machine and compacted. With the plant- 
mix procedure more accurate mixing is possible. 

light bituminous 


2 in. road-mixed sea * ^° at slope U in. ft 

bituminous surface \ / bituminous 



3 in. gravel base 5 in. sand-gravel subbase 


Fig. 1. Flexible pavement design for a city collector 
street with maximum traffic load of 5 tons per axle. 
Right-of-way is 60 ft wide. Berms or boulevards at 
sides are sloped to drain toward the street. 
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For flexible pavements designed to support 
heavy loads a subbasc built of materials similar to 
those of the base but of poorer quality may also be 
used. Thickness of the wearing surface, the base, 
and the subbase depends upon the design load. A 
typical flexible pavement design for light loads or 
a 5-ton axle loading is shown in Fig. 1. 

Rigid pavements. Coarse aggregate, fine aggre- 
gate, and portland cement are mixed with clean 
acid-free water to produce the concrete used for 
rigid pavements. The coarse aggregate mav con- 
sist of coarse gravel or crushed stone and the fine 
aggregate of sand or crushed-stone screenings. The 
thickness of the pavement slab may vary from 6 in. 
for light traffic to 18 in. or more for airport pave- 
ments accommodating heavy aircraft. A layer of 
granular material such as sand, sandy gravel, or 
slag is generally used as a subbase under the con- 
crete slab to prevent frost heave and to increase 
the supporting power of the underlying soil. A 
rigid pavement is shown in cross section in Fig. 2. 

No steel reinforcement is used with bituminous 
or flexible pavements. With rigid pavements, espe- 
cially those designed for heavy loads, reinforce- 
ment is often used to strengthen the pavement and 
to prevent cracking. The reinforcement may con- 
sist of welded wire fabric or bar mats assembled by 
tying transverse and longitudinal steel rods to- 
gether at their point of intersection. The reinforce- 
ment is usually placed about 2 in. below the upper 
surface of the concrete slab. .See Concrktk. 



Fig. 2. The main roadway of this design is rigid and 
the shoulders are flexible. The design is for maximum 
loads of 9 tons per axle. 


In constructing rigid pavement a longitudinal 
joint is used between adjacent lanes. Transverse 
joints, such as expansion and contraction joints to 
prevent cracking of the pavement when the tem- 
perature changes, may also be included. With flexi- 
ble pavement no joints are used. 

Research. Much remains to be learned regard- 
ing the performance and length of service of vari- 
ous types of pavement under different traffic, foun- 
dation, and climatic conditions. Probably the most 
comprehensive experimental pavement study ever 
undertaken was conducted near Ottawa, Illinois. 



Fig. 3. A rigid pavement reinforced by welded steel 
wire mesh. Underneath the mesh are 6 in. of concrete. 
A 3-in. layer is being laid on top. 


Pavements of different types and thicknesses were 
investigated, and results are being evaluated. The 
test roads are now being subjected to heavy mili- 
tary vehicles to determine how much they will 
withstand before breaking up. See Highway kn<;»- 

NKKKING. | A. N. CAR'II.K | 

Pawl 

The driving link or holding link of a ratchet mecha- 
nism. In the figure, the driving pawl at A , forced 
upward by lever /J, engages the teeth of the ratchet 
wheel and rotates it counterclockwise. Holding 
pawl C prevents clockwise rotation of the wheel 
when the pawl at A is not engaged. Driving and 
holding pawls likewise engage rack teeth on the 
plunger of a ratchet lifting jack, such as those sup- 
plied with automobiles. A ratchet wheel with a 
holding pawl only, acting as a safety brake, b 
fastened to the drum of a capstan, winch, or other 




Two types of pawl, (a) Ratchet mechanism ib) Cam 
pawl. 
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powered hoisting device. A cam paw], by a wedging 
action, prevents the wheel from turning clockwise, 
while permitting free counterclockwise rotation. 
This principle is used in the automobile hill holder, 
which prevents its rolling backward. In England, 
a pawl is called also a click. 

The spacing mechanism of a typewriter, although 
frequently termed an escapement, is properly a 
ratchet device, in which a holding pawl is with- 
drawn from a spring-loaded rack to allow movement 
of the carriage, while an arresting pawl is intro- 
duced momentarily to permit the holding pawl to 
engage the next tooth of the rack. [ K. s. jk.rgkson"| 

Paxillosina 

A suborder of Phaneruzonida with pointed tube-feet 
which lack suckers and with upper marginals 
directly over the lower ones when both series are 
present. Paxillae usually covei the upper surface 
of the body. Of the two included families the 
Poreellanasteridae are notable as essentially 



Representative Paxillosina. (a) Asterodon miliaris ( b ) 
A. dilatatus. (c) Pseudarchaster abernethyi. ( d ) P^rse- 
phonaster neozelanicus. 


deep-water forms; the genera PorrcHanastcr , 
Eremicastor. Thoraraster , and Styran/stcr have all 
been found in trenches deeper than 4 miles. The 
Astropectinidae occur in all seas from tidal level 
downward. A third family, the Lnidiidac. was umil 
recently included in the Paxillosina. but is now 
realized Lo be referable to the Plalyasterida. .See 
Ptl ANKHO*!()iN IDA ; Pi ATYASTI-.RIDA. | H. B. KKLL ] 

Pea 

An edible legume known to be of ancient origin. 
Introduced into China from Persia about 400 a.d., 
peas later became one of the early sources of^food 
in Britain, were brought to America with the first 
colonists, and have been an important part of the 
American diet since that time. Peas are grown in 
every part of the United States and are one of the 
most popular garden vegetables. Commercial grow- 
ing is limited mainly to the Northern States where 
the growing season is relatively cool. 

Because of their commercial importance, two 
types of garden peas are discussed in this article; 
both were developed from the species Pisu/n 



Typical wrinkled-seed type of pea showing fruit (pod) 
containing seeds (peas) and leaves and vines. ( Wash- 
burn Wilson Seed Company , Moscow, Idaho ) 


sativum. These are the wrinkled-seed tvpe which is 
harvested green and u^ed as a fresh vegetable or 
for freezing or canning, and the smooth-seed type 
which may be harvested green for canning and 
freezing or handled dry and used for food, either 
split or whole. 

Propagation. Peas are propagated from seed. 
The plant varies in height from 15 in. to 5 ft, accord- 
ing to growing conditions and variety. Most garden 
varieties are white- flowered, whereas the field peas 
that are grown for cover crops have colored flowers. 
Peas should be planted in u well-pulverized, firm 
seed-bed in contact with a good supply of moisture. 
The date for planting varies with the area and with 
climatic conditions. For example, in the Palouse 
area of Washington and Idaho, it ordinarily ex- 
tends from April 15 to May 10 (most farmers pre- 
fer the earlier date). The peas are seeded with an 
ordinary grain drill in the distribution of 120-160 
lb/acre. 

Harvesting. Green peas arc harvested when a 
processed product of highest quality can -be ob- 
tained. This determination is made by a device 
called a tenderomeler, which, by means of a series 
of knives, measures the pressure required to cut 
through a sample of green peas. As the pea ma- 
tures beyond the optimum point, it becomes less 
tender and yields a lower- quality canned product. 

The harvesting of green peas consists of mowing, 
windrowing, and loading the vines into trucks which 
haul them to a viner. This machine separates the 
peas from the vines and pods. The last two are made 
into an excellent high-protein silage feed. The peas 
are placed in boxes of approximately 25-lb capacity 
and hauled to the canning or freezing plant where 
they are cleaned, N washed, and, in the case of peas 
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for canning, screened to six different sizes. They 
are then hand picked from moving belts, blanched, 
cooled, and sent to the canner or freezer. 

Dry peas are harvested at maturity when the 
moisture content drops to 14% or lower. Ordinary 
grain-harvesting combines with minor adjustments 
are used. The peas are taken to a warehouse where 
a representative sample is drawn and sent to a 
federally supervised pea-grading laboratory. The 
sample is analyzed and a certificate which states 
the per cent of dockage and defective peas is issued. 
Peas are sold by the farmer to the warehouseman 
on the basis of this certificate. The dockage is re- 
moved from the peas by scalper machines, and 
weevily peas are separated by gravity machines. 
Many warehouses use electronic sorting machines 
to pick out damaged peas, foreign material, and 
peas of other classes from seed peas. Dry com- 
mercial peas are sold as whole peas or processed 
further by splitting. The splitting machine sepa- 
rates the two cotyledons and removes the seed coat, 
leaving an attractive food product. Processed peas, 
both whole and split, are sampled and graded 
according to standards set up by the Grain Divi- 
sion of the Agricultural Marketing Service of the 
U.S. Department of Agriculture. A grade certificate 
is issued, placing the peas in U.S. No. 1, 2, 3, or 
sample grade, thus determining the relative market 
values. 

Production. Wisconsin, Washington, Minnesota, 
Oregon, Illinois, New York, Pennsylvania, Utah, 
and Idaho lead in the production of peas harvested 
green (see table). In dry- and seed-pea production 
the leading states are Washington, Idaho, Oregon, 
California, Colorado, Montana, North Dakota, 
Wyoming, and Minnesota. Seed for all garden varie- 


Pea production In the United States, 1946-1957 averages 


State 

Harvest, 

acres 

Production, 

1 00-lb bags 

Value, 

dollars 

Dry peas* 

Washington 

157,000 

1,841,000 

8.561,000 

Idaho 

104,000 

1,248,000 

5,803,000 

Oregon 

12,000 

123,000 

571,000 

California 

11,000 

106,000 

492,000 

Colorado 

11,000 

93,000 

432,000 

Montana 

7,000 

81,000 

376,000 

North Dakota 

5,000 

58,000 

269,000 

Wyoming 

4,000 

57,000 

265,000 

Minnesota 

4,000 

42,000 

195,000 

United States 

317,000 

3,651,000 

17,077,000 

Green peasf 

Wisconsin 

127,000 

2,629,000 

11,181,000 

Washington 

62.000 

1,478,000 

6,499,000 

Oregon 

55,000 

1,108,000 

4,731,000 

Minnesota 

52,000 

969,000 

4,646,000 

New York 

24,000 

436,000 

2,065,000 

Illinois 

25,000 

564,000 

2,903,000 

Pennsylvania 

14,000 

306,000 

1,485,000 

Utah 

9,000 

244,000 

1,037,000 

Idaho 

10,000 

227,000 

1,008,000 

United States 

434,000 

9,133,000 

40,801,000 


* Commercial production, including peas grown for seed 
and cannery peas harvested dry. 

t Production for processing, including peas for freezing, 
canning, and other such uses. 


ties is grown primarily in the same areas that grow 
the dry commercial peas. Washington and Idaho 
produce more than 84% of the total seed and dry 
commercial pea crop. The two main export markets 
for dry peas are Europe and Latin America. Each 
year Latin America buys 300,000-350,000 bags? 
weighing 100 lb each. The European market i* 
somewhat sporadic, depending on the total produc- 
tion of Europe’s usually large acreage of peas. See 
Legume; Vegetable growing. [w.a.b.1 

Pea diseases. The pea plant is subject to nu- 
merous diseases caused by bacteria, fungi, nema- 
todes, and viruses. Some of these diseases can be 
controlled by seed treatments and planting of re- 
sistant varieties; for many, however, no control 
measures are available. 

Root diseases . Root rots in the northern pea 
canning areas of the United States are caused by 
Aphanomyces euteiches , Fusarium solani f. pisi, 
Pythium spp., Ascochyta pinodella , and Rhizoctoniu 
solani ; in the southern states root rots are caused 
by Sclerotium rolfsii and Phymatotrichum om- 
nivorum. These fungi probably live permanently in 
the soil and attack many crops other than peas; 
the root rots therefore constitute a major problem 
in pea production, control being almost impossible. 
Aphanomyces euteiches , the most prevalent and 
severe of the root rots, can survive i ft field soils for 
10-20 years. Present control measures are limited 
to keeping field infestation to a minimum by cul- 
tural practices and to using a special land-selection 
program to avoid fields already severely infested. 

Two wilt diseases affect peas, common wilt 
caused by Fusarium oxysporum f. pisi race 1, and 
near-wilt caused by Fusarium oxysporum f. pisi 
race 2. In both diseases, the organism becomes 
established in the soil and infects the roots of the 
pea plant. The organism grows through the water- 
conducting vessels up into the stem, thus interfering 
with the passage of water through the stems and 
into leaves. Affected plants wilt, the lower leaves 
turn yellow, and the plant dies either in the early 
stage of development or soon after flowering. Wilt 
diseases are best controlled by the use of resistant 
varieties. Both market-garden and canning varieties 
of peas resistant to common wilt are available, hut 
only a few canning varieties are resistant to near- 
wilt. 

The root knot nematode ( Heterodera marioni ) 
attacks the roots of peas, causing a reduction in 
growth and yield and often killing the plants. The 
disease is most prevalent in the southern and south- 
western United States. 

Foliage diseases. Bacterial blight ( Pseudomonas 
pisi), anthracnose (Colletotrichum pisi), Septoria 
blotch ( Septoria pisi), Mycosphaerella blight 
( Mycosphaerella pinodes), and Ascochyta leaf and 
pod spot ( Ascochyta pisi) are some of the more 
important foliage diseases other than the mildews 
and viruses. Most of these pathogens are known to 
live from one season to the next in and on seed 
and in the plant refuse left in the field from the 
previous crop. Partial control is obtained through 
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the use of clean, treated seed, crop rotation, and 
sanitary practices to reduce the plant refuse. 

Downy mildew (Peronospora pisi) and powdery 
mildew (Erysiphe polygoni) seldom become severe 
outside the pea-growing areas of the Northwest. 
There are no effective control measures for downy 
mildew, but fungicides are sometimes used for 
powdery mildew control. 

The virus diseases of peas may cause severe 
damage in some seasons. They are generally wide- 
spread, the mosaic types being the most prevalent. 
Varieties resistant to some of the viruses are avail- 
able. See Nkmatoda; Plant disease; Plant virus. 

| T.H.K.] 

Peach 

A native of China, the peach ( Primus persica ) is 
adapted to the temperate zone where winter tem- 
perature does not go below — 15°F. At and below 
this temperature the wood is killed, especially in 
the crotches of the trees. Dormant fruit buds are 
injured by temperatures of 0 to — 10°F, und the 
character of early blossoming makes the peach 
susceptible to damage from spring frost. In sub- 
tropical regions not only is the fruit of poor quality, 
but winter chilling may not be sufficient to break 
the dormant period required for some varieties (.sec 
Plant growth). For these reasons, commercial 
culture is confined to the less rigorous parts of the 
temperate zone, and to areas where nearby bodies of 
water may exert a modifying influence on climate. 
In Europe the peach is adapted to Itah. Spain, and 
southern France. Principal peach-growing areas in 
North America are (1) central California on the 
Pacific Coast, with some production n Washington. 
Oregon, Utah, and Colorado; (2) Maryland. Dela- 
ware, and southern New Jersey; (3) Georgia and 
the Carolinas; (4) Tennessee, Kentucky, and 
southern Illinois and Indiana; and (5) southern 
New England, the Niagara region of Canada, west- 
ern New York, and western Michigan. 

Propagation and cultivation. The peach is prop- 
agated by budding on peach seedlings produced 
largely from seed of the Lovell and Muir varieties, 
and to some degree, on wild forms from the Appa- 
lachian Mountains. See Budding; Seed (botany). 



trees in China (X%). ( b ) Elberta peach (nearly X *,/»). 
(From L H. Bailey , ecf.. The Standard Cyclopedia of 
Horticulture , Macmillan, 1937) 


The peach does best on a well-drained, sandy, or 
gravelly loam soil, hut it also grows on clay loams. 
Trees are planted 18- 22 ft apart. They should be 
headed (apical bud removed) at about 18-24 in. 
from the ground and trained to an open or V-shape 
form with 3-5 scaffold (main lateral) branches. 
When the tree comes into bearing, the 1-year-old 
wood (new wood) is commonly shortened back 
about a half. Since fruit is borne on 1-year-old 
branches, any cutting back serves not only to de- 
velop a compact tree but also to thin the fruit, thus 
preventing overloading and breakage of the 
branches. Blossom thinning with poles and brush 
brooms is an effective thinning practice. 

Harvesting. Fruit is harvested when it loses its 
dark green color and begins to show a faint yellow- 
ing. Principal American commercial freestone 
varieties are Dixired. Dixigem. Redhaven, Golden 
Jubilee. Halehaven, Early Elberta, Elberta, J. H. 
Hale, and Shippers Fate Red. Principal clingstone 
varieties for canning are Walton, Paloro, Peak, 
Phillips Cling, Libbce. Stanford, arid Ellis. 

Commercial peach production in the United 
States was 62,741,000 bushels in 1057, of which 
36,566,000 bushels were produced on the Pacific 
Coast, including 22,585,000 bushels of clingstone 
peaches produced in California. Returns to growers 
were $2.12 a bushel. See Fruit (botany); Fkijit 
(tree). f II.B.T.] 

Peach diseases. Brown rot, caused by Monilinia 
fructicola and M. laxa , is a destructive fungus dis- 
ease of the peach throughout the world. Blossoms, 
twigs, and fruit are infected. Major loss is from 
the decay of the fruit which is converted into a 
soggy mass unfit for human consumption. Control is 
achieved by spraying or dusting the trees at regular 
intervals with powdered sulfur or with captan, an 
organic fungicide (.see Fungistat and fungicide). 
For best results it is essential also to control the 
plum curculio. a common fruit insect, whose punc- 
tures facilitate entrance of the fungus into the fruit 
(.see Coleoptera). 

In contrast to brown rot. which requires strenuous 
efforts for its control, peach scab (CAadosporium 
rarpophilum ) , although universally present, is 
readily controlled by one or two sprays of sulfur 
shortly after the blossom petals drop. Leaf curl 
caused by Taphrina deformans , a leaf-distorting 
fungus, can be prevented by one spray, of lime 
sulfur, hordeaux mixture, or ferbam applied before 
the buds begin to swell. 

Bacterial spot, caused b> Xanthomonas pruni , 
is a serious disease of peaches in the United States, 
China, Japan, and New Zealand. The bacteria kill 
small groups of cells in the leaves, twigs, and fruit. 
Infected leaves drop prematurely and this devital- 
izes the trees mainly through reduced photosynthe- 
sis, the most serious long-time effect of the disease. 
Diseased fruit is edible, but its appearance is 
marred and its market value reduced. The bacteria 
survive the winter in small cankers formed on the 
twigs. Control is difficult because of the prolonged 
infection period. A mixture of zinc sulfate and 
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hydrated lime, applied as a spray at intervals of 
10-14 days, reduces the severity of the infection in 
most years. 

Other fungus diseases affecting peaches are rust 
( Tranzschelia discolor ), peach blight (Coryrieum 
beijerinckii) , and mildew (Sphaerotheca pannosa ). 
These diseases cause serious losses in various parts 
of the world. Rhizopus nigricans , occurring 
throughout the world, is the cause of the rapid 
decay of harvested and stored peaches. 

Among the more than 20 virus diseases known to 
affect peaches in the United States, yellows, rosette, 
phony peach, and mosaic are the most serious. The 
first two kill the trees in a few years, whereas phony 
peach and mosaic* reduce both quality and quantity 
of fruit and the trees eventually become worthless. 
See Plant virus. 

Peaches are also injuriously affected by nutrient 
deficiencies in the soil, the symptoms of which often 
resemble those resulting from disease organisms 
(see Plant, minerals essential to). Fluctuations 
in temperature during the winter, particularly in 
the southern states, frequently result in the death of 
many peach trees. See Fruit (tree) diseases; 
Plant disease control. | j.c.nu.] 

Peacock 

A pheasant of the family Phasianidae, Pavo crus - 
tat us, also called peafowl. The peacock is native to 
southeastern Asia and Java, but is widely reared in 



The white peafowl. ( Courtesy R. Van Nostrand, Na- 
tional Audubon Society) 


captivity. The adult male is about 6 ft long, 4 ft of 
which is upper tail-coverts; the true tail is of nor- 
mal size and is obscured beneath this mass of orna- 
mental feathers. Each of the covert feathers has the 
peacock eye design. Females lack the ornamental 
tail. Their natural foods are grains, seeds, reptiles, 
and insects. The white peacock is a mutant varia- 
tion of this species ; the green peacock, P. muticus , 
is a related species, not widely distributed. See 
G alliformes. [ j .d.b.] 


Peanut 

A self-pollinated, 1- to 6-seeded legume which is 
cultivated throughout the tropical and temperate 
climates of the world (see Legume). The oil, ex- 
pressed from the seed, is of high quality, and a 
large percentage of the 10,000,000-ton annual 
world production is used for this purpose. In the 
United States some 65 % goes into the cleaned and 
shelled trade, the end products of which are roasted 
or salted peanuts, peanut butter, and confections. 

Origin and description. Peanuts originated in 
Bolivia and northeastern Argentina where u large 
number of wild forms are found. The cultivated 
species. Arachis hypogaea, was grown extensively 
by Indians in pre-Columbian times. Merchant ships 
carried seed to many continents during the early 
part of ihe sixteenth century. Although grown in 
Mexico before the discovery of America, the pea- 
nut was introduced to the United States from Africa. 

Botanically, peanuts may he divided into three 
main types, Virginia, Spanish, and Valencia, based 
on branching order and pattern and the number 
of seeds per pod. The IJSDA Marketing Standards 
includes an additional type. Runner, which refers 
to the small-seeded Virginia type produced in 
Georgia and Alabama. See Seed ( rot any ) . 

The peanut’s most distinguishing characterist ic 
is its yellow, papilionaceous (resembling a butter 
fly) flowers which are borne above ground. See 
Flower (botany). Following fertilization the 
flower wilts and, after a period of 5-7 days, a 
positively geotropic (curving earthward) peg or 
ovary emerges (sec Plant movements). Pene- 
trating the soil 2 7 cm, the peg assumes a horizon- 
tal position and the pod begins to form (Fig. J). 

The pod, a 1-loculed legume, splits under pres- 
sure along a longitudinal ventral suture. Pod size 
varies from 1 by 0.5 cm to 2 by 8 cm, and seed 
weight varies from % to 5 grams. The number ol 
seed per pod usually is 2 (Virginia type), 2-3 
(Spanish), and 3-6 (Valencia). 

The plant may be upright, prostrate, or inter- 
mediate between these forms. The main stem is 



Fig. 1. A typical Virginia-type peanut. Note relation- 
ship of pod and pegs to plant. 
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usually upright and may he very short in some 
varieties. The leaves are even-pinnate with 4 obo- 
vate to elliptic leaflets. See Lf.ak (botany). Leaves 
occur alternately and have a 2:5 phyllotaxy (ar- 
rangement on stems). 

Harvesting and value. Peanuts are harvested by 
running a special wing-type plow under the plants 
(see Agricultural machinery). After wilting 
they are either stacked or allowed to cure in wind- 
rows before picking. See Agricultural soil and 

CROP PRACTICES. 

The main production areas in the United States 
extend southward from Virginia and westward to 
Oklahoma and Texas, with Georgia the largest 
producer. Total annual value of the crop amounts 
to about $160,000,000. See Agricultural science 
(im.ant). | A.P.j 

Peanut diseases. Yields o! peanut hay and f r nit 
are reduced b\ at least one-fourth because of non- 
parasitic. insect, bacterial, fungous, nematode, and 
virus-caused disorders. 

Nonparasitic . Calcium deficiency may initiate 
fruit deray. A deficiency of manganese causes 
chlorosis and necrotic spots on peanut leaves (Fig. 
2l. Mechanical injury to the seed radicle causes a 
curvature of the hypocotyl and retards foliar 
growth (Fig. 2). Radiant energy Iroin the sun 
causes heat ranker on young seedlings. .See Pi. ant, 
MINERALS I.SSKN ITA1 TO. 

Inserts. The southern corn root worm, Diabrotica 
urn/ ecirn punctata hnivunlii. acts as an inoculating 
agent for the fungi and bacteria that cause fruit 
rot. The potato leafhopper, Kmpoasra jabae , se- 
cretes a toxic substance on the leaves and causes a 
disorder known as hopperhurn. The tobacco th rip. 



Fig. 2. Nonparasitic diseases of peanut, (a) Necrotic 
areas caused by manganese deficiency, (b) Multiple 
primary roots and curled hypocotyl of a seedling with 
an injured radicle, (c) Heat canker. ( Photograph by 
L W. Boyle) 



Fig. 3. Fungus diseases of peanut, (a) Concealed 
damage of the cotyledon interfaces, (b) Blue damage 
of the seed coat and cotyledon ( photograph by 0. C. 
Norton), (c) Rust of leaf ( photograph by B. B. Higgins), 
(d) Leafspot caused by Cercospora arachidiacola (pho- 
tograph by M. McB. Miller) 

Frankliniella jnsea. causes puckered leaflets and 
retards the growth of seedlings. See Inskc.ta. 

Bacteria. Bacterial wilt, caused by Pseudomonas 
soluna rear uni , occurs in all peanut growing areas 
and occasionally causes significant losses. Several 
peanut varieties that are resistant to bacterial wilt 
have been developed in Java. 

Fungi. Species of Aspergillus , Rbizopus , Mucor , 
Diplodia , Fusarium , Pythium , Rhizoctonia , Sclero - 
//«//?, Botrytis , and Phymatotrichum either cause, 
or play an important role in. the development of 
rots of planted seed, rots of root, pegs and fruit, 
a collar rot of the hypocotyl and lower stem, con- 
cealed damage of the cotyledon interfaces, and blue 
damage discoloration of the seed coat and cotyle- 
don of harvested fruit (Fig. 3). Rust of the foliar 
parts, caused by Puccinia arachidis , occasionally 
causes serious plant damage in South America, the 
West Indies, and southern Texas. The leafspot dis- 
ease, caused by Cercospora arachidicola and Cer- 
cospora per sonata, results in premature leaf fall 
and is the most common and one of the most de- 
structive diseases wherever the crop is grown. 
Southern blight, caused by Sclerolium rolfsiU oc- 
curs in all peanut-growing areas, and occasionally 
causes severe losses. This soil-borne fungus kills 
the succulent tissues of the hypocotyl. stem, 
branches peg, and fruit. See Stem (botany ). 

Nematodes. The northern rootknot nematode, 
Meloidogvne hapla , is a common pest of the pea-, 
nut. It feeds inside the root, peg, and fruit and 
causes small galls on these parts (Fig. 4). The 
peanut rootknot nematode, MAoidogyne arenaria , 
causes large galls to form on all underground parts. 
It is known to occur in the United States and 
Africa and is far more injurious than tire northern 
rootknot nematode. The sting nematodes, Belono - 
laitnus gracilis and an unidentified species of 
Belonolairnus , are very destructive; however, they 
are known to occur only in the lighter soils of the 
United States. Sting nematodes feed on the outside 
of the peanut root. peg. and fruit and cause a re- 
duced root system and smaller fruit. The smooth- 
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Fig. 4. Nematode diseases of peanut, (a) Root in- 
fected by the peanut rootknot nematode, (b) Fruit in- 
fected by the peanut rootknot nematode, (c) Root in- 
jury caused by the feeding of the sting nematode. 

headed meadow nematode, Pratylenchus hrachyu- 
rus , feeds inside the peanut root, peg, and fruit 
and causes necrotic lesions on these parts. 

Viruses. Viruses causing either rosette, mosaic, 
ringspot, or stunt of peanut have been reported 
from all the principal peanut-producing areas. 
However, no thorough study has been made of these 
diseases, nor are their effects on yield well known, 
except that of rosette which causes severe losses 
in Africa. See Plant disease; Plant disease con- 
trol; Plant virus. [l.i.m.J 

Processing. Peanut processing begins in the 
fields where the peanuts are removed from vines by 
portable, mechanical pickers. The freshly dug 
peanut plants are windrowed in the held, and the 
peanuts, with a moisture content of 25-30%, are 
picked from the vines within 3 days. 

The total quantity of edible peanuts processed in 
the United States annually from 1950 to 1960 
averaged 1,565,700,000 lb. Of this 41 % was the 
Spanish variety, 30% Runner, and 29% Virginia. 
At the same time an average of 290,000,000 lb was 
crushed for oil, with a production of 112,000,000 lb 
of crude oil. 

The 1946-1955 average production of peanuts 
by states in millions of lb was Georgia, 586; 
Alabama, 245; Texas, 244; North Carolina, 276; 
Virginia, 209; and other states, 193. With few ex- 
ceptions processing is near centers of production. 

Both edible and oil stock peanuts are processed 
the year around. The 1951-1957 average for edible 
peanuts, reached a peak of 155,000,000 lb in No- 
vember, and a low of 45,000,000 lb in August. 
Crushing for oil over the same period reached a 
peak of 18,000,000 lb in February, and a low of 
7,000,000 lb in October. 

The average 1955-1960 distribution of edible 
peanuts by products was peanut butter, 51.2%; 


salted peanuts, 25.1%; peanut candy, 21.8%; and 
other products, 1.9%. The composition of peanuts 
of all varieties is 44^-48% oil, 25-30% protein. 
5-7% water, 2-4% carbohydrates, a good supply of 
phosphorus, calcium, and niacin, and a trace of 
iron, thiamine, and riboflavin. 

Cleaning . Peanuts from the pickers are delivered 
to warehouses for cleaning. This consists of re- 
moving sticks, stems, small rocks and faulty nuts 
by a series of screens and blowers. The operation 
reduces the bulkiness of the nuts by 10-20%. 

Storing. Cleaned peanuts are stored unshelled, 
in silos or warehouses, for continuous shelling and 
delivery to end-users; and shelled, in refrigerated 
warehouses, at 32-36 °F with 65%; relative humidity 
(r.h.). Refrigeration ensures protection against 
insects and rancidity. 

Shelling. This consists of breaking the shells by 
passing the nuts between series of rollers. The 
shells and small, immature pegs are separated by 
screens and blowers, and the discolored kernels are 
removed by hand and by electric eye. Shelling re- 
duces the weight of peanuts 30-60%, the space 
occupied 60-70%, and the shelf-life 60 75%, de 
pending upon the variety. 

Blanching . This consists of removing the skins 
(seed coats) and usually the hearts of peanuts 
prior to use in peanut butter, bakery jftoducts. con- 
fections, and salted nuts. Blanching may be done 
with heat or with water. Heat blanching consists 
of embrittling the skins by exposure to 126 145°C 
heat for 5-20 minutes, followed by rubbing the 
kernels between soft surfaces and removing the 
skins by blowers and the hearts by screens. 

In water blanching, kernels are arranged longi- 
tudinally in troughs and passed beneath spring 
fingers with blades which slit the skins from end to 
end. Skins are removed as a spiral conveyor carrier 
the kernels through a 1-minute bath of scalding 
water. The kernels are dried to 7% moisture prior 
to storage or conversion into peanut products. 

Dry roasting. Peanuts for use in peanut butter or 
bakery products are dry-roasted to develop desira- 
ble color, texture, and flavor. Unblanched peanuts 
are heated to 204°C, for 20-30 minutes, after 
which they are cooled and blanched. 

Peanut butter. Shelled, ground, parched peanuts 
were first prepared about 1890 as food for infants 
and invalids. From a kitchen operation this has be- 
come a major industry, with individual plants 
manufacturing 10,000,000 lb of peanut butter an- 
nually (Fig. 5). The product consists of blanched, 
dry-roasted peanuts, ground to a size to pass 
through a 200-mesh screen. Additives to improve 
smoothness, spreadability, and flavor include 1 
salt, 0.1V4% hydrogenated vegetable oil, 2% dex- 
trose, 2-4% corn syrup or honey. Additives to im- 
prove nutritive qualities include 185 ml/100 grams 
ascorbic acid and yeast. 

Shelled peanuts are dry-roasted in a gas-fired, 
rotary roaster at 204°C. When cooking is complete, 
the peanuts are dumped into a blower-cooler vat 
where they are brought to 30°C. The cool peanuts 
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pass through a gravilv separator which removes 
foreign material: and to a hlaneher whic h removes 
the hearts by a shaker-screen and the skins by a 
blower. After passing over the inspection table the 
nuts pass through an automatic feeder and into a 
grinder. Stabilizers are metered into the mill simul- 
taneously with the peanuts, and are thoroughly 
dispersed in the butter. The stabilized peanut but- 
ter is cooled in a votator (rotating refrigerated 
cylinder) then automatically pac ked, labele I and 
stored. 

Peanut butter contains 50 52% fat- 28 29% pro- 
tein. 2 5 % carbohydrate, and 1-2% moisture. See 
Ascokbtc acid; Yeast. 

Oil roasting. Peanuts for salting are roasted in 
coconut oil or partly hydrogenated vegetable oil at 
148. 9°C for 15 18 minutes. The end-point is based 
on change of color and is controlled electrical] > or 
manually. 

Salting . Peanuts either blanched or unblanched 
are roasted in oil and salted. Finely ground Halt 
(2-3%). and an oil-base binder, is mixed with 
freshly cooked nuts, which are then placed in 
flexible bags or canned under vacuum. 

Salting in the shell. Peanuts may be salted in the 
shell. This involves soaking in a surface-active 
agent at 60°C for 15 minutes, rinsing, submerging 
in saturated brine, and subjecting nuts to 20 in. 
vacuum two or three times for 5-minute periods, 
rinsing and drying. 

Extraction of oil . The recovery of oil from pea- 
nuts is by either of three methods — hydraulic 
pressing, expeller pressing, or solvent extraction. 
Hydraulic pressing is essentially the same as used 
for oil recovery from cottonseed. The peanuts are 
broken between rollers, and the shells are removed 


hv blowers. The meats arc crushed and heated 
under 25 lh steam pressure for 10 minutes, 
stabilized at 7% moisture, and pressed at 137.8°C. 
The vield of oil by hydraulic pressing is 41-47%, 
and the press < ake contains 42 45 % protein. 5-6% 
moisture, and 7 8% oil. 

Solvent extraction of oil from ground peanuts is 
similar to that from soybeans (see Soybean). The 
direct-solvent process was introduced in the late 
1940s, and was followed in 1950 by the prepress- 
sol ven l process, which in turn was followed in 1954 
hv the high-speed screw press. The yield of oil hy 
solvent extraction is 48-50% ; and the meal con- 
tains 50-52% protein, 1-2% oil arid 1-2%, > mois- 
ture. See Food engineering. | j.g.w.] 

Bibliography : K. H. Garren and C. Wilson, The 
Peanut , The Unpredictable Legume , 1951. 

Pear 

A fruit native to the region from the Caspian Sea 
westward into Europe, and of very old culture, be- 
ing known nearly 1000 years before the Christian 
era. It spread across Europe and was extremely 
popular in Belgium and France during the eight- 
eenth and nineteenth centuries. Early settlers in 
North America made extensive efforts to grow 
pears. The Pacific Coast was eventually proven to 
he one of the best habitats. 

Commercial types. There are four commercial 
types of pears: ( 1 ) Pyrus communis , the European 
pear, including all the old standard varieties; 
(2) Pyrus serotina , the Asian or Oriental sand 
pear, with characteristic roundish shape and long- 
keeping, gritty, poor-quality flesh; (3) hybrids be- 
tween these two species* represented by Keiffer and 
Leconte; and (4) Pyrus nivalus* the snow pear. 
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Pear, Pyrus communis, (a) Cluster of flowers. ( b ) The 
pyriform (pear-shaped) fruit of the Bartlett pear. (From 
L. H. Bailey, ed.. The Standard Cyclopedia of Horticul- 
ture, Macmillan, 1937) 

which is grown in Europe for cider or perry (a fer- 
mented liquor) . 

Propagation and cultivation. The pear i* propa- 
gated by budding onto seedlings grown from seeds 
of wild pears from Europe (French pear) and from 
such cultivated varieties as Bartlett and Winter 
Nelis (jsee Budding). Several Oriental rootstocks 
have been tried because of their resistance to the 
dread fire-blight disease. Bacillus amylovorus , but 
the fruits borne by trees propagated on these root- 
stocks are afflicted with a trouble known as black 
end, which makes them unmarketable. The pear 
may be dwarfed very successfully by propagating 
on quince roots, Cydoniu oblonga . .See Grafting 

OK PLANTS; OlllNCh. 

The pear does best in an equable climate with 
sufficient summer heat to develop good quality. 
Trees are injured by temperatures below —10 to 
— 15 4, F. but require winter cold to break the dor- 
mant period (.see Plant growth). Commercial 
production is, accordingly, confined to temperate- 
zone regions where winter cold is not too severe, as 
in California and the Pacific Northwest, or where 
large bodies of water temper the climate, as in 
western New York, western Michigan, and the Ni- 
agara Peninsula of Canada. 

Harvesting and commercial production. For 
best quality, pears are picked early and ripened off 
the tree. Such winter varieties as Doyenne du Co- 
mice, Passe Crassane, Beurre Hardy, Beurre Bose, 
and Beurre d’Anjou are held at 32°F, but must 
thereafter be ripened for several days at 60°F to 
develop high quality. 

Commercial production in the United States was 
32,005,000 bushels in 1957, of which 29,047.000 
bushels were produced on the Pacific Coast. Re- 
turns to growers were $2.01 per bushel. The Bartlett 
pear constituted 21,347,000 bushels of this produc- 
tion. Other important varieties are Doyenne du 
Comice, Beurre Hardy, Beurre Bose, Beurre d’An- 
jou Kieffer, and Seckel. The Williams Bon Chretien 
variety of Europe is the same as the Bartlett. See 


Fruit (botany); Fruit (tree); Fruit (tref.) 
diseases; Plant disease control. [h.b.t.] 

Pearl 

The term pearl is applied properly to any mollusk- 
formed calcareous concretion that displays an ori- 
ent and is lustrous. There are two major groups of 
bivalved mollusks in which gem pearls may form: 
the salt-water pearl oyster, Pinctada , of which 
there are several species; and a number of genera 
of fresh-water clams. Usually, jewelers refer to 
salt-water pearls as Oriental pearls, regardless of 
their place of discovery, and to those from fresh- 
water bivalves as fresh-water pearls. See Gem. 

Formation. Between the body mass and tht 
valves of the mollusk extends a curtainlike tissue 
called the mantle. Epithelial cells on the side of 
the mantle toward the shell perform the several 
stages of the shell-secreting process during the 
life of the mollusk. One of the stages of shell build- 
ing is the secretion of nacre, the colorful, lustrous, 
mother-of-pearl material. In order for a pearl to 
form, a tiny object such as a parasite or a grain ol 
sand must work through the mantle, earning with 
it epithelial cells. When this happens, secretion ol 
nacre around the invading object builds a pearl 
within the body of the mollusk. Whole pearls toriu 
within the body mass of the mollusk. in contrast to 
blister pearls, which form as protrusions on the 
inner surface of the shell. Edible oysters produce 
luste^less concretions, but never pearls. 

Pearls occur in a great variety of shapes. The 
term baroque is used for the common, irregularly 
shaped forms. The most common and most desir- 
able shape is the spherical or nearly spherical: 
this is the shape usually chosen for necklaces. 
Other desirable shapes include those called but- 
ton. pear. egg. and drop. Particularly desirable 
colors include cream, rose, white, black, and gold. 

Pearls are composed of many tiny overlapping 
plates of nacreous material. Nacre consists of pris- 
matic' pseudohexagonal aragonite crystals (oriented 
so that the long crystallographic axis is at right 
angles to the plane of the platelet j held together by 
conchiolin, a hornlike organic secretion. Chemical 
analyses of pearls show calcium carbonate, organic 
material, and water; the relative quantities vary 
with the species of the mollusk, the position of the 
pearl within the shell, and other factors. CaCOj 
content is usually from 90 to 92%. but may be some- 
what lower. Organic matter usually makes up from 
4 to 6 % and water from 2 to 4%. See Aragonite. 

Producing areas. The major pearl-producing re- 
gion in the world today is the Persian Gulf. From 
its pear] fisheries come most of the natural pcarN 
used for gem purposes, but recent output is only a 
fraction of that of a long period during the nine- 
teenth century through the 1920s. Since World 
War II, the sale of Oriental pearls has never re- 
gained earlier peaks. In the Persian Gulf, the im- 
portant species Pinctada margaritifera is found a 1 
depths of from about 4 to 8 fathoms on broad bank?* 
that extend for many miles into the Gulf fr° nl 
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both shores. Since pearl-producing mollusks are 
only one of many types of mollusk, fishing is a great 
gamble, and the waste of nonbearing mollusks is 
enormous. In times of demand, depletion of the 
mollusk supply is a grave problem. The supply has 
apparently never fully recovered from the deple- 
tion caused by the heavy fishing of the 1920s. Less 
important pearl sources include the coast of north- 
ern Venezuela, to the north of Australia, between 
Ceylon and India, in the Red Sea, and in the South 
Pacific. 

Many of the rivers of the central portion of the 
United States have pearl-bearing mussels. In the 
nineteenth century, several rich finds were made 
that led to rapid exploitation and virtual ex- 
haustion in those regions of the supplies of pearl 
mollusks; these were principally of the genus 
Unio. Fresh- water pearls vary in color from almost 
pure white to many that are more strongly tinted 
than the majority of the salt-water variety. 

Cultured pearl. The substitute for natural pearls, 
to which the name cultured pearl has been given, is 
usually made by inserting a large head into a mol- 
lusk to be coated with nacre. When the pearl-bear- 
ing mollusk, Pinctada martensii, reaches maturity 
at three and one-half years, the mollusks are gath- 
ered and prepared for pearl cultivation. Workers 
trained for the task cut a channel into the foot mass 
and insert a large sphere (bead), plus a small sec- 
tion of mantle tissue, with the epithelial cells next 
to the bead. Beads are prepared from large Ameri- 
can fresh-water shells. The mollusks are placed in 
cages suspended from rafts in sheltered bays and 
usually left for three and one-half to four years, ex- 
cept for periodic cleaning and inspection. The rate 
of nacre accretion in Japanese waters is only about 
0.15 millimeter annually, so that the diameter in- 
creases about 0.30 mm annually ; thus, a 7 2-mm 
cultured pearl usually has a bead center of 6.0 mm. 
More rapid nacre accumulation is encountered in 
South Seas culture stations, which are now produc- 
ing larger species of the genus Pinctada. Baroque 
fresh-water pearls have been produced without bead 
nuclei in Japan. See Peleoypoda. L p - t l -J 

Peat 

A dark brown or black residuum produced by 
the paitial decomposition and disintegration of 
mosses, sedges, trees, and other plants that grow 
in marshes and other wet places. Forest-type peat, 
when buried and subjected to geological influences 
of pressure and heat, is the natural forerunner of 
most coal. 

Peat may accumulate in depressions such as the 
coastal and tidal swamps in the Atlantic and Gulf 
Coast states, in abandoned ox-bow lakes where 
sediments transported from a distance are de- 
posited, and in depressions of glacial origin. Moor 
peat is formed in relatively elevated, poorly 
drained moss-covered areas as in parts of northern 
Europe. See Coal; Humijs. 

In the United States, where the principal use of 
peat is for soil improvement, the estimated reserve 


on an air-dried basis is 13,827,000 short tons. In 
Ireland and Sweden peat is used for domestic and 
even industrial fuel. In Germany, peat is the source 
of low-grade montan wax. [c.H.c.] 

Pebble mill 

A tumbling mill that grinds or pulverizes materials 
without contaminating them with iron (see Tum- 
bling mill). Because the pebbles have lower spe- 
cific gravity than steel balls, the capacity of a 
given size shell with pebbles is considerably lower 
than with steel balls. The lower capacity results in 
lower power consumption. The shell has a non- 
metallic lining to further prevent iron contamina- 
tion, as in pulverizing ceramics or pigments. Se- 
lected hard pieces of the material being ground 
can be used as pebbles to further prevent contami- 
nation. [r.m.vi.J 

Pecan 

A large deciduous tree ( Carya ilfinoensis ), native 
to North America, and its fruit, a true nut. In the 
United States large-scale commercial plantings 
nave been made in Florida. Georgia. Alabama. 
Mississippi, Louisiana, and Texas, with smaller 
acreages in New Mexico, Arizona, and Califor- 
nia. 

Types. There are two distinct botanical types, 
one native to the states on the Gulf of Mexico and 
to northern and central Mexico, and the other to 
the Ohio River Valley. The southern pecan must 
have long hot summers for proper maturity of 
kernels. Northern pecans require less summer heat 
and will withstand colder winters, but the nuts are 
generally smaller and have thicker shells. Some 
intermediate types are found in Texas and Okla- 
homa. A large percentage of the pecans produced 
in the world are grown in the United States, the 
southern states being the main source of supply. 
A few are also grown in the Mediterranean coun- 
tries, Australia, and South Africa. 

Pecan trees grow up to 200 ft high, with a crown 
spread of 100 ft under favorable conditions. In 
nature they usually grow close to rivers or streams 
in deep, open type soils. They withstand flooding 
well and are not easily blown over because they 



Pecan, (a) Twig with leaves and fruit, (b) Hulled nuts. 


60ft Peccary 

have a deep, sturdy root system. See Nut crop 
CULTURE. [E.F.S.] 

Processing. Pecan utilization has steadily in- 
creased from 2,200,000 lb in 1920 to 162,100,000 lb 
(79,500,000 lb shelled) in 1960. Pecans constitute 
about 10% of all domestic nuts and are seldom 
exported. Pecan processing began with the develop- 
ment of mechanical equipment for removing faulty 
nuts, sizing, cracking, separating meats and shells, 
grading of meats, drying, and packaging. Utiliza- 
tion has been increased by year-round storage at 
34° F or lower, with 65% relative humidity, in an 
odor-free atmosphere. Pecans may be stored at 25° 
or lower for 2 years or more. 

Pecans are palatable, nutritious, very high in en- 
ergy (700 calories/100 g), and almost completely 
digestable. They contain 55-75%, fat, 9-9.5%, pro- 
tein, 10-15%, carbohydrates, 2.2% filler, and 1.6% 
ash; and are a good source of vitamin A, thiamin, 
riboflavin, and phosphorus. 

Shelling reduces the weight about 60% . the vol- 
ume 50%,, and the storage life 25%,. Shelled nuts 
are more susceptible to insects, mold, staleness, and 
rancidity. However, nut meats are preferred be- 
cause of added convenience and eye appeal, and 
ease of packaging. The distribution and uses of 
pecans and pecan meats are approximately as fol- 
lows (in millions of pounds): unshelled 30, in 
bakery products 26. in confections 25, in ice cream 
15. salted 12, oil 1. 

Faulty nuts are removed by passing field-run 
pecans on a perforated conveyor belt under a 
vacuum hood to remove the light nuts. The pecans 
are then air dried at 100° F or lower to a moisture 
content of 4%, for storage or further processing. 

To prevent shattering of the meats during crack- 
ing, the nuts are conditioned by raising the mois- 
ture to 9%. This is accomplished by immersing the 
pecans in water containing 1000 parts per million 
of chlorine with a wetting agent, and allowing them 
to equalize for 12 hours. 

The nuts are cracked as they pass through a 
hopper in the processing machine. They are mo- 
mentarily positioned, then struck by a plunger 
which crushes them to about 75% of their length. 
Crackers arranged in series have a capacity of 
about 800 lbs of nuts per day. 

Shells are removed by series of shaker screens, 
which also separate the meats into mammoth, 
jumbo, large, medium, small, midget, and granule 
pieces. While moving on conveyor belts, the meats 
are further graded by electric eye and by hand. 
They are then dried to a moisture content of 3%- 
4% for further processing or storage. 

Pecans have a very desirable flavor, aroma, tex- 
ture, and appearance, and they are used to impart 
these qualities to such foods as baked goods, dairy 
products, confections, salads, desserts, fowl stuff- 
ings, puddings, souffles, meat combinations, cere- 
als. and vegetable dishes. The flavor of pecans is 
compatible with that of most foods, so that they 
may be used natural, sweetened, salted, or spiced. 
The texture is such that they may be used as halves 
or pieces of any desired size. They may be eaten 


raw or toasted. There are more than 1200 formulas 
for using pecans in prepared dishes. [j.c.w.] 

Peccary 

The wild pig or javelina of America. There are two 
living species in the genus Tayassu , family Tayas- 
suidae, in addition to several extinct forms. One 
species, the collared peccary, T. tajacu , occurs in 
central Texas, south central Arizona, and south- 
ward into Patagonia. They are distinctly piglike in 



The collared peccary, Tayassu tajacu; length 38 in. 
( From E. L. Palmer, Fieldbook of Natural History , 
McGraw-Hill, 1949) 


appearance, with short, bristly, grizzled gray and 
black hair, lighter over the front of the shoulder. 
They Jaa.\e three toes on each hind foot (pigs have 
four), and only a vestigial tail. Peccaries arc good 
sport animals and are also of some value for their 
flesh and hide. See Artiodactyla. [j.d.k. I 

Pectin 

A distinct group of polysaccharides which occur in 
the cell walls and intercellular layers of all land 
plants. They are extractable by hot water, dilute 
acid, ammonium oxalate solutions, and other rea- 
gents, are precipitated by alcohol, and are noted 
for their ability to form voluminous gels. 

Uses. The most extensive use of pectin is in prep- 
aiation of gels for different food uses. Commerc ial 
designation of pectin as jelly grade refers to the 
weight of sucrose which one unit weight of pectin 
at suitable conditions of acidity will form into a 
jelly containing 65% sugar solids. Good commer- 
cial grade pectins have jelly grades between 150 
and 300. Extensive cooling is not necessary to gel a 
high-ester pectin, whereas low-ester pectins will gel 
when cooled or when multivalent cations are added 
in small amounts at sugar concentrations much be- 
low 65%. 

The addition of calcium or alum to fresh pro- 
duce such as pickles causes a firming action at- 
tributed to the formation of rigid gels in the outer 
tissue of the substance treated. Pectins are used to 
inhibit weeping in thawed frozen fruits. Medical 
uses have been as an intestinal tract regulator and 
for intravenous treatment of shock. o-Galacturonic 
acid is prepared from pectin which in turn can be 
used to synthesize ascorbic acid (vitamin C). Fur- 
ther uses of pectin's are as clarification, thickening, 
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foam-forming, and sizing agents, and for fatty-acid 
production by suitable fermentation techniques. 
Plasticized films of pectinic acids are flexible and 
reasonably strong and can be used as oil-repellent 
containers or cratings. 

Preparation and properties. Pectins from differ- 
ent sources have somewhat different compositions, 
and some contain a few acetyl groups (beet pectins 
and some fruit pectins). The major component of 
all pectins is a polymer of D-galacturonic methyl 
ester, the methyl ester of a galacturonan. Smaller 
amounts of a polymer of L-arabinose (an araban) 
and a polymer of D-galactose (a galactan) are 
found, also. Galacturonic acid units are not fully 
esterified. Thus, where the theoretical maximum 
methoxyl content of the polymeric galacturonic 
acid, pectic acid, is 16.35%, the methoxyl content 
of high-ester pectins is less, but still above 8%. 
Low-ester pectins contain less than 7% methoxyl, 
usually 3-5%. Immature plant tissues contain wa- 
ter-insoluble pectin, termed protopectin, and as the 
tissue matures, the pectin becomes more soluble. 
The gel- forming properties of pectin are related to 
the presence of galacturonan methyl ester, actually 
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the partial methyl ester of pectic -cid. which is a 
linear molecule that has a molecular weight of 
30,000 300,000 and in which the D-galacturonic 
acid units are joined by «-(l — » 4) linkages. In the 
accompanying araban, L-arabofuranose unils are 
joined by «-(l — » 5) and a-(l — * 3) linkages, and in 
the galactan, D-galactopyranose units are joined by 
/?-( 1 — > 4) linkages. The linear nature of pectin has 
been shown by examination of its physical be- 
havior. Tough, pliable films can be prepared. X-ray 
analysis of fibers prepared from a pectin solution 
show oriented crystallite patterns. Viscosity meas- 
urements, sedimentation, diffusion, and flow bire- 
fringence also support this view. 

Methyl groups are removed slowly by acid hy- 
drolysis to leave ut intermediate stages a partially 
methylated polysaccharide, pectinic acid, wherein 
the ester groups are randomly distributed. With the 
enzyme, pectin esterase, obtained from such sources 
as roots, leaves, and fruits of all higher plants and 
also from a number of microorganisms, the ester 
groups are quickly removed. However, at inter- 
mediate stages the molecule contains both segments 
that have the full complement of ester groups and 
segments that are completely devoid of ester 
groups. Random deesterification by alkali is ac- 
companied by depolymerization and is little used. 
Pectic acid has low water solubility. Because all 
pectins have some free carboxyl groups, they are 
affected by multivalent cations such as calcium ion 
which can cross-link in salt formation between 


carboxyl groups of adjacent molecules. Depending 
on the extent of the reaction, this cross-linking can 
bring about thickening of the solution, gelation, or 
precipitation. The water for pectin manufacture 
must be demineralized to remove such cations. 
When mixed with sugar, high-ester pectins will 
form gels or jellies, and this property has found 
commercial value in preparation of jams and mar- 
malades. In the United States, most pectin is pre- 
pared from apple pomace, citrus waste, or beet 
pulp. After treating the pulp in sulfurous acid to 
destroy pectic enzymes in the fresh tissue, the mate- 
rial is washed with demineralized water (free of 
calcium and magnesium ions) and extracted with 
hot dilute acid (pH 1.0 3.5) for about 30 min. Pec- 
tin extracts are usually clarified by treatment with 
ainylolytic enzymes and decolorized with carbon 
before precipitation into alcohol or metal salt so- 
lutions, such as alum. If metal salt solutions are 
used, they must be removed by washing with acidic 
alcohol. Drying of the solid material followed by 
pulverizing yields a commercially suitable product. 
Recent use of calcium-complexing agents such as 
polyphosphate has resulted in improved extraction 
procedures. 

Water solutions of purified pectin of up to 2-3% 
concentration are easily prepared. In solution, these 
polysaccharide molecules behave as typical col- 
loids. The free acid groups of pectin can he titrated 
directly with dilute alkali solution to give titration 
curves that resemble those of monobasic acids. De- 
hydrating agents easily precipitate pectins be- 
cause they are composed of large particles which 
are essentially gel fragments. Precipitation can be 
effected in certain cases by the presence of other 
more hydrophilic colloids. Pectins are usually char- 
acterized by uronic acid content, high viscosity, and 
gel-forming ability. See Colloid; Gel; Gum; 
Polysaccharide. [k.w.ki; r.l.wh.] 

Pectinibranchia 

An order of gastropods, also called Mesogastro- 
poda. which contains many important families of 
snails. Respiration is by means of ctenidia which 



Order Mesogastropoda. (a) Orfhonema (Penn.-Perm.). 
( b ) Acanthonema (Dev.), (c) Girtyspira (Miss.-Penh.). 
( d , e) Meekospira (Ord.-Perm.). ( R . R. Shrock and 
W. H. Twenhofel, Principle! of Invertebrate Paleon- 
tology, 2d ed., McGraw-Hill, 7953) 
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are composed of several gill leaves in the mantle 
cavity. The nervous system is not concentrated, an 
operculum is usually present, and the sexes are 
separate. Various families are found in the sea, in 
fresh water, and on land. 

The family Littorinidae is of wide distribution, 
and the various species live at the high tide line, 
or. more usually, in the intertidal zone. The com- 
mon periwinkle, Littorina littorea L„ is a species in 
this family. Another important family, the Natici- 
dae, contains the moon shells, with several species 
of economic importance because they are preda- 
tory on edible species of clams. The family Gvprae- 
idae contains the cowries, many species of which 
are among the most beautifully colored of all ma- 
rine snails. Several important families occur in 
fresh water, such as Viviparidae. Pilidae. Pleuro- 
ceridae. and Thiaridue. whereas other families 
occur only on the land, for example, the Cyelo- 
phoridae and Poinatiasidae. See Gastropoda: 

PROSORR ANCTIIA. [ W. . 1 . CLENCII | 

Pectolite 

A mineral inosilicate with composition Ca^NaSi ;- 
OsfOlI). crystallizing in the triclinic svstem. Cr\s- 
taN are usually acicular in radiating aggregates. 
There is perfect cleavage parallel to the front and 
basal pinacoids yielding splintcr\ fragments elon- 
gated on the b crystal axis. The hardness is f> on 
Mohs scale, and the specific gravity is 2.75. The min- 
eral is colorless, white, or gray with a vitreous to 
silky luster. Pectolite, a secondary mineral occur- 
ring in cavities in basalt and associated with 
zeolites, prelinite. apophvllite. and calcite. is found 
in tlu* United States at Paterson, Bergen Hill, and 
Great Notch, N.J. See Silicvik minerals. 

| C. s. HI HLIU T. JR. ] 

Pedipalpi 

Formerly an order of the Araelinida which con- 
tained the principal types of whip scorpions. Those 
animals are now placed in the separate orders 
TJropygi and Amblypygi. See Amblypyci; Uropyoi. 

| W. J. IpI.RTSCH I 

Pedology 

Defined narrowly, a science that is concerned with 
the nature and arrangement of horizons in soil pro- 
files; the physical constitution and chemical com- 
position of soils; the occurrence of soils in relation 
to one another and to other elements of the environ- 
ment such as climate, natural vegetation, topog- 
raphy, and rocks; and the modes of origin of soils. 
Pedology so defined does not include soil technol- 
ogy. which is concerned with uses of soils. 

Broadly, pedology is the science of the nature, 
properties, formation, distribution, and function of 
soils, and of their response to use. management, 
and manipulation. The first definition is widely 
used in the United States and less so in other coun- 
tries. The second definition is world- wide. See 
Soil; Soil conservation; Soil mechanics. 

[r. W. SIMONSON 1 


Peening 

A metal-finishing operation, also called shot peen- 
ing, in which small steel shot is thrown against a 
piece such as a cutting tool. The impact of the shot 
on the work plastically deforms the surface to a 
depth of a few thousandths of an inch, producing 
residual compressive stress. The material is thus 
made more resistant to fatigue failure. Surface 
hardness of the material is also increased slightly 
by the cold working produced by the shot. The 
shot is hurled at high velocity upon the work hv 
centrifugal force or by an air blast. .See Machin- 
ing OPERATIONS. [A. TUTTLE | 

Pegasiformes 

The sea moths or sea dragons. The precise relation- 
ships of this order of peculiar actinopterygian 
fishes are unknown. The group is also known as 
the Hvpostomidcs. The body is encased in a broad, 
bony framework anteriorly and has bony rings 
posteriorly. Enlarged nasal bones form a rostrum 



Sea moth, Pegasus draconis. ( After D. S Jordan and 
J. O. Snyder , vol. 24, Leland Stanford University Con- 
tributions to Biology, 1901) 


that overlies the small, toothless mouth. The pre- 
opercle. pterosphenoid, opisthotic, entopterygoid. 
and rneta pterygoid are absent, and the gill cover 
has a single hone. The greatly expanded horizontal 
pectoral fin is not functional in aerial gliding. The 
pelvic fin is abdominal and consists of a spine and 
two long rays. The short, opposed dorsal and anal 
fins have no spines. There is no swim bladder. 

There is a single family, Pegasidae, with one 
genus, Pegasus , and four or five species. They live 
among vegetation on Indo-Pacific shores from East 
Africa to Japan and Australia. They rarely exceed 
4 in. in length. See Actinoptehygii. | r. m. bailey] 

Pegasus 

The Winged Horse, in astronomy, is an autumnal 
constellation. Pegasus is usually identified by the 
four bright stars situated on the coiners of » 
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large square known as the Great Square in Pega- 
sus. The constellation is represented by a winged 
horse. Markab (the Saddle), a navigational star, 
occupies the southwestern corner of the square. 
The star Alpheratz at the opposite corner is really 
in the constellation Andromeda. The star at the 
northwestern corner is a red star, known as Scheat, 
a giant irregular variable. Diagonally opposite on 
the southeastern corner of the square is Algenih. 
Enif, another navigational star, lies in the nose of 
the horse. See Constellation. Ic.s.y.] 

Pegmatite 

Generally any extremely coarse-grained, crystalline 
rock or any body composed of such rock. Pegma- 
tites are relatively small. They range widely in 
composition and commonly carry numerous rare 
minerals. They are relatively light-colored rocks, 
and most are of granitic composition (quartz plus 
feldspar), corresponding mineralogically to gran- 
ite, granodiorite, or quartz diorife. Pegmatites are 
principal sources for feldspar, mica, gemMones. 
and rare elements. Granitic pegmatites may he 
intimately associated with aplilc. See Aplite. 

Types. Gabbro pegmatite is widespread but not 
abundant. It forms small pods, pipes, lenses, 
sheets, or veins enclosed by large masses of di- 
abase, gabbro, or related rocks. 

Syenite and nepheline syenite pegmatites are 
comparatively rare. Well known aie those of the 
Kola Peninsula, U.S.S.R., which are rich in the 
rare earths, zirconium, and titanium. Similar peg- 
matites in Norway and Sweden are noted for their 
wide variety of minerals; many contain lithium, 
rubidium, cesium, cerium, lanthanum, arsenic, an- 
timony, zirconium, uranium, and thorium. 

Granitic pegmatites occur most abundant* y as 
lenticular, tabular, or irregular bodies in nieta- 
morphic rocks (schists and gneiss) and less com- 
monly within or slightly marginal to granitic bod- 
ies. Pegmatite in granite appears most abundant 
in rocks of Precambrian age. 

Shape. Pegmatite bodies range up to several 
thousand feet long and several hundred feet wide. 
Boundaries may be smooth or highly irregular, and 
contacts with adjacent rocks may be sharp or gra- 
dational. Where formed in strongly foliated or lay- 
ered rocks, pegmatities are commonly elongate 
parallel to the direction of layering. 

Composition. The mineralogical composition is 
chiefly microcline, microcline perthite, quartz, and 
sodic plagioclase with more or less muscovite and 
minor amounts of biotite, black tourmalme, or 
garnet. Many pegmatites carry considerable albite 
(variety clevelandite) and small amounts of beryl, 
lithium tourmaline, lithium mica, and spodumene 
as well as any of over a hundred rarer species. 
Beautifully formed crystals of gem quality may 
line cavities or pockets in the pegmatite mass. 

Texture and structure. One of the most charac- 
teristic features of pegmatite is the coarseness of 
grain. Feldspar and quartz crystals several feet 
long are not uncommon. Mica crystals 10 ft across, 



Fig. 1. Cross section through a zoned granite peg- 
matite. Idealized to show concentric zones, fracture 
fillings, and replacement body. 


beryl crystals twice as long, and spodumene crys- 
tals nearly 50 ft long (Black Hills, S.Dak.) have 
been found. Equally characteristic is the great vari- 
ation in grain size over short distances. 

Much quartz and microcline perthite are inter- 
grown in cuneiform fashion to produce graphic 
granite. .See Iln icons hocks. 

Zones. Zones of different minerals or textures 
give many pegmatites a banded appearance. Zones 
are loughly parallel to pegmatite margins and ap- 
pear to have formed in succession from the walls 
inward. Outermost zones are fine' grained and a 
few inches thick. Inner zones become thicker and 
coarser. Centrally located is an irregular lens- 
shaped core. Outer zones are more regular and 
continuous. Mineral associations within successive 
zones follow a definite sequence. Eleven associa- 
tions have been recognized. No pegmatite, perhaps, 
exhibits all associations, but the sequence of asso- 
ciations is always followed (Fig. 1). 

Fracture fillings. Fillings in fractures appear to 
cut across some pegmatites. These later bodies are 
composed mostly of quartz with small amounts of 
microcline, plagioclase, and mica. They range up 
to 100 ft long and 10 ft thick. Some run parallel 
to major pegmatite zones, hut most cut across one 
or more zones (see Fig. 1 ). 

Replacement bodies. These bodies are significant 
units in many pegmatites. They consist of quartz, 
albite (much as clevelandite), and muscovite in 
addition to numerous uncommon accessories. They 
appear to take the place of portions of the older 
pegmatite zones. 

Replacement bodies are abundant, widespread, 
and commonly very large (up to several hundred 
feet long and tens of feet wide). They may form 
as tabular, lenticular, podlike, veinlike, or irregular 
bodies. Many replace along one or more zones of 
the main pegmatite. Others are clearly cross-cut- 
ting bodies (Fig. 1). 

Origin. The origin of pegmatites is still unsolved. 
Many are believed to have formed from residual 
fluids of crystallizing rock melts (magmas). Crys- 
tallization of silicate minerals from a granitic 
magma enriches the residual fluid in silica, alka- 
lies, volatiles (water, chlorine, fluorine, ^tc.), and 
many rare elements (boron, phosphorus, beryllium, 
lithium). From such fluids, material to build peg- 
matites may be derived. The high water content is 
believed to reduce greatly the viscosity of the fluid, 
permitting the growth of large crystals (coarse 
texture). Pegmatitic fluids forced out of crystalliz- 
ing granitic magmas could be injected into frac- 
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Fig. 2. Cross sections through pegmatites, (a) Segre- 
gation pegmatite in biotite granite. The core of coarse- 
textured quartz and microcfine gradually passes out- 
ward to finer-grained granite. ( b ) Gabbroic pegmatite 
veins in gabbro. (c) Metamorphic pegmatite in biotite 
gneiss showing vague, irregular walls with biotite-rich 
selvedges in the gneiss. Central zone of pegmatite 
composed of quartz (clear) and potash feldspar. Mar- 
ginal zones composed of quartz, plagiodase, and bio- 
tite (black). 

tures and openings in surrounding solid rock to 
crystallize and form zoned pegmatites. 

Subsequently, fracture fillings and replacement 
bodies may form. Much of the replacing material 
may represent recrystallized earlier pegmatite min- 
erals, but some may be metasomatic and derived 
from still later fluids. 

Residual fluids not forced out of the crystallizing 
magma would be free to accumulate in pockets in 
the parent rock and solidify as segregation peg- 
matites with irregular and gradational boundaries 
(Fig. 2a). Gabbroic pegmatites commonly form 
along banded structure in gabbro (Fig. 2h). See 
Gabbro; Magma; Metasomatism. 

A commonly accepted theory supposes many 
pegmatites are of metamorphic origin, the materi- 
als being derived from the enclosing rocks and 
concentrated in zones of fracture and lower pres- 
sure (Fig. 2c). This mechanism, usually considered 
to explain various metamorphic veins, pods, and 
irregular bodies, involves transfer of material 
through solid rock, perhaps aided by inter granular 
fluids. See Metamorphic rocks; Metamorphism. 

The formation of pegmatite on a grand scale, as 
seen in the Precambrian rocks of Canada and 
Fennoscandia, may be due to regional metamor- 
phism and granitization. See Granitization. 

[C.A.CA.] 

Peking man 

One of the best-known extinct human types, known 
from remains representing about 45 individuals. 
These were recovered from a breccia-filled cave fis- 
sure at Choukoutien, southeast of Peiping, China. 
The type was named Sinanthropus pekinensis by 
D. Black on the basis of a molar tooth found in 
1927 ; the main finds were made from 1928 to 1937, 


largely under F. Weidenreich. All the material dis- 
appeared during an attempted evacuation to the 
United States at the outbreak of war in 1941. The 
cave contained a middle Pleistocene fauna indicat- 
ing a Second Interglacial date, a stone chopper 
tool culture (the Choukoutienian), fire hearths, 
hackberry seeds, and bone tools used without prior 
shaping. 



Reconstruction of a female 
Sinanthropus skull. ( After 
Weidenreich, bom M. F. 
Ashley Montagu, An in- 
troduction to Physical 
Anthropology, 2d ed., 
Charles C Thomas, 1951) 


The material indicates cannibalism rather than 
burial or accident, because it consists largely of 
teeth, jaw fragments, and skulls without faces or 
base portions. Rare parts of the postcranial skele- 
ton reveal no essential differences from modern 
man. The brain case was thick, with a massive 
basal and occipital torus structure and heavy brow 
ridges. Average cranial capacity was 1075 cm", 
lower than other human types except Java man. 
Peking man was evidently a somewhat advanced 
relative of the latter. .See Fossil man. [w.w.h.) 

Bibliography : F. Weidenreich, The skull of Sin- 
anthropus pekinensis; a comparative study on a 
primitive hominid skull, Paleontologia Sinica , no. 
127, 1943. 

Pelecaniformes 

An order of aquatic birds characterized by having 
all 4 toes joined by webs. Six living and several 
fossil families are usually recognized, including 
such groups as the tropic birds, pelicans, gannets, 
frigate birds, cormorants, and anhingas or snake 
birds. All are primarily fish eaters, but methods of 
catching prey vary from the underwater pursuit of 
the long-necked snake bird ( Anhinga anhinga ) to 
the group fish drives of several pelicans (Pete- 
canus) and cormorants (Phalacrocorax ) . Although 
chiefly found in warmer waters, both fresh and 
salt, the Pelecaniformes have representatives 
among the gannets and cormorants in both far 
northern and far southern seas. Colonial nesting is 
highly developed in this order. See Aves. [k.c.f.] 

Pelecypoda 

One of the large classes of the phylum Molluscs 
which contains the clams, oysters, and other bi- 
valves. This class is world-wide in distribution, 
found in all oceans from the upper tide line to the 
greatest depths, as well as in most rivers, lakes, 
ponds, and other bodies of fresh water. The head 
has been reduced to a simple mouth without a rad- 
ula or buccal mass, and is surrounded by labial 
palps. Feeding is accomplished by th£ gills in most 
groups; that is, the fine particles of food brought 
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Anodonta, a pelecypod, fresh-water clam, (a) Inside and R. L. Usinger, General' Zoology, 3d ed. f McGraw- 
of right valve, (b) Left side, (c) Posterior. ( T . /. Storer Hill, 1957 ) 


in through the incurrent siphon are captured by 
the mucus on the gills. By means of cilia, these par- 
ticles of food are led into food tracts and then car- 
ried to the mouth. The labial palps sort out the 
food elements and reject the sand and other un- 
wanted material. 

Morphology. In most primitive Protobranchia, 
such as Nucula , the gills do not collect the food; 
this function is performed by extensions of the la- 
bial palps which emerge from the shell and collect 
food material on the soft bottom. The food is car- 
ried in by the cilia and sorted on the palps. 

In general, the pelecypods are bilaterally sym- 
metrical animals. There are two calcareous valves 
to the shell which are produced by the right and 
left lobes of the mantle. The valves are joined dor- 
sally by a ligament, which acts as a spring, forcing 
the valves to gape. The valves are pulled together 
by one or two transverse adductor muscles which 
are attached to the inner surfaces of the valves. 

The visceral mass is mainly in the dorsal portion 
of the body and is attached to the dorsal and inner 
surface of the valves. Behind the mouth there is a 
short esophagus, a bulbous stomach, and a coiled 
intestine. The anus is posterior and opens into the 
mantle cavity near the excurrent siphon. The gills 
are suspended within the mantle cavity on each 
side of the foot. The foot is an extension of the 
visceral mass and is a muscular organ which can 
be extended beyond the ventral margin of the 
valves, used for burrowing or locomotion. In many 
groups there is a gland which produces horny 
threads, forming the byssus which is used for at- 
tachment. 

The nervous system consists of three pairs of 
ganglia which have connecting fibers. The heart is 
dorsal and in most pelecypods the intestine passes 
through it. The vascular system is incompletely 
closed. 

Shell. The shell is composed of three layers. 
The outer layer, the periostracum, consists of a 
chitinlike material which protects the calcareous 
portion of the shell from acid action. The middle 
layer is called the prismatic layer and is composed 
of calcareous crystals formed vertically or at a 


right angle to the innermost or laminated layer. 
Both the prismatic and laminated layers are pro- 
duced within a framework of conchiolin, a sub- 
stance identical with the periostracum. The ex- 
ternal areas on the bivalve shell are called the 
posterior slope, the anterior slope, and the central 
region or the disk. The dorsal margin at its highest 
point near the ligament is referred to as the umbo. 

Economic importance. Economically, the pe- 
lecypods are very important. Clams and oysters are 
a source of food for man in most portions of the 
world. In addition, they are a food source for many 
bottom-feeding fish, such as the cod, flounder, and 
haddock, which in turn are important food fish for 
man. On the negative side, the damage done by sev- 
eral species in the Teredinidae and Pholadidae to 
wooden ships, wharves, and other marine installa- 
tions, costs many hundreds of millions of dollars 
each year. Species in the Teredinidae, called pile 
worms or ship worms, are highly modified clams 
which, by means of filelike projections on the outer 
surface of the valves, drill into wooden structures. 
Various members of the Pholadidae can bore into 
wood, soft rock, and even poor grades of cement. 

Most bivalves have free-swimming larvae which 
can be dispersed over wide areas bv ocean currents. 
Many species cause considerable damage as foul- 
ing organisms when they attach themselves to 
ships, buoys, and intake tunnels in electric plants. 
Cleaning off these mollusks is an exceedingly 
costly process. 

A few pelecypods produce nacreous shells which 
are called mother-of-pearl. The most noted are in 
the family Pteriidae, the pearl oysters. Certain par- 
asites invade the mantle of these mollusks and are 
eventually covered by a nacreous secretion. These 
are later pushed out of the thin tissue of the mantle 
and remain within the free area of the mantle cav- 
ity. In this group of bivalves, the hinge area rests 
on the substrate, but in most other bivalves the 
hinge area is uppermost. As a result, the pearls re- 
main within the mantle cavity. Artificial pearl cul- 
ture has become an important industry. See Pearl. 

All of the fresh-water mussels in the family Uni- 
onidae produde nacreous shells and many species 
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are used to make pearl buttons. Occasionally pearls 
of considerable value are produced by these fresh- 
water mussels. Sec Moi.mjsca. 

| W. J. CLKNCII ] 

Pelecypoda fossils 

Pelecypods, popularly called clams, are known to 
have been distributed by late Cambrian or early 
Ordovician time. Suitable environments for their 
development were available in the warm, shallow 
seas of Middle Cambrian time, but fossil pelecy- 
pods have not been found in rock strata of that 
age. Probably these mollusks diverged from the 
limpetlike Monoplacophoruns during the Late 
Cambrian when calcification at two places in the 





Fig. 1. (a) Taxodont hinge, Ctenodonta, Middle Ordo- 

vician, Michigan ( after E. Ulrich, 1897). (b) Dysodont 
hinge, Ambonychinia, Upper Ordovician, Sweden ( after 
O. Isberg, 1934). (c) Heterodont hinge, Permophorus, 
Permian, Texas. Note presence of both cardinal and 
lateral teeth ( after N. Newell, 1957). 



Fig. 2. (a) Trigonia (schizodont hinge). Upper Creta- 

ceous, North Carolina (after L. Stephenson, 7923). (b) A 
rudist, Coralliochama, Upper Cretaceous, California (af- 
ter C. White , 7885). 


shell formed two valves that were bridged by the 
chitinous outer layer or periostracum. Differentia- 
tion was developed by Middle Ordovician time. Sep 
Monoplacophora. 

Classification. No single basis for classification 
has been agreed upon by systematists. Paleontolo- 
gists have favored various modifications of M. Neii- 
vnayr's division — based upon the hinge into fi\e 
orders: Taxodonta, Dvsodonta, Desmodonta, Palae- 
oconcha, and Heterodonta. Zoologists prefer 
P. Pelseneer’s arrangement into four orders - 
based upon the gills (soft tissues not preservuhle in 
fossils). A synthesis of present-day inconsistent 
groupings may be expected in the Treatise of In - 
vertebrate Paleontology that will perhaps elabo- 
rate H. Douville’s suggestion that dynamically there 
are three stocks, normal or free-moving forms, sed- 
entary forms, and those adapted for burrowing. 

Taxodonta. The earliest bivalves (Taxodonta) 
were smooth exteriorly, with a nacreous shell. The 
hinge (dorsal margin of contact between the 
valves) had a row of similar-shaped teeth, as in 
modern Nuculaeea, and the chitinous bridge had 
become an elastic ligament (Fig. la). 

Dvsodnnta. Next to appear, during the Ordovi- 
cian. were the Ihsodonta (ancestors of Mytilacea 
and Pleriacea). with a nearly toothless hinge and 
a ligament in grooves or pits (Fig. lb). 

Desmodonta and Pal near onrha. The ill-defined 
groups Desmodonta (borrowers) and Palaeocon- 
cha ( simple, smooth-hinged forms) were relative^ 
rare, ami all pelecypods were outnumbered b\ 
Brachiopoda. Concentration of teeth along the cen- 
ter and ends of the hinge foreshadowed develop- 
ment of true heterodont dentition b> Silurian time. 

Heterodonta. Among some Heterodonta. the ear- 
lier nac reous shell structiue gave place to rrossed- 
lamellar or porcelaneous texture. Concentric rib- 
bing developed sporadically, but radial ribbing was 
inconspicuous before Devonian lime (Fig. lr). 

Geologic record. Pelecypods were not abundant 
enough to make good stratigraphic markers until 
the Carboniferous, when they largely displaced the 
Brachiopoda. Nonmarine pelecypods also flour- 
ished, especially in the coal-forming swamps of Eu- 
rope during the Carboniferous. See Carbontff.roi>s. 

Although the Mesozoic, pelecypods were eclipsed 
by their relatives, the Cephalopoda, their evolu- 
tion continued. Most modern super families can 
be traced to Jurassic or even to Triassic origins. 
Three distinctive Mesozoic groups are (1) fnoccra- 
m ns, Jurassic to Cretaceous dysodonts with undu- 
lating concentric sculpture (Fig. 3a ) ; prisms of 
the nacreous shell are recognizable even when the 
shell is incomplete: (2) Trigonia , also Jurassic to 
Cretaceous, heterodont offshoots with divided, ser- 
rate (schizodont) hinge teeth (Fig. 2a); and 
(3) the rudists, mainly Cretaceous, aberrant het- 
erodonts with one valve conical and up to 2 ft long, 
the other smaller, flattened to somewhat convex 
(Fig. 2b). Internal structures are complex. 

A few Tertiary genera originated as early as 
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Fig. 3. (a) Inoceramus , Cretaceous, Texas (after L Ste- 
phenson, 1941). (b) Venericardia, Paleocene, Califor- 
nia. 


Cretaceous, but in most families. Late Cretaceous 
genera disappeared (sometimes suddenly), being 
replaced by new genera in the Paleocene. One 
Marly Tertiary horizon marker is Venericordia. the 
classic “finger-post of the Eocene” (Fig. Wh ) . 

Like all mollusks. pe lee y pods are sensitive to 
temperature and salinity differences. Thus, fossil 
forms are useful as indicators both of eenlogie con- 
ditions and of time. Present-da) emphasis is on as- 
semblages rather than single guide species, for 
pelecvpods tend to be wide-ranging. About 1 0,000 
species have been described. | A. \i. kill's] 

Bibliography : R. C. Moore (ed.). Treatise of In- 
vertebrate Paleontology , Pt. N (in prep.): II. W. 
Shinier and R. R. Shroek, Index Fossils of ISorth 
America , 1944. 


Pelican 

Any of 10 species of the family Pelecanidae. ^ fam- 
ily of large aquatic, fish-eating birds. The pelican 



The European white pelican, Pelecanus onocrotalus. 
(Arthur W. Ambler , National Audubon Society ) 


is characterized by a huge bill which is long, 
straight, and hooked at the tip. and opens into a 
large throat pouch. There are two species in the 
United States. The white pelican, Pelecanus eryth- 
rorhynchos , nests in North America from Great 
Slave Lake in Canada to California. It is w r hite, 
with black-tipped wings, and has a wingspread up 
to 9 ft. The much smaller hrown pelican, P . occi- 
dentalism is entirely marine, nesting on both coasts of 
the United States. See Pe lec a ni formes. 

[ j. n. black] 

Pellagra 

A disease resulting from severe deficiency of niacin, 
a member of the vitamin B complex. Skin, gastro- 
intestinal, and neurologic symptoms may occur. 
Wheat, milk, or egg proteins afford ample dietary 
requirements but corn protein mav be deficient. 
This accounts for the regional, or endemic, form 
of pellagra in areas of restricted diet. See Niacin. 

Redness, scaling, and brownish discoloration of 
the skin, particularly in areas exposed to sunlight, 
are common lesions. Marked enlargement of the 
tongue and drooling are prominent symptoms. The 
mucous membranes of the mouth, eyes, urethra, and 
vagina may show swelling and have a bright red, 
smooth appearance. Gastrointestinal symptoms 
may he vague or may take the form of severe 
nausea, vomiting, and bloody diarrhea. Early nerv- 
ous system involvement is displayed by the neuras- 
thenic syndrome characteiized by restlessness, 
anxiety, and in -omnia. Organic psychoses may fol- 
low continued deficiency and are marked by mem- 
ory loss, confusion, and a variable pattern of affec- 
tive behavior, such as depression or paranoia. 
Actual delirium, limb rigidity, and certain uncon- 
trolled reflexes maik the severe case. .See Abnor- 
mal Bl It AVIOR. 

Diagnosis may be difficult because of incom- 
pletely developed symptoms. Tn addition, pellagra 
is almost always accompanied by other vitamin B 
deficiencies of some degree. In recent years educa- 
tion and preventive medicine have largely elimi- 
nated pellagra from areas in the United States 
where it was prevalent. .Sec Vitamin. 

[e. C,. STUART I 

Pelmatozoa 

A division of the Erhinodermata comprising those 
forms which are anchored to the substrate during 
at least a part of the life history. Formerly treated 
as a formal unit of classification, with the rank of 
subphylum, pelmatozoans are now realized to be a 
heterogeneous assemblage of forms with similar 
habits but dissimilar ancestry, their common fea- 
tures having arisen by convergent evolution. Most 
pelmatozoan eehinoderms are members of the 
subphylum Crinozoa, but some echinozoans also 
exhibit a sedentary, anchored life, with modifi- 
cations for such existence. See Crinozoa; Echino- 
dermata; Eciunozoa; Eleutiikrozoa. 

[h. b. fell] 
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Pelton wheel 

An impulse type of hydraulic turbine. In the im- 
pulse turbine, pressure of the water supply is con- 
verted into velocity by a nozzle. The water jet then 



A 12-in. Pelton wheel. ( Photograph by R. L. Daugherty 
and P. Kyropoulos) 

impinges on the buckets of the turbine wheel or 
runner. In a Pelton wheel the buckets have a 
splitter in the middle to divide the water jet, and 
cause it to flow across the cupped faces of the 
buckets and emerge at the sides. The water jet 
thus imparts its kinetic energy to the buckets. 
Pelton wheels are usually operated from high-head 
sources. See Hydraulic turbine. [ k. ii. rockett 1 
Bibliography: R. L. Daugherty and A. C. Inger- 
soll. Fluid Mechanics , 5th ed., 1954. 

Pelvis 

The bony basin formed by the paired hip bones and 
the posterior sacrum and coccyx of the vertebral 
column. In childhood, each hip bone is in three sep- 
arate parts, the lateral flat ilium, the anterior pu- 
bis, and the inferior ischium. These fuse and the 
hip socket becomes firm bone. The hip bones meet 
in front at a fixed joint, the pubic symphysis. Pel- 
vic viscera include bladder, rectum, and internal 
reproductive organs. The pelvic floor consists of 
urogenital and perineal structures, muscular layers 



pubic arch 


Pelvic girdle, front view. (W. T. Foster , Anatomy, Fos- 
ter Art Service) 


surrounding and supporting its intestinal and uri- 
nogenital outlets. The female pelvis is wider and 
more shallow and broad than that of the male. Var- 
ious pelvic muscle groups act on back, abdomen, 
legs, and viscera. Similar structures are common to 
other mammals. In birds and lower vertebrates the 
pelvis may be less developed; it does not appear in 
fishes and certain reptiles. 

[e. G. STUART | 

Pelycosauria 

An order of primitive, mammal-like reptiles (sub- 
class Synapsida). They are characterized by a tem- 
poral fossa that lies low on the side of the skull. 
The group is known from rocks of the upper Car- 
boniferous and lower and middle Permian. Three 
suborders are included: Ophiacodonta, primitive, 
partially aquatic carnivores; Edaphosauria, low- 
land, terrestrial herbivores; and Sphenacodontia. 
advanced, active carnivores. Size range is from 
about 1 ft to over 20 ft in total length. The ma- 
jority inhabited lowland, deltaic environments. 
They are best known from Permian deposits in 
northern Texas. Late in the early Permian the sphe- 
nucodonts gave rise to more advanced niarnmal-like 
reptiles, the therapsids. See Synapsida; Thf.kap- 

SIDA. f I* <\ OLSON | 

Pendulum 

A rigid body mounted on a fixed horizontal axb. 
about wjiich it is free to rotate under the influence 
of gravity. The period of the motion of a pendulum 
is virtually independent of its amplitude, and de 
pends primarily on the geometry of the pendulum 
and on the local value of g , the acceleration of 
gravity. Pendulums have therefore been used as the 
control elements in clocks, or inversely as instru- 
ments to measure g. 

Pendulum motion. In the schematic representa- 
tion of a pendulum shown in the figure. O represents 
the axis, and C the center of mass. The line OC 
makes an instantaneous angle 0 with the vertical. 
In rotary motion of any rigid body about a fixed 
axis, the angular acceleration is equal to the 
torque about the axis divided by the moment of in- 
ertia ! about the axis. If m represents the mass of 
the pendulum, the force of gravity can be con- 
sidered as the weight mg acting at the center of 
mass C. Therefore, the angular acceleration a is 
determined by the relation 

— nigh sin 0 = la = / d 2 0/ dt 2 (1) 

where h is the distance OC, and t represents time. 

Schematic diagram of a 
pendulum. 0 represents 
the axis, C is the center 
of mass, P the center of 
oscillation. 
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If the amplitude of motion is small, sin 0 & 0 in 
radian measure. In this approximation, the motion 
is simple harmonic (see Harmonic motion). The 
equation 

— mghO = ld 2 0/dt 2 (2) 

has for its solution 

0 - A sin (bit - 5) (3) 

where the amplitude A and the phase 8 are arbitrary 
constants. The angular frequency is given by 

or = nigh/ 1 (4) 

The period 7\ time for a complete vibration (for 
example, from the extreme displacement right to 
the next extreme displacement right), and fre- 
quency /, number of vibrations per unit time, are 
given by 

T = l/l = 2rr o> = 2 tV77^A (5) 

The actual form of a pendulum often consists of 
a long, light bar or a cord that serves as a support 
for a small, massive bob. The idealization of this 
form into a point mass on the end of a weightless 
rod of length L is known as a simple pendulum. An 
actual pendulum is sometimes called a physical oi 
compound pendulum. In a simple pendulum, the 
lengths A and L become identical, and the moment 
of inertia / equals mL Equation (5) for the pe- 
riod becomes 

T - 2t ty/L/g (h) 


h~L/2± V(L 2 /A) - b 2 

The sum of these two values equals L , so if one 
value of A is the distance OC, then CP must repre- 
sent the other value of h that will give the same 
equivalent length. 

If some particular body with a definite value for 
b is to he mounted about an arbitrary axis to make 
a pendulum. Eq. (8) shows that L can never be less 
than 2b, and that L will have this minimum value 
(and the period T will be a maximum) if h is made 
equal to b. 

Center of percussion. The points 0 and P share 
another reciprocal property. If the body is free to 
move in the plane of the figure, instead of fixed on 
an axi«. and an impulsive force is applied to the 
body at 0, the initial motion of the body will be a 
rotation about P. For this reason P is sometimes 
called the center of percussion about 0 . 

If the motion of a pendulum is not limited to 
small amplitudes. Eq. (2) is not an adequate sub- 
stitute for the correct Eq. (1). The angular veloc- 
ity. dO/dt , can be derived as a function of dis- 
placement by multiplying both sides of Eq. (1) by 
dO 'dt , and then integrating. The result, which can 
also be obtained directly from the principle of con- 
servation of energy, is that 

idO/dt)- ■= 2(f)- (cos 0 — cos On) (9) 

where 0 { > is the maximum displacement, or ampli- 
tude of the motion. Here <«> is still the characteristic 
constant of the pendulum defined by 

(f) J - nigh/ 1 = g/L 


Because the value of g in metric unit* (about 0.8 
m/sec“) is very nearly equal to — a simple pen- 
dulum 1 meter in length has a period very close to 
2 sec; the time for a single swing from light to 
left or left to right is approximately 1 sec. 

Center of oscillation. Equation (6) can be used 
to define the equivalent length of a physical pendu- 
lum. Comparison with Eq. (5) shows that 

L = l/mh (7) 

The point P on line OC of the figure, who.* dis- 
tance from the axis 0 equals A, is called the (’enter 
of oscillation. Points 0 and P are reciprocally re- 
lated to each other in the sense that if the pendu- 
lum were suspended at P % O would be the center of 
oscillation. 

The proof of this relation follows from the paral- 
lel axis property of moments of inertia. If the mo- 
ment of inertia of the pendulum about its center of 
mass is equal to 

h - mb 2 

then / - rn(h 2 + ft 2 ) 

and, by Eq. (7) 


hL - A 2 + ft 2 (8) 

For a given value of b (the radius of gyration about 
the center of mass) and L, h is determined by Eq. 
(8) to be either of the quantities 


although the relation between o and frequency is 
no longer as simple as in the approximate Eq. (5). 

To obtain 6 as a function of time, introduce an 
angle \j/ by the relation 


sin yp = (1/A) sin (0/2) 
where k se sin (Oq /2) 

Equation (9) becomes 

d6 


i dt ~ zk 


V 2 (cos 0 — cos 0o) 
dd 


— dr 


= dr 


2V / sin 2 (0o /2) — sin 2 (0/2) 
d\f/ 


y/\ — k 2 sin 2 ^ 

If time is chosen zero when 0 is zero, 


( 10 ) 

(ID 


bit ~ F(W) (12) 

where F(A,^) is the standard elliptic integral of 
the first kind. 


W) - 


r* dz 

Vl - k % sin 2 z 


Conversely, the angle 0 can be expressed as an 
elliptic function of time: 

sin (0/2) » k sin (orf) 
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The accurate expression for the period 7\ obtained 
from Eq. (12), can be written in terms of the com- 
plete elliptic integral of the first kind, K(k ), as 

6>T = 4F(W2) - 4 K(k) (13) 

Numerical values for the ratio of the period for 
amplitude Oq to the period for infinitesimal ampli- 
tude are listed in the table. 


Ratio of the period for amplitude 0 O to the period 
for Infinitesimal amplitude 


So 

T(0q) / T(0) 

0o 

Tm/T{0) 

0 

1.0000 

100° 

1.2322 

20° 

1.0077 

120° 

1.3729 

40° 

1.0313 

140° 

1.5944 

60° 

1.0732 

160° 

2.0075 

80° 

1.1375 

180° 

00 


Pendulum types. The following paragraphs de- 
scribe the important types of gravity pendulums. 

Kater’s reversible pendulum . This type is de- 
signed to measure g, the acceleration of gravity. It 
consists of a body with two knife-edge supports on 
opposite sides of the center of mass as at O and P 
(and with at least one adjustable knife-edge). If 
the pendulum has the same period when suspended 
from either knife-edge, .then each is located at the 
center of oscillation of the other, and the distance 
between them must be L, the length of the equiva- 
lent simple pendulum. The value for g follows from 
Eq. (6) or Eq. (13). 

Ballistic pendulum. This is a device to measure 
the momentum of a bullet. The pendulum bob is a 
block of wood into which the bullet is fired. The 
bullet is stopped within the block, and its mo- 
mentum transferred to the pendulum. This mo- 
mentum is determined from the amplitude of the 
pendulum swing. See Ballistics, interior. 

Spherical pendulum. This is a simple pendulum 
mounted on a pivot, so that its motion is not con- 
fined to a plane. The bob then moves over a spheri- 
cal surface. A Foucault pendulum is a spherical 
pendulum suspended so that its plane of oscillation 
is free to rotate. Its purpose is to demonstrate the 
rotation of the earth. If such a pendulum were 
mounted at the North Pole, the rotation of the 
earth under the pendulum would make it appear to 
a terrestrial observer that the plane of the pendu- 
lum's motion rotated 360° once every day. The 
plane of motion of a Foucault pendulum set up at 
a lower latitude rotates at a reduced rate, pro- 
portional to the sine of the latitude. 

Torsional pendulum. Despite its name, a torsional 
pendulum is not a pendulum. It is an example of a 
torsional harmonic oscillator, consisting of a disk 
or other body of large moment of inertia mounted 
on one end of a torsionally flexible rod. The other 
end of the rod is held fixed. If the disk is twisted 
and released, the torsional pendulum oscillates 
harmonically. Gravitation plays no part in its mo- 
tion. For further details see Harmonic motion; 
see also Clock; Dimensional analysis; Schuler 
Pendulum. [j.m.ke.] 

Bibliography. R, A. Becker, Introduction to The - 
oretical Mechanics , 1954. 


Penetrance, gene 

The percentage of the carriers of a gene which 
manifest its phenotypic effect. For example, when 
the gene for nicked wing in Drosophila melanogas - 
ter is homozygous, only 3% of the flies will show 
this character and the gene is said to have a pene- 
trance of 3%. Nonmanifesting carriers of a gene 
are known as normal overlaps. The failure of a 
gene to manifest itself may be due to specifiable 
conditions of the environment, such as diet and 
temperature; to accidents of development such as 
developmental noise; or to interaction with other 
genes, that is, to the; genetic background. Only in 
the last case can the .degree of penetrance be in- 
fluenced by selection. In practice, genes with low 
penetrance are difficult to distinguish from the ef- 
fects of complex genetic situations. See Expres- 
sivity, gene; Gene; Genetics. ["h.gr.] 

Penguin 

Any of about 20 species of marine, flightless birds 
of the order Sphenisci formes, found in the Southern 
Hemisphere. Except for one species on the Gala- 
pagos Islands, they are confined to the extreme 
southern portion of the globe. Penguins are covered 
by a thick layer of fat and are remarkably well 
adapted for life on the Antarctic ice cap and the 
adjacent barren areas. All their toes are directed 
forward and they walk upright when on land. 
Penguins, catch fish, squid, and other animals by 
swimming underwater, using their flipperlike wings 
to propel themselves through the water rapidly. 
They are all colonial. The single egg of most spe- 



Humbolt’s penguin, Spheniscus humbolti. < Arthur W. 
Ambler, National Audebon Society) 
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cies is carried on top of the toes and incubated 
during the Antarctic winter. Penguins are of some 
value for oils and in the production of guano. See 
Spheniscikormes. f j.d.B.] 

Penicillin 

An antibiotic that is active against gram-positive 
bacteria and a few gram-negative ones. Peni- 
cillin. discovered in 1928 by Sir Alexander Flem- 
ing, was the first antibiotic to be widely and 
successfully used in the systemic therapy of acute 
bacterial infections in man. The phenomenal lack 
of toxicity to patients and the commanding thera- 
peutic effectiveness of penicillin in a wide variety 
of infections are reflected in the dominanl role it 
has held since 1940 in antibiotic therapy. In 1958 
the production of penicillin in the United States 
for medical and veterinary use was 516,000 lb with 
sales of $60,321,000; 170,000 lb per year have been 
used in animal feeds. See Antibiotic. 

Chemistry. Penicillin is. strictly speaking, not 
any one substance but is the name given, collec- 
tively, to salts of a series of organic acids ( pKa 
about 2.8) which may be considered to he /V-acy- 


lated derivatives of 6-aminopenicillanic acid (see 
table). The latter contains the /3-lactam-thiazoli- 
dine ring system common to all penicillins. Many 
varieties of penicillin have been prepared by bio- 
synthesis or by a combination of biosynthesis and 
chemical synthesis, and a few completely by chemi- 
cal synthesis. Most penicillin acids, being hydro- 
phobic, can be extracted readily into a wide vari- 
ety of organic solvents as the free acid and back 
into water as a salt. 

Most penicillins in aqueous solution are very un- 
stable below pH 5.5 or a hove pH 8.0. especially at 
temperatures over 37 W C. Phenoxymethyl penicillin, 
phenoxyethyl penicillin, and certain others are 
relatively stable in acid solution having a half- 
life at pH 3 of many hours. Dry crystalline salts 
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of all forms are fairly stable at 100 °C for many 
hours. 

Commonly used salts of penicillin are K, Na, and 
procaine. Most salts are readily soluble in water, 
low-molecular-weight alcohols, and in aqueous mix- 
tures of certain higher-molecular-weight alcohols; 
they are insoluble in ether, acetone, chloroform, and 
benzene. Salts with low water solubility, such as 
procaine salt, can be used as a slowly mobilized 
reservoir when injected intramuscularly at 3- or 4- 
day intervals. 

Assay. Penicillin is readily assayed microbio- 
logically by plate diffusion assay using Staphylo- 
coccus aureus or in broth by a turbidimetric assay. 
Higher concentrations can be chemically assayed. 
Concentrations of penicillin are expressed as in- 
ternational units, each equivalent to 0.6 /ig of pure 
benzylpenicillin. See Bioassay; Staph ylococcus. 

Antimicrobial activity. Penicillin is active 
(0.001-5 units/ml is needed to inhibit growth) in 
general against the gram-positive bacteria, includ- 
ing (except for resistant strains) most species of 
such genera as Streptococcus , Staphylococcus , 
Micrococcus , Clostridium , Horrelia , Corynebacte- 
rium and Bacillus. The genera Treponema , Neisse- 
ria , and Actinomyces are also sensitive. With a few 
notable exceptions (for example Neisseria) , peni- 
cillin has no activity or low activity against gram- 
negative bacteria, including such genera as Escher- 
ichia Aerobacter, Klebsiella , Pasteurella, Eber - 
thella , Pseudomonas , Vibrio , Brucella, Hemophilus , 
Mycobacterium ; yeasts, molds, and viruses are also 
resistant. 

Serious and widespread epidemics among sur- 
gical patients and infants in hospitals have been 
caused by penicillin-resistant penicillinase-pro- 
ducing staphylococci. The enzyme penicillinase in- 
activates penicillin. These strains are thought to be 
naturally resistant since strains with induced in 
vitro resistance do not produce penicillinase. A 
new penicillin introduced in 1960, dimethoxy- 
phenylpenicillin, shows activity against penicillin- 
resistant staphylococci. This activity is probably 
the result of its stability toward the penicillinase 
present in such resistant bacteria. See Bacteria; 
Virus; Yeast. 

Pharmacology. The outstanding pharmacologi- 
cal characteristic of penicillin is its virtual non- 
toxicity (except for occasional allergic reactions, 
which can be fatal) to man and most animals. 

Penicillin rapidly diffuses into blood after in- 
tramuscular or subcutaneous injection and is car- 
ried to nearly all tissues. Highly buffered forms 
and acid stable forms (such as phenoxy methyl pen- 
icillin) may be used for oral dosage to reduce the 
destruction by the acid in the stomach. The drug is 
rapidly excreted by the kidneys and, therefore, the 
dose must be renewed every 3-4 hours in order to 
maintain therapeutic blood levels unless some form 
of repository dosage, such as the procaine 9alt 
(dosage once in 3 or 4 days), is used. 

Therapeutic use. Dosages range from a low to- 
tal of 50,000 units for gonorrhea to 1-3 million 
units per day for 20-30 days or more for bacterial 


endocarditis. Some of the other diseases which may 
be successfully treated with penicillin are pneumo- 
coccal pneumonia, empyema, cellulitis, gas gan- 
grene, meningicoccal meningitis, syphilis, dental 
and oral infections, osteomyelitis, a wide variety of 
infected wounds (both accidental and surgical) 
when these infections are caused by penicillin- 
sensitive bacteria. Penicillin i9 not effective for 
therapy of infections caused by viruses, by resist- 
ant gram-negative bacteria, or by resistant strains 
of organisms generally penicillin-sensitive. See 
Gangrene, gas; Gonorrhea; Meningitis; Pneu- 
monia; Syphilis. 

Biosynthesis. Penicillin is made by a number 
of Penicillium and Aspergillus species. The “natu- 
ral” penicillins produced on cornsteep lactose me- 
dium by P. chrysogenum are largely K with smaller 
amounts of F, dihydro F, G, and also 6-aminopeni- 
cillanic acid. The latter does not accumulate when 
the medium is supplemented with phenylacetic 
acid, but it is acylated by the mold to benzylpeni- 
cillin, as are the “natural” penicillins under these 
conditions. The mold derives the benzyl radical 
from the phenylacetic acid and incorporates it in- 
tact into the penicillin molecule. A wide variety of 
penicillins can be produced when appropriate pre- 
cursors are added to the medium, Jor example, 
phcnoxyacetate gives penicillin V, A r -p-chlorophen- 
ylacetyl-d/-valine gives p-chlorobenzylpenicillin. 

6-Aminopenicillanic acid can be chemically acyl- 
ated Jp give desirable new penicillins not capabh? 
of being produced by the organism (for example 
a-phenoxyethylpenicilJin and dimethoxyphenyl- 
penicillin). Penicillin can also be chemically or 
microbiologically degraded and then built up to 
form new penicillins. 

In commercial production, high-producing 
strains (induced mutants) of Penicillium chryso- 
genum are used. The inoculum for tank fermenta- 
tion is started by using spores from 7-day mold 
growth on cracked corn to start a shake flask of 
cornsteep lactose medium; this flask is used di- 
rectly to start the inoculum tank stage. The inocu- 
lum tank may be used to inoculate the final fermen- 
tation tank of 5,000-20,000 gal. 

The medium for the final fermentation is com- 
posed of a nitrogen source, usually cornsteep liq- 
uor, a carbohydrate, formerly lactose but now usu- 
ally glucose or sucrose, added slowly throughout 
the fermentation at a rate which will keep the pH 
from going much above 7 or below 6.5, a precursor, 
and an antifoam. The precursor is phenylacetic 
acid, or phenylacetamide if benzylpenicillin is the 
desired product; phenoxyacetic acid if phenoxy- 
methyl penicillin is the desired product. The anti- 
foams used are fats, such as corn oil and lard oil, 
or synthetic antifoams such as the silicones. 

After inoculation of the final fermentation, it is 
aerated vigorously and mechanically agitated 
throughout the fermentation period of 100-140 
hours. The temperature is carefully controlled to 
24-25°C. The fermentation goes gradually through 
several stages: a growth stage, a penicillin produc- 
tion stage, and a final stage of reduced production* 
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Maximum titers of penicillin may reach 5,000 
units/ml or more (titers of 10,000 units/ml are 
commonly rumored but such data are closely 
guarded industrial secrets). The first stage of re- 
covery is filtration of the mycelium, followed by 
acidification to pH 1.5 and immediate extraction of 
the free acid into butyl or amyl acetate. Back ex- 
traction into an aqueous solution buffered with po- 
tassium salts may be followed by recrystallization 
from n-butanol as potassium benzyl penicillin, 
which may later be converted into the procaine 
salt. Mycelial residues containing some penicillin 
may be dried for use as animal feed materials. 
Phenoxymethylpenicillin is fermented and recov- 
ered by a method nearly identical to that just de- 
scribed. [r.e.b.] 

Bibliography: H. T. Clarke (ed.), The Chemistry 
of Penicillin , 1949; Federal Trade Commission, 
Economic Report on Antibiotics Manufacture , 
1958; A. Fleming, Penicillin , Its Practical Applica- 
tion , 1946; H. W. Florey et al.. Antibiotics , 1949; 
J. W. Foster, Chemical Activities of Fungi , 1949; 
H. S. Goldberg (ed.). Antibiotics : Their Chemistry 
and Non-Medical Uses, 1959; L. A. Underkofler 
and R. J. Hickey (eds. ), Industrial F er mentations , 
2 vols., 1954. 

Penis 

The male organ of copulation, the phallus, which 
consists basically of three elongated masses of 
erectile tissue in the human. The central corpus 
spongiosum lies below and in the groove formed by 
the paired corpora cavernosa. The urethra runs 
along the underside of the spongiosum and then 
normally rises to open at its expanded, cone-shaped 
tip, the glans penis, which fits like a cap at the end 
of the penis. Loose skin encloses the penis and also 
forms the retractable foreskin, or prepuce The or- 
gan is held firmly in place by fibrous tissue and 
ligaments that bind it to the under side of the pu- 
bic arch. Erection is by nerve stimulation that 
causes engorgement of the spiral helicine arteries 
and the plentiful venous sinuses of the organ. 

Paired penes first appear in reptiles as modifica- 
tions of the cloacal wall; turtles and crocodiles 
have a slightly erectile single organ. In most birds 
no true penis is present, although internal fertiliza- 
tion is common through cloacal deposition. Penes 
in mammals show much variation, but the essential 
features are those of the human penis. In some 
mammals, such as the dog, the organ is made more 
rigid by the presence of a penile bone, the os pri- 
api. See Copulatory organ. * [e.g.st.] 



Fig. 1. (a) Young colony of Pennatula phosphorea 

(after H. Jorgensen ). (b) Renitla amyethystina Verrill 
(after W. Kiikenthal). (c) Veretillum cynomorium. 


Pennatulacea 

An order of the subclass Alcyonaria, commonly 
called the sea pens. These animals lack stolons and 
live with their bases embedded in the soft substra- 
tum of the sea. The colony consists of a distal 
rachis bearing many polyps and a polypless proxi- 
mal peduncle, whose terminal end sometimes ex- 
pands to form a bladder. The colony of Pennatula 
looks like a feather (Fig. la), being formed of 
numerous secondary polyps which arise from leaf- 



Fig. 2. Cavern utaria habereri (preserved specimen). 
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The gastrovascular cavity of the primary polyp 
is divided into four principal canals which run 
longitudinally around the axial skeleton through a 
spongy tissue containing solenial networks (Fig. 
3). The cavity of each secondary polyp is inter- 
connected by such canal systems. The musculatures 
are strongly developed, especially in the peduncle. 
Longitudinal muscles contract the body, and circu- 
lar ones serve to force the water out of the main 
canals. In some littoral species, the polyp con- 
tracts or expands according to the tidal or diurnal 
and nocturnal rhythms. 

All Pennatulacea are dimorphic. The two kinds 
of polyps resemble those of the other orders. In ad- 
dition to the genera indicated above the order also 
includes Virgularia> Umbellula (Fig. 4), Pteroei- 
des , and others. See Alcyonakia. [k..a. ] 


Fig. 3. Cross section of Funiculina quadrangularis 
( after A. K 6 Hiker). 


Fig. 4. Umbellula encrinus 
( after D. Danielssen). 



Pennsylvanian 

An important division of late Paleozoic time, vary- 
ingly considered to rank as an independent period 
or as a main subdivision (termed epoch) of the 



Carboniferous Period. It is named Pennsylvanian 
for outcrops of coal-bearing rock formations in 
Pennsylvania. These are steeply folded in the an- 
thracite district in the northeastern part of the 
state but nearly flat-lying around Pittsburgh in the 
west. 

Most American geologists class the Pennsylva- 
nian rocks as a geologic system, whereas equiva- 
lent rocks outside of North America commonly are 
designated as Upper Carboniferous or Coal Meas- 
ures. On the whole, no other part of earth history 
is marked by such great coal making as distin- 
guishes Pennsylvanian time, but marine deposits 
occur also. See Carboniferous. [r.c.m.] 


shaped lateral expansions of the very elongated pri- 
mary axial or terminal polyp. In the other form of 
colony, the polyp9 arise directly from the primary 
one as in Cavern ularia (Fig. 2), Veretillum , and 
Renilla (Fig. 16,c). The colony has a horny un- 
branched axial skeleton comprised of pennatulin 
and some calcium carbonate and phosphate, but 
Cavernularia , including the luminous species, has a 
rudimentary one, and in Renilla it is lacking. 
Smooth, calcareous spicules in oval, rod, spindle, 
and needle shapes are found in the coenenchyme. 


Pentaerythritol 

A white crystalline compound with the formula 

CHjOH 

HOCHs— i— CH,OH 
ilHiOH 

Four methylol groups are arranged symmetrically 
around a central carbon atom. It is only slightly 
soluble in alcohols and other organic solvents but 
is moderately soluble in cold water and freely 
soluble in hot water. Pentaerythritol melts at 261- 
262° C. 
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Pentaerythritol, also called tetramethylolmeth- 
ane, is made by reaction of formaldehyde and ace- 
taldehyde in the presence of either calcium hydrox- 
ide or sodium hydroxide. During World War II, 
appreciable quantities were used to make the ex- 
plosive, pentaerythritol tetranitrate ( PETN ) ; now, 
most of it enters into the manufacture of alkyd 
resins and other coating compositions. Annual 
production of pentaerythritol in the United States 
is about 55,000,000 lb. See Alcohol; Explosion 
and explosive; Polyhydroxy alcohol. |b.w.k.J 

Pentagon 

A geometric figure formed by the five line segments, 
or sides, that join in order five ordered points, or 
vertices, of a plane. In elementary geometry it is 
supposed that the sides do not cross, and even that 
the figure bounds a convex region of the plane 
(convex pentagon). The star-shaped pentagon 
(pentagram) was used as a symbol of recognition 
by the Pythagorean brotherhood. The construction 


Regular pentagon. 


J * 


of a regular pentagon (one with all sides equal and 
each angle formed by adjacent sides 108°) de- 
pends upon the construction of an angle of 72°, 
the angle subtended at the center by each side. 
This problem was solved by Euclid (Book IV, 
Proposition X), and perhaps earlier by the Py- 
thagoreans. See Polygon; Polytopes, regular. 

[l m.bl.] 


Pentagrid converter 

A 7-element vacuum tube that combines the local 
oscillator and mixer functions of a superhetero- 
dyne radio receiver in a single tube (see Radio 
receiver). The cathode and first two grids are con- 
nected as a self-contained triode oscillator, the 
second grid acting as the triode plate. This second 
grid is operated as a screen grid at a large positive 
voltage but grounded for ac signals; therefore, the 
cathode cannot be operated at zero potential but 
must be allowed to have oscillator voltage on it. The 
first grid is the oscillator grid and it modulates 
the space current in the entire tube. The modulated 
current forms a virtual cathode beyond the second 
grid. This virtual cathode serves as the modulated 
cathode for the mixer portion of the tube which 
includes the third, or radiofrequency signal inser- 
tion, grid. As with the heptode, the fourth grid is a 
screen grid and the fifth grid functions as a sup- 
pressor. This arrangement has the advantage that 
it combines the local oscillator and mixer in one 
tube, but it has the disadvantage that bias for the 
automatic-volume-control action is more difficult to 
apply. The arrangement of electrode functions just 
described is essentially the same as for the heptode. 
See Heptode. 


In addition to the electrostatic coupling between 
the signal and oscillator circuits in mixer tubes, 
there may be an electronic reaction. With moder- 
ately large signal voltages the third grid may 
become negative enough each cycle to repel low- 
velocity electrons approaching it from the oscil- 
lator section of the tube. These electrons are re- 
pelled into the oscillator section and constitute an 
electronic loading that may change the local-oscil- 
lator frequency appreciably. 

The electronic interaction described above be- 
tween signal and oscillator circuits may be re- 
duced by using a tube with a special electrode 
structure, which prevents electrons that are re- 
flected back from entering the interaction space of 
the oscillator section. This is done by means of 
collector plates, which further increase the electro- 
static shielding between the signal and oscillator 
circuits. The resulting operating characteristics 
are appreciably superior to those of the ordinary 
tube. See Vacuum tube. , [k.r.s.] 

Pentastomida 

A class of blood-sucking, internal parasites belong- 
ing to the phylum Arthropoda. They are frequently 
referred to as the Linguatulidae. The adults vary 
from 20-130 mm in length. The class is divided into 
two orders: the Cephalobaenida, having 6-legged 
larvae; and the Porocephalida, having 4-legged 
larvae. These animals are parasitic in a wide vari- 
ety of vertebrates, chiefly in tropical regions. Over 
50 species have been described. Adults resemble 
small worms externally, but the mitelike forms of 
the larvae, with short stumpy legs, are an indica- 
tion of their relationship to the arthropods. Most 
species of the adult parasites live attached to the 
lungs and air passages of reptiles and amphibians. 
However, one species occurs in the nasal sinus of 
dogs and wolves, and another is found in the air 
sacs of gulls and terns. Their life cycle usually re- 
quires an intermediate host for the larval stage. 
Occasionally, however, complete development may 
take place in a single host. Fishes, reptiles and am- 
phibians sometimes act as intermediate hosts for 
both the larval and nymphal stages but mammals 
are the usual final hosts for these forms. In the 
adult stage, many species have a host preference. 

Pentastomids are elongate organisms. The body 
is cylindrical or flattened and nearly colorless, 
varying in length from a fraction of an inch to more 
than six inches. The short head region contains the 
mouth and 2 pairs of retractile hooks. The abdomen 
is transversely ringed, thus appearing superficially 
segmented. It is many times longer than the head, 
and contains the anal and genital pores which open 
on the ventral side. The type of hooks, the number 
of body rings, and the position of the mouth and 
pores are important for differentiation of species. 

Internal organs consist of a ladder- type nervous 
system, a straight intestine, head and hook glands 
and a reproductive system. Respiratory and circu- 
latory systems are lacking. 

These animals are dioecious in that the sexes are 
separate. The female is three times larger than the 
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Adult female pentastomid ( Armiltifer moniliformis ) in 
situ in lungs of reticulated python. 



3 mm 


Head region of a pentastomid ( Porocepha/us crota/i ) 
from lungs of rattlesnake. 

male. Fertilization is internal and the ripe eggs 
from the female ovary reach the outside by way of 
the mouth of the host. The intermediate host be- 
comes infected by taking in eggs adhering to food 
or by drinking contaminated water. Young larvae, 
released from the eggs during digestion, encyst in a 
visceral organ. Later, as nymphs, they may reach a 
final host which has fed upon the infected inter- 
mediate host. Here, in the final host, the nymphs 


migrate to the lungs, become attached by their 
hooks, and grow to maturity. 

Human infection frequently occurs in West Af- 
rica and Northern Europe, where man acts as an 
accidental intermediate host to the nymphal form. 
The liver is the most common site of infection. Seri- 
ous pathological conditions sometimes arise from 
the presence of these parasites within the human 
body. 

The following points of similarity are advanced 
as evidence to relate the pentastomids with the 
arthropods: (1) Jointed appendages are present in 
the embryo; (2) the skin is provided with stigmata 
or breathing pores; (3) the reproductive system is 
highly developed, especially in the male; (4) ec- 
dysis or molting of the skin occurs at frequent in- 
tervals in larvae and nymphs. See Arthroi»oi>a; 
Cf.phalobaenida; Porocephat.ida. [ h.r.h.1 

Bibliography : H. R. Hill, Annotated bibliogra- 
phy of the Linguatulidae, Bull. So. Calif. Arad. 
Sri., 47, 1948; L. W. Samhon, A synopsis of the 
family *Linguatulidae, J. Trap. Med. Hyg., 25, 1922; 
C. W. Stiles and A. Hassall, Key-catalogue of the 
Crustacea and Arachnoids of importance in public 
health, Hyg. Lab. Bull. 148, 1927. 

Pentlandite 

A mineral having composition ( Fe.Nit'iS*- Pent* 
landite is the major ore of nickel. It crystallizes in 
the isometric system, but crystals are rare. It is 
usually passive, showing a well-defined octahedral 
parting. The hardness is 3.5-4 (Mohs scale) and 
the specific gravity varies from 4.6 to 5.0, depend- 
ing on the ratio of iron to nickel; greater amounts 
of iron cause an increase in the specific gravity. 
The luster is metallic and the color yellowish 
bronze. Pentlandite is usually associated with pyr- 
rhotite which it closely resembles in appearance 
but the two can be distinguished by the octahedral 
parting and lack of magnetism of pentlandite. It is 
found at many localities in small amounts but its 
chief occurrence is at Sudbury, Ontario, where it is 
mined on a large scale as a nickel ore. See Nickel. 

f C.S.HU.l 

Pentode, vacuum 

A 5-electrode vacuum tube. The pentode is the 
most versatile and extensively used of all vacuum 
tubes. It is used for virtually all purposes for which 
vacuum tubes can be used. These functions include 
amplification, oscillation, mixing, pulse generation, 
and various timing, counting, and control circuits. 

Electrode arrangement. The five electrodes in 
order are the cathode, control grid, screen grid, 
suppressor grid, and plate (see Vacuum tube). 
The pentode was developed from the tetrode by 
adding the suppressor grid to eliminate the ex- 
change of secondary electrons between the screen 
grid and the plate. The suppressor grid is a coarse 
mesh grid through which the electrons from the 
cathode can readily pass to reach the plate. The 
suppressor grid is operated at cathode potential, 
causing a deep dip in the potential profile between 
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screen grid and plate and therefore inhibiting low- 
velocity secondary electrons emitted by the plate 
from reaching the screen grid. A typical set of 
potential profiles in a pentode is shown in Fig. 1. 
Both the plate and the screen grid present negative 
gradients of potential to secondary electrons 
created at their surface. This eliminates the ex- 
change of secondary electrons between screen and 
plate and results in current-voltage characteristics 
which are almost exactly those that would occur in 
a perfect screen-grid tuhe having no secondary 
emission. Further reference to Fig. 1 shows that 
the cathode, control grid, and screen grid have the 
same relative location and potential as in a triode. 
These three electrodes serve to produce a stream 
of electrons which passes on to the plate. The 
mutual conductance of pentodes is about the same 
as in triodes, but the amplification factor and dy- 
namic plate resistance arc much higher because of 
the shielding effect of two extra grids between the 
control grid and the plate. 

Electrostatic field. A held plot of lines of equal 
potential within a plane-electrode pentode is shown 
in Fig. 2. Some representative electron paths and a 
portion of a potential profile are also shown. This 
plot is for a zero control-grid potential, a high 
screen-grid potential, a zero (usual) suppressor- 
grid potential, and a low plate potential. The grid 
wires in a pentode are commonly not aligned, with 
the result that there is considerable dispersion of 
the electrons passing through the tuhe. In particu- 
lar. electrons may be deflected by the suppressor 
grid wires to such an extent that they cannot reach 
the plate. It is this effect which causes the plate 
current to go to zero as the plate voltage goes to 
zero. Secondary electrons are not shown in this 
figure because they are mostly low-velocit* elec- 
trons which will be attracted back to the sc. een or 
plate where they were created. The potential pro- 
files A and B are taken through the tube as shown. 



Fig. 1. Variation of voltage between electrodes in a 
pentode. (From K. R. Spangenberg, Vacuum Tubes, 
McGraw-Hill, 1948) 




Fig. 2. Electrostatic field and electron paths in a 
pentode. ( After Schade from K. R. Spangenberg, Vac- 
uum Tubes , McGraw-Hill , 1948 ) 


with A being midway between screen and suppres- 
sor wires, and B being closer to each of these. 

Pentode characteristics. The current-voltage 
characteristics of a pentode are uniform and sim- 
ple. The plate-current -plate-voltage characteristics 
are shown in Fig. 3 by the dashed curves. When 
the plate voltage is more than about half the screen 
voltage, the curves are practically constant, al- 
though they have a small positive slope. For low 
values of plate voltage, the plate current drops to 
zero. At zero grid voltage, the plate current is 
relatively high. As the control grid is made more 
negative, the plate current decreases. 

The solid curves in Fig. 3 are curves of total 
space current, which includes, both plate current 
and screen current. These have the same general 
shape as the plate-current curves, although the 
magnitude is naturally larger. The differences be- 
tween these two sets of curves are the screen- 
current curves shown in Fig. 4. These curves show 
that the screen current decreases as the plate volt- 
age increases. The decrease is very rapid at low 
plate voltages, because at zero plate voltage all of 
the current from the cathode goes to the screen. As 
the plate voltage is increased, the plate will collect 
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Fig. 3. Plate current-voltage characteristics of pen- 
tode. (From K. R. Spangenberg, Vacuum Tubes, 
McGraw-Hill , 1948) 



plate voltage, volts 


Fig. 4. Screen current as a function of plate voltage 
in a pentode. (From K. R. Spangenberg, Vacuum 
Tubes, McGraw-Hill , 1948) 

the major portion of the cathode current with a 
certain fraction going to the screen because of 
direct interception of electrons. The screen cur- 
rent-plate voltage curves all have about the same 
shape, with the current decreasing as the grid 
voltage becomes more negative. A final representa- 
tion of pentode characteristics is shown in Fig. 5. 
These are the transfer characteristics. 

Pentode tube coefficients. The same coefficients 
that are used for triodes are used tor pentodes. 


These include the amplification factor, the mutual 
conductance, and the dynamic plate resistance. Of 
these three factors the two most commonly quoted 
are, in order of their interest, the mutual con- 
ductance and the dynamic plate resistance. The 
amplification factor of pentodes is seldom quoted, 
because it is so high that it has virtually no signifi- 
cance. The dynamic plate resistance is also high, 
commonly of the order of megohms, which results 
in the pentode’s exhibiting the characteristics of a 
constant-current generator. The mutual conduct- 
ance of a pentode will be similar in its range of 
values to that of triodes. The significance of the 
term constant-current generator is that the output 
current of the pentbde will be essentially inde- 
pendent of the load resistance. This assumes what 
is generally true, namely that the load resistance is 
small compared to the dynamic plate resistance. 

The mutual conductance of a pentode can be 
estimated by considering that the cathode, control 
grid, and screen grid constitute a triode to which 
the triode formulas can be applied. The mutual 
conductance obtained by this means needs only to 
be reduced by a fraction corresponding to the frac- 
tion of the total current intercepted by the screen 
grid. Typical values of mutual conductance are in 
the range of !S000 20,000 micromho. Afc is the case 
with triodes, the mutual conductance varies ap- 
proximately as the cube root of the cathode current. 

The dynamic plate resistance may be estimated 
from the reciprocal of the slope of the plate-cur- 
rent-plate-voltage characteristics. It is commonly 
in the range of several hundred thousand olmis to 
several megohms. The dynamic plate resistance 
tends to vary inversely as the cube root of the 
cathode current. Because the dynamic plate re- 
sistance is so high, the amplification of a pentode 
amplifier stage can be estimated closely by simph 
taking the product of the mutual conductance and 
the load resistance. 

The amplification factor is relatively constant 
and may be estimated by considering that the 
pentode is really a combination of three triodes 
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Fig. 5. Plate current and space current as a function 
of grid voltage in a pentode. (From K. R. Spangen- 
berg, Vacuum Tubes, McGraw-Hill , 1948) 



found by taking the three possible combinations of 
three adjacent electrodes. The over-all amplifica- 
tion factor will be the product of the amplification 
factors of these three hypothetical triodes. 

Plate-current cutoff. Pentodes may be classified 
according to their plate-current grid-voltage char- 
acteristics. 

Sharp cutoff pentode . The so-called sharp-cutoff 
pentode is the more common form used for ordinary 
amplifier circuits. The control grid of this tube has 
a uniform geometrical form over the entire length 
of the cathode. In a tube with such a grid, the plate- 
current control-grid voltage characteristic, as 
show T n in Fig. 5, comes sharply to zero as the grid 
voltage is made more negative. This is the reason 
for the designation of this type of tube. The sharp- 
ness of the cutoff is of course a relative matter; 
that shown in Fig. 5 is relatively sharp as compared 
to the type to be described next. 

Remote-cutoff pentode. Another type of pentode 
commonly used is the so called remote-cutoff pen- 
tode. This is also referred to as the variable-mu 
(/*) pentode. In this type of pentode the control- 
grid structure is not uniform over the entire length 
of the cathode. At one end the grid is constructed 
so that the amplification factor p is relati\elv 
low. and the structure is then tapered to the other 
end where it is such that the amplification factor is 
relatively high. This can be done most simply by 
using a helical grid whose pitch decreases pro- 
gressively from one end to the other, so that at one 
end the spacing between wires is large, giving rise 
to a low /lu whereas at the other end it is small, 
giving rise to a high /x. With such .» tube the current 
is cut off gradually as the control grid is made 
more negative. This happens because the high-/*, 
end of the grid cuts off first, as the conti ol-grid 
voltage is made more negative, and then gradually 
the entire grid cuts off more and more until the 
current is finally reduced to zero. 

The structure described makes it possible to 
change the amplification of a pentode stage bv 
changing the grid voltage. This characteristic is 
caused by the gradual change in mutual I'mduet- 
ance with grid voltage over a large range oi grid 
voltage. This tube is useful in automatic gain-con- 
trol circuits. In these circuits a voltage is developed 
proportional to the signal strength and is fed hack 
to the grids of some pentodes of the remote-cutoff 
or variable-mu type in such a direction as to keep 
the output constant. It is also a consequence of this 
type of operation that the distortion, or intermodu- 
lation, between two signals is reduced. TMs results 
because the current characteristics of the pentode 
do not exhibit sharp curves or corners but have 
more gradual transitions, a characteristic that con- 
tributes to reduced distortion and intermodulation. 

[K.R.S.] 

Penumbra 

That portion of a shadow illuminated by only part 
of a radiating source. A penumbra exists only when 
the radiating source, usually a light source, has 
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an appreciable angular size. With a point source, 
the transition from light to dark at the edge of a 
shadow is abrupt. This is not so, however, with an 
extended source, where the opaque object forming 
the shadow may block off the radiation from only a 
part of the bright surface of the source. Depending 
on what fraction of this surface is exposed, the 
illumination in the penumbra varies from zero at 
the edge of the full shadow to the maximum where 
the entire source is exposed. See Shadow; see also 
Eclipse, astronomicat ; Umbra. [f.a.j.J 

Pepper 

The common garden pepper ( Capsicum annuum), 
a warm-season perennial of American origin which 
belongs to the plant order Tubiflorales. This species 
includes all the peppers grown in the United Slates 
with the exception of the variety Tabasco (C. fru- 
tescens). Other species, C. puhescens and C. pen- 
dulum , are grown principally in South America. 
None are related to Piper nigrum , the woody plant 
from which black and white pepper are obtained. 

Sweet, or nonpungent peppers, generally picked 
when immature, are commonly cooked or eaten 
raw in salads. Popular varieties are California 
Wonder and Yolo Wonder. Perfection is the most 
popular pimento variety grown for canning. 

Hot or pungent peppers are most often harvested 
when rinc and ground into powder for seasoning, 
although some are canned. The pungent compound, 
capsaicin, is concentrated mainly in the placental 
or seed tissue. Popular varieties are Anaheim, 
Cayenne, and Chili. 

Propagation is by seed with plants started in 
greenhouses or outdoor beds and transplanted to 
the field after 6-10 weeks. Field spacing varies; 
plants 18-24 in. apart in 30 36-in. rows are. com- 
mon. Pong warm seasons favor high yields and 
quality; however, high temperatures (above 90°F) 
and low humidity inhibit normal fruit set. 

Harvesting of green sweet peppers begins when . 
the fruit are near full-size but before they become 
mature and turn red or yellow, usually 60-80 days 
after field planting. Hot peppers are picked fully 
ripe for drying, generally 70-90 days after field 
planting. Florida, Georgia, and New Jersey are im- 
portant sweet-pepper producing states. The total 
annual farm value in the United States is approxi- 
mately $22,000,000. See Paprika; Pimento; Tubi* 

FLORALES; VEGETABLE GROWING. [h.J.O.] 

Pepper (black) 

One of the oldest and most important of the spices. 
It is the dried, unripe fruit of a weak climbing 
vine. Piper nigrum , a member of the pepper family 
(Piperace&e), and a native of India or Indoma- 
laysia. The fruits are small one-seeded berries 
which, in ripening, undergo a color change from 
green to red to yellow. When in the red stage, they 
are picked, sorted, and dried. The dry, wrinkled 
berries (peppercorns) are ground to make the 
familiar black pepper of commerce. White pepper 
is obtained by grinding the seed separately from 
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Pepper ( Piper nigrum). ( American Spice Trade Assoc.) 
the surrounding pulp. See Piperales; Spice and 

FLAVORING. [p.D.S.] 

Peppermint 

This plant, Mentha piperita , is an important aro- 
matic herb cultivated in Europe and America. The 
crop is harvested much as hay is. The dried herbage 
is hauled to distilleries to remove the peppermint 
oil by distillation. The leaves are used for flavoring 
and also brewed to make tea, but the oil is of great- 



Peppermint (Mentha piperita). ( USDA ) 


est importance. This is used to flavor candy, gum, 
and various pharmaceuticals. It is also used as both 
an externa] and internal medicine, in soaps, and 
in perfumes. Menthol, derived from the oil of 
M . arvensis , is a useful antiseptic and is often 
found in remedies for colds. See Tubiflorales; see 
also Spice and flavoring. [p.d.s.] 

Pepsin 

An enzyme and a constituent of gastric juice, where 
its function is to aid in protein digestion (see En- 
zyme). It occurs as an inactive material called 
pepsinogen or pepsin precursor. Pepsinogen is ac- 
tivated by hydrochloric acid, found naturally in the 
stomach, or by activated pepsin. Thus the reaction 
is a self-promoting one. See Protein metabolism. 

Pepsin is prepared commercially by extraction 
from the glandular layer of fresh hog stomach. It 
is standardized by its activity in digesting coagu- 
lated egg white at 52° F where it should handle 
3000 times its own weight in 2.5 hours. 

Pepsin is part of the crude preparation known 
as rennet. It is used extensively in the dairy indus- 
try in the manufacture of cheese. Milk must be 
curdled as the first step in cheese manufacture. 
Pepsin attacks both native or natural proteins and 
denatured proteins. See Cheese; Food engineer- 
ing; Rennin. # [r.e.m.J 

Bibliography : J. B. Neilands and P. R. Stuvnpf, 
Outlines in Enzyme Chemistry , 1955; J. B. Sumner 
and G. F. Somers, Chemistry and Methods of En- 
zymes , 38 ed., 1953. 

Peptic ulcer 

A sharply defined ulceration of the upper gastro- 
intesinal tract, characterized by loss of the mucous 
lining and variable penetration into or through the 
organ wall. The exact causes are obscure but emo- 
tional tension and certain psychological patterns 
are frequently present in affected individuals. 

The lesser curvature of the stomach and the first 
few inches of the duodenum are the common sites; 
the lower esophagus and other areas are sometimes 
involved. In most cases the lesion is single and 
varies in size from a small point to 1 in. or more in 
diameter. The loss of the mucosa, ordinarily 
covered by a mucous secretion, lays bare the mus- 
culomembranous wall. The crater formed is covered 
with an exudate lying over the raw tissue, except in 
chronic ulcers where the pit consists largely of scar 
tissue. 

Most ulcer patients show an increased acidity of 
the stomach or an abnormal production of acid dur- 
ing times when the stomach is usually quiescent, 
as at night. Both the action of the acid on raw 
surfaces and the resulting muscular spasms are 
thought to be associated with the typical ulcer 
pain. This pain follows a pattern in most cases, re- 
lated to the digestive cycle. It appears late at night 
and may be relieved by food intake or antacids. The 
pain commonly occurs in a specific area and may 
be precipitated by certain foods or beverages, as 



well as fatigue, infections, and stress. Scarring, 
constriction, perforation, and hemorrhage are com- 
mon complications. Acute, subacute, and chronic 
forms of ulcer exist. In some cases, particularly 
with ulcers of the chronic type, there may be an as- 
sociation with carcinomatous changes that occur at 
the base of the ulcer. Other symptoms run the 
gamut of gastrointestinal complaints. See Oncol- 
ogy. [e.g.st.] 

Peptide 

A low-molecular- weight compound made up of two 
or more amino acids joined in amide linkage. In al- 
most all naturally occurring peptides the linkage is 
between the a-carboxyl group of one amino acid 
and the a-amino group of the next : 

Ri R 2 

NHiCHCOOH + NH 2 CHCOOH 

Ri R2 

nh 2 chco— nhchcooh 


The peptide is named according to the sequence 
of amino acid residues in it, beginning with the 
residue bearing a free a-amino group and moving 
toward the residue bearing a free a-carboxyl group. 
If in the figure above, for example, R t = H and 
R 2 = CH 3 , the peptide would be named glycyla- 
lanine. All the residues prior to the terminal one 
are named as acyl substituents, for example, tyro- 
sylvalylglycylalanine, and the optical configuration 
of each residue is included when known, for exam- 
ple, L-tyrosyl-D-valylglycyl-L-alanine. Dibasic and 
dicarboxylic amino acids are not limited to the for- 
mation of peptide linkages of the alpha variety. 
For example, glutamic acid can form y-pcptide link- 
ages, and one of the common naturally occurring 
peptides, glutathione, contains such a linkage, ex- 
ceptional in natural products: 


SH 

ch 2 

:o— nhAhco-nhcHjCooh 


co 

I 

CH, 

£h, 


HNH, 

OOH 


Synthesis. Most methods for peptide synthesis 
involve the activation of the carboxyl group so that 
the carboxyl carbon atom can, in a subsequent step, 
react with a free amino group. Acyl halides, azide9 
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and anhydrides are among the active forms that 
have been employed. 

A key problem is that of “masking” the free 
amino group of the amino acid intended for the 
N-terminal position so that it will not be altered 
during activation nor react in the subsequent con- 
jugation step. M. Bergmann and L. Zervas in 1932 
introduced the use of carbobenzoxychloride (ben- 
zyloxycarbonylchloride) as a masking reagent. This 
widely utilized method is particularly suitable 
since it does not lead to racemization and because 
the carbobenzoxy group as easily removed from the 
peptide by hydrogenolysis under mild conditions. 
Phthaloylamino acids have also been useful as 
acylating agents. Here the phthaloy] group is read- 
ily removed by treatment with hydrazine. 

When the peptide is to contain residues of amino 
acids bearing reactive groups on the side chains, 
such us cysteine, arginine, and aspartic acid, the 
problem of preventing side reactions becomes in- 
creasingly difficult. The successful, synthesis of oxy- 
tocin and of vasopressin, octapeptide hormones of 
the posterior pituitary gland, was an example of 
inventiveness in solving special problems of peptide 
synthesis and helped win the 1957 Nobel Prize in 
Chemistry for V. du Vigneaud. 

Peptides in nature. Glutathione, shown pre- 
viously, is found in rather high concentration in 
most plants and animals but its function is not 
known. Carnosine (/J-alanyl-L-histidine) and an- 
serine (j3-alanyl-l-methyl-L-histidine) have long 
been known to be present in muscle cells of verte- 
brates, but again their physiological role remains 
obscure. 

The roster of peptide hormones is a rapidly 
growing one and the following listing shows only 
those for which a complete sequence has been 
deduced with the number of amino acid residues 
indicated in parentheses: oxytocin (8), vasopres- 
sin (8), hypertensin (8), melanocyte-stimulating 
hormone (18), glucagon (29), adrenocorticotropic 
hormone (39). See Hormone. 

Many of the antibiotic substances produced by 
microorganisms are peptide in nature and, interest- 
ingly, many contain amino acids of the unnatural 
or d configuration. Gramicidin S, elaborated by 
Bacillus brevis , has been shown to be a cyclic 
decapeptide containing two residues each of L- 
ornithine, L-valine, L-leucine, L-proline * and d- 
phenylalanine. The tyrocidins, the polymyxins, 
subtilin and bacitracin are further examples of 
antibiotic peptides. See Amino acids. 

The capsular material of several microorganisms 
includes a poly glutamic acid in which the pre- 
dominant linkage has been found to be of the 
gamma variety. See Antibiotic; Protein. [d.st.] 



